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“Electrical Power System” has been written primarily for the undergraduate students in
Electrical Engineering. The book covers conventional topics like the basics of power systems,
line constant calculations, performance of lines, corona, mechanical design of overhead lines
etc., and the more advanced topics like load flows studies, economic load dispatch, optimal
power flows, state estimation in power systems etc. The book covers a very wide spectrum of
electrical power system studies which is normally not available in one single book. The book is
so comprehensibly written that at least five to six courses on power systems can be designed.

It has been the constant endeavour of the author to understand the difficulties of his
students in the classroom and accordingly prepare the lecture notes after consulting various
journals and books on electrical power systems. The present book is an outcome of these notes
and some research work the author carried out.

Chapters 1 to 9 deal into the electrical and mechanical design of overhead and
underground transmission networks. The analysis and performance of the system in terms of
line constant calculations, efficiency and regulations, corona loss and interference of power
lines with communication networks have been studied. A chapter on mechanical design of
lines gives in a nutshell all the important aspects of erection of overhead lines. Chapter 5 on
HVDC transmission discusses combined characteristics of rectifiers and inverters. Various
controls like constant ignition angle, constant extinction angle, and constant currents have
been discussed. Advantages and disadvantages of HVDC vs HVAC have been explained. Also,
the role of HVDC link in improving system stability has been discussed.

Chapter 10 is devoted to the study of voltage-reactive power problems on transmission
lines.

Chapter 11 defines an effectively grounded system, discusses and compares various
systems of neutral grounding.

Chapter 12 describes transients in power systems. Travelling waves on transmission
lines, capacitance switching and lightning phenomenon have been discussed.

Chapter 13 discusses calculation of symmetrical and asymmetrical fault conditions on
the system, concept of infinite bus and short circuit capacity of a bus.

Electric Power System is the most capital intensive and the most complex system ever
developed by man. Not only that the system should be operated most effectively and efficiently,
any abnormality in the operation of the system must be detected fast and reliable operation of
the protective system must be ascertained. Protective relays is the subject of Chapter 14 of the
book wherein various types of relays from conventional electromechanical relays to digital
protective relays have been discussed.
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Chapter 15 presents material on the conventional circuit breakers like air break C.B.,
oil C.B., airblast C.B. etc., and the more advanced ones like the vacuum C.B. and SF6 circuit
breakers.

With the higher and higher operating voltages the impulse insulation levels of the system
are increasing. Chapter 16 is devoted to the insulation problems of the system and the solutions
in terms of coordinating the insulation levels economically of various equipments on the system
have been discussed.

Chapter 17 deals into power system synchronous stability for a single machine connected
to an infinite bus and multi-machine systems. Various techniques have been explained using
algorithms and flow charts.

With the advent of digital computers and modern methods of network solution, it has
now been possible to analyse the present day large interconnected systems with greater accuracy
and short computational effort. Various techniques of load flow solutions of large networks
have been discussed and explained using flow charts in Chapter 18. Various techniques have
been compared in terms of their complexities and computational efforts.

With the advancement in technology of generation and load dispatching it has been
possible to maintain the cost of electrical energy almost same even though the cost of fuel and
other components have multiplied over the years. Chapter 19 on economic load dispatching
discusses some of the classical techniques which even today are being used by the electric
utilities. The techniques have been explained with the help of flow charts, algorithms and
suitable examples.

Chapter 20 deals into the load frequency control or automatic generation control problems
of the system.

The economics of a.c. power transmission has always forced the planning engineers to
transmit as much power as possible through existing transmission lines. The need for higher
index of reliability, the availability of hydro-power over long distances from the load centres,
the difficulty of acquiring right-of-way for new transmission lines (the so-called corridor crisis)
and the increased pressure to maximise the utilisation of both new and existing lines has
helped to motivate the development and application of compensation system. Chapter 21 on
compensation in power system discusses elaborately both the series and shunt compensation
of overhead lines. The concept of FACTS (Flexible A.C. Transmission Systems) has also been
introduced.

The voltage stability also known as load stability is now a major concern in planning
and operation of electric power system. Chapter 22 on power system voltage stability discusses
various factors which lead to this problem and methods to improve the voltage stability of the
system.

State estimation is the process of determining a set of values by making use of the
measurements made from the system and since the measurements may not be precise due to
inherent errors associated with measuring devices, statistical methods have been discussed in
Chapter 23, using the line power flows and maximum likelihood criterion have been discussed
in detail with a number of solved problems. Techniques to detect and identify bad data during
measurements have also been discussed.
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Unit commitment is a way out to suggest just sufficient number of generating units
with sufficient generating capacity to meet a given load demand economically with sufficient
reserve capacity to meet any abnormal operating conditions. This aspect has been nicely dealt
with suitable examples in Chapter 24.

Chapter 25 deals into economic scheduling of hydro-thermal plants and optimal power
flows including the multi-objective optimal power flows.

Appendix A on formulation of bus impedance matrix is given which is very useful for the
analysis of the system, especially for short circuit studies. Power transmission and synchronous
machines as power systems elements have been discussed in Appendices B and C respectively.

A suitable number of problems have been solved to help understand the relevant theory.
At the end of each chapter unsolved problems with their answers have been suggested for
further practice. At the end, a large number of multiple choice questions have been added to
help the reader to test himself. An extensive bibliography will help the reader to locate detailed
information on various topics of his interest.

Any constructive suggestions for the improvement of the book will be gratefully
acknowledged.

Last but not the least, I wish to express my gratitude to my wife Usha, daughter Meenu
and son Sandeep for their patience and encouragement during the preparation of the book.

C.L. WADHWA
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The three basic elements of electrical engineering are resistor, inductor and capacitor. The
resistor consumes ohmic or dissipative energy whereas the inductor and capacitor store in the
positive half cycle and give away in the negative half cycle of supply the magnetic field and
electric field energies respectively. The ohmic form of energy is dissipated into heat whenever
a current flows in a resistive medium. If I is the current flowing for a period of t seconds
through a resistance of R ohms, the heat dissipated will be I 2Rt watt sec. In case of an inductor
the energy is stored in the form of magnetic field. For a coil of L henries and a current of I

amperes flowing, the energy stored is given by 1
2 LI 2. The energy is stored between the metallic

plates of the capacitor in the form of electric field and is given by 1
2 CV 2, where C is the

capacitance and V is the voltage across the plates.

We shall start with power transmission using 1-φ circuits and assume in all our analysis
that the source is a perfect sinusoidal with fundamental frequency component only.

	
	 ������������������������

Let us consider an inductive circuit and let the instantaneous voltage be
v = Vm sin ωt (1.1)

Then the current will be i = Im sin (ωt – φ), where φ is the angle by which the current lags
the voltage (Fig. 1.1).

The instantaneous power is given by

 p = vi = Vm sin ωt . Im sin (ωt – φ)

= VmIm sin ωt sin (ωt – φ) (1.2)

= 
V Im m

2
 [cos φ – cos (2ωt – φ)]

�
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The value of p is positive when both v and i are either positive or negative and represents
the rate at which the energy is being consumed by the load. In this case the current flows in
the direction of voltage drop. On the other hand power is negative when the current flows in
the direction of voltage rise which means that the energy is being transferred from the load
into the network to which it is connected. If the circuit is purely reactive the voltage and
current will be 90° out of phase and hence the power will have equal positive and negative half
cycles and the average value will be zero. From equation (1.2) the power pulsates around the
average power at double the supply frequency.

�

p

v

i

IVII I cosI �IVII I cosI �

���
�	
	���������������������� �!���"��#"����� $�#���"���"�%

Equation (1.2) can be rewritten as

 p = VI cos φ (1 – cos 2ωt) – VI sin φ sin 2ωt (1.3)

I  II

We have decomposed the instantaneous power into two components (Fig. 1.2).

I

II

p

V sin �I

p = V cosI �p = V cos �I

���
�	
�����"&��������"&������������ �!���"����#"����� $�#���"���"�%

(i) The component P marked I pulsates around the same average power VI cos φ but
never goes negative as the factor (1 – cos 2ωt) can at the most become zero but it will never go
negative. We define this average power as the real power P which physically means the useful
power being transmitted.
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(ii) The component marked II contains the term sin φ which is negative for capacitive
circuit and is positive for inductive circuit. This component pulsates and has zero as its aver-
age value. This component is known as  reactive power as it travels back and forth on the line
without doing any useful work.

Equation (1.3) is rewritten as
p = P(1 – cos 2ωt) – Q sin 2ωt (1.4)

Both P and Q have the same dimensions of watts but to emphasise the fact that Q
represents a nonactive power, it is measured in terms of voltamperes reactive i.e., V Ar.

The term Q requires more attention because of the interesting property of sin φ which is
– ve for capacitive circuits and is +ve for inductive circuits. This means a capacitor is a generator
of positive reactive V Ar, a concept which is usually adopted by power system engineers. So it
is better to consider a capacitor supplying a lagging current rather than taking a leading
current (Fig. 1.3).

VV

+

–

C

I leads V by 90°

VV

+

–

C

I lags V by 90°

���
�	
���*)������"��#�"������ ��"���%

Consider a circuit in which an inductive load is shunted by a capacitor. If Q is the total
reactive power requirement of the load and Q′ is the reactive power that the capacitor can
generate, the net reactive power to be transmitted over the line will be (Q – Q′). This is the
basic concept of synchronous phase modifiers for controlling the voltage of the system. The
phase modifier controls the flow of reactive power by suitable excitation and hence the voltage
is controlled. The phase modifier is basically a synchronous machine working as a capacitor
when overexcited and as an inductor when underexcited.

It is interesting to consider the case when a capacitor and an inductor of the same
reactive power requirement are connected in parallel (Fig. 1.4).

VV

IC IL

IL

IC

V

���
�	
����!���+��!�"��
*(��"���"�%
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R C

V sin tm �V sin tm �

I

The currents IL and IC are equal in magnitude and, therefore, the power requirement is
same. The line power will, therefore, be zero. Physically this means that the energy travels
back and forth between the capacitor and the inductor. In
one half cycle at a particular moment the capacitor is fully
charged and the coil has no energy stored. Half a voltage
cycle later the coil stores maximum energy and the
capacitor is fully discharged.

The following example illustrates the relationship
between the reactive power and the electric field energy
stored by the capacitor. Consider an RC circuit (Fig. 1.5).

From Fig. 1.5

    I = 
V

R C

V C

R C2 2 2 2 21 1+
=

+( / )ω

ω

ω
(1.5)

and if voltage is taken as reference i.e., v = Vm sin ωt, the current

i = Im sin (ωt + φ)

∴ i = 
V C

R C

mω

ω2 2 2 1+
 . sin (ωt + φ) (1.6)

where sin φ = 
I C

I R I C R C

/

( / )

ω

ω ω2 2 2 2 2 2

1

1+
=

+
(1.7)

Now reactive power Q = VI sin φ (1.8)

Substituting for I and sin φ, we have

Q = V . 
V C

R C R C

V C

R C

ω

ω ω

ω
ω2 2 2 2 2 2

2

2 2 2
1

1

1 1+ +
=

+
. (1.9)

∴ Reactive power = 
V C

R C

2

2 2 2 1
ω

ω +
Now this can be related with the electric energy stored by the capacitor. The energy

stored by the capacitor

W = 1
2 Cv2 (1.10)

Now  v = 
1 1

1 12 2 2 2 2 2C
i dt

C
V C

R C

t V t

R C
m m� =

+

+ = +

+

ω

ω

ω φ
ω

ω φ

ω
.

cos ( ) cos ( )
(1.11)

∴ W = 1
2

2 2

2 2 2

2 2

2 2 21 1
C

V t

R C

V t

R C
m.

cos ( ) cos ( )ω φ
ω

ω φ
ω

+
+

= +
+

(1.12)

dW
dt

V
R C

=
+

2

2 2 2 1ω
 . 2 cos (ωt + φ) . sin (ωt + φ) . ωC

= 
V C

R C

2

2 2 2 1
ω

ω +
 . sin 2(ωt + φ)

= Q sin 2(ωt + φ) (1.13)

���
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From this it is clear that the rate of change of electric field energy is a harmonically
varying quantity with a frequency double the supply frequency and has a peak value equal
to Q.

In an R-L circuit the magnetic field energy and reactive power in a coil are similarly
related.

	
� ������������������������

Assuming that the system is balanced which means that the 3-phase voltages and currents are
balanced. These quantities can be expressed mathematically as follows:

Va = Vm sin ωt

Vb = Vm sin (ωt – 120°)

Vc = Vm sin (ωt + 120°) (1.14)

 ia = Im sin (ωt – φ)

 ib = Im sin (ωt – φ – 120°)

 ic = Im sin (ωt – φ + 120°)

The total power transmitted equals the sum of the individual powers in each phase.

p = Vaia + Vbib + Vcic

= Vm sin ωtIm sin (ωt – φ) + Vm sin (ωt – 120°) Im sin (ωt – 120° – φ)

+ Vm sin (ωt + 120°)Im sin (ωt + 120° – φ)

= VI[2 sin ωt sin (ωt – φ) + 2 sin (ωt – 120°) sin (ωt – 120° – φ)

+ 2 sin (ωt + 120°) sin (ωt + 120° – φ)]

= VI[cos φ – cos (2ωt – φ) + cos φ – cos (2ωt – 240° – φ)

+ cos φ – cos (2ωt + 240° – φ)]

= 3VI cos φ (1.15)

This shows that the total instantaneous 3-phase power is constant and is equal to three
times the real power per phase i.e., p = 3P, where P is the power per phase.

In case of single phase transmission we noted that the instantaneous power expression
contained both the real and reactive power expression but here in case of 3-phase we find that
the instantaneous power is constant. This does not mean that the reactive power is of no
importance in a 3-phase system.

For a 3-phase system the sum of three currents at any instant is zero, this does not
mean that the current in each phase is zero. Similarly, even though the sum of reactive power
instantaneously in 3-phase system is zero but in each phase it does exist and is equal to VI sin φ
and, therefore, for 3-φ the reactive power is equal to Q3φ = 3VI sin φ = 3Q, where Q is the
reactive power in each phase. It is to be noted here that the term Q3φ makes as little physical
sense as would the concept of 3-phase currents I3φ = 3I. Nevertheless the reactive power in a
3-phase system is expressed as Q3φ. This is done to maintain symmetry between the active and
reactive powers.
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Consider a single phase network and let

V = |V|e jα and I = |I|e jβ (1.16)

where α and β are the angles that V and I subtend with respect to some reference axis. We
calculate the real and reactive power by finding the product of V with the conjugate of I i.e.,

S = VI* = |V|e jα |I|e–jβ = |V| |I|e j(α – β)

= |V| |I| cos (α – β) + j|V| |I| sin (α – β) (1.17)

Here the angle (α – β) is the phase difference between the phasor V and I and is normally
denoted by φ.

∴ S = |V| |I| cos φ + j|V| |I| sin φ

= P + jQ (1.18)

The quantity S is called the complex power. The magnitude of S = P Q2 2+  is termed

as the apparent power and its units are volt-amperes and the larger units are kVA or MVA.
The practical significance of apparent power is as a rating unit of generators and transformers,
as the apparent power rating is a direct indication of heating of machine which determines the
rating of the machines. It is to be noted that Q is positive when (α – β) is positive i.e., when V
leads I i.e., the load is inductive and Q is –ve when V lags I i.e., the load is capacitive. This
agrees with the normal convention adopted in power system i.e., taking Q due to an inductive
load as +ve and Q due to a capacitive load as negative. Therefore, to obtain proper sign for
reactive power it is necessary to find out VI* rather than V*I which would reverse the sign for
Q as

 V*I = |V|e–jα |I|e jβ = |V| |I|e–j(α – β)

= |V| |I| cos (α – β) – j|V| |I| sin (α – β)

= |V| |I| cos φ – j|V| |I| sin φ
= P – jQ (1.19)

	
� �������������������

In an electric power system it is difficult to predict the load variation accurately. The load
devices may vary from a few watt night lamps to multi-megawatt induction motors. The
following category of loads are present in a system:

(i) Motor devices 70%

(ii) Heating and lighting equipment 25%

(iii) Electronic devices 5%

The heating load maintains constant resistance with voltage change and hence the power
varies with (voltage)2 whereas lighting load is independent of frequency and power consumed
varies as V1.6 rather than V2.
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For an impedance load i.e., lumped load

P = 
V

R fL
R

2

2 22+ ( )
.

π

and Q = 
V

R fL

2

2 22+ ( )π
 . (2πfL) (1.20)

From this it is clear that both P and Q increase as the square of voltage magnitude. Also
with increasing frequency the active power P decreases whereas Q increases.

The above equations are of the form

P = P [f, |V|]
(1.21)Q = Q [f, |V|]

Composite loads which form a major part of the system load are also function of voltage
and frequency and can, in general, be written as in equation (1.21). For this type of load,
however, no direct relationship is available as for impedance loads. For a particular composite
load an empirical relation between the load, and voltage and frequency can be obtained.
Normally we are concerned with incremental changes in P and Q as a function of incremental
changes in | V | and f. From equation (1.21).

∆P ~
| |

.| | .− +∂
∂

∂
∂

P
V

V
P
f

f∆ ∆

and ∆Q ~
| |

.| | .− +∂
∂

∂
∂

Q
V

V
Q
f

f∆ ∆ (1.22)

The four partial derivatives can be obtained empirically. However, it is to be remembered
that whereas an impedance load P decreases with increasing frequency, a composite load will
increase. This is because a composite load mostly consists of induction motors which always
will experience increased load, as frequency or speed increases.

The need for ensuring a high degree of service reliability in the operation of modern
electric systems can hardly be over-emphasized. The supply should not only be reliable but
should be of good quality i.e., the voltage and frequency should vary within certain limits,
otherwise operation of the system at subnormal frequency and lower voltage will result in
serious problems, especially in case of fractional horse-power motors. In case of refrigerators
reduced frequency results into reduced efficiency and high consumption as the motor draws
larger current at reduced power factor. The system operation at subnormal frequency and
voltage leads to the loss of revenue to the suppliers due to accompanying reduction in load
demand. The most serious effect of subnormal frequency and voltage is on the operation of the
thermal power station auxiliaries. The output of the auxiliaries goes down as a result of which
the generation is also decreased. This may result in complete shut-down of the plant if corrective
measures like load shedding is not resorted to. Load shedding is done with the help of under-
frequency relays which automatically disconnect blocks of loads or sectionalise the transmission
system depending upon the system requirements.
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In a large interconnected power system with various voltage levels and various capacity
equipments it has been found quite convenient to work with per unit (p.u.) system of quantities
for analysis purposes rather than in absolute values of quantities. Sometimes per cent values
are used instead of p.u. but it is always convenient to use p.u. values. The p.u. value of any
quantity is defined as

The actual value of the quantity (in any unit)
The base or reference value in the same unit

In electrical engineering the three basic quantities are voltage, current and impedance.
If we choose any two of them as the base or reference quantity, the third one automatically will
have a base or reference value depending upon the other two e.g., if V and I are the base
voltage and current in a system, the base impedance of the system is fixed and is given by

 Z = 
V
I

The ratings of the equipments in a power system are given in terms of operating voltage
and the capacity in kVA. Therefore, it is found convenient and useful to select voltage and kVA
as the base quantities. Let Vb be the base voltage and kVAb be the base kilovoltamperes, then

Vp.u. = 
V

Vb

actual

The base current = 
kVA

V
b

b

× 1000

∴ p.u. current = 
Actual current
Base current

Actual current
=

×kVAb 1000
 × Vb

Base impedance = 
Base voltage
Base current

= 
V

kVA
b

b

2

1000×

∴ p.u. impedance = 
Actual impedance
Base impedance

= 
Z kVA

V

Z MVA

kV
b

b

b

b

. .

( )

×
=

1000
2 2

This means that the p.u. impedance is directly proportional to the base kVA and inversely
proportional to square of base voltage. Normally the p.u. impedance of various equipments
corresponding to its own rating voltage and kVA are given and since we choose one common
base kVA and voltage for the whole system, therefore, it is desired to find out the p.u. impedance
of the various equipments corresponding to the common base voltage and kVA. If the individual
quantities are Zp.u. old, kVAold and Vold and the common base quantities are Zp.u. new, kVAnew and
Vnew, then making use of the relation above,

Zp.u. new = Zp.u. old . kVA
kVA

V
V

new

old

old

new
.
�

��
�

��

2

(1.23)
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This is a very important relation used in power system analysis.

The p.u. impedance of an equipment corresponding to its own rating is given by

Zp.u. = 
IZ
V

where Z is the absolute value of the impedance of the equipment. It is seen that the p.u.
representation of the impedance of an equipment is more meaningful than its absolute value
e.g., saying that the impedance of a machine is 10 ohms does not give any idea regarding the
size of the machine. For a large size machine 10 ohms appears to be quite large, whereas for
small machines 10 ohms is very small. Whereas for equipments of the same general type the
p.u. volt drops and losses are in the same order regardless of size.

With p.u. system there is less chance of making mistake in phase and line voltages,
single phase or three phase quantities. Also the p.u. impedance of the transformer is same
whether referred on to primary or secondary side of the transformer which is not the case
when considering absolute value of these impedances. This is illustrated below:

Let the impedance of the transformer referred to primary side be Zp and that on the
secondary side be Zs, then

Zp = Zs 
V

V
p

s

�

��
�

��

2

where Vp and Vs are the primary and secondary voltages of the transformer.

Now  Zp p.u. = 
Z I

V
Z

V

V

I

V
p p

p
s

p

s

p

p
=

�

��
�

��

2

.

     = Zs . 
V I

V
Z

V I

V

Z I
V

p p

s
s

s s

s

s s

s
2 2= =.

     = Zs p.u.

From this it is clear that the p.u. impedance of the transformer referred to primary side
Zp p.u. is equal to the p.u. impedance of the transformer referred to the secondary side Zs p.u..
This is a great advantage of p.u. system of calculation.

The base values in a system are selected in such a way that the p.u. voltages and currents
in system are approximately unity. Sometimes the base kVA is chosen equal to the sum of the
ratings of the various equipments on the system or equal to the capacity of the largest unit.

The different voltage levels in a power system are due to the presence of transformers.
Therefore, the procedure for selecting base voltage is as follows: A voltage corresponding to
any part of the system could be taken as a base and the base voltages in other parts of the
circuit, separated from the original part by transformers is related through the turns ratio of
the transformers. This is very important. Say, if the base voltage on primary side is Vpb then
on the secondary side of the transformer the base voltage will be Vsb = Vpb(Ns/Np), where Ns
and Np are the turns of the transformer on secondary and primary side respectively.
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The following example illustrates the procedure for selecting the base quantities in
various parts of the system and their effect on the p.u. values of the impedances of the various
equipments.

Example 1.1: A 100 MVA, 33 kV 3-phase generator has a subtransient reactance of
15%. The generator is connected to the motors through a transmission line and transformers
as shown in Fig. E1.1a. The motors have rated inputs of 30 MVA, 20 MVA and 50 MVA at
30 kV with 20% subtransient reactance. The 3-phase transformers are rated at 110 MVA,
32 kV, ∆/110 kV Y with leakage reactance 8%. The line has a reactance of 50 ohms. Selecting
the generator rating as the base quantities in the generator circuit, determine the base quantities
in other parts of the system and evaluate the corresponding p.u. values.

100 MVA, 33 kV
15%

j 50 �

���
��	
	�

Solution: Assuming base values as 100 MVA and 33 kV in the generator circuit, the
p.u. reactance of generator will be 15%. The base value of voltage in the line will be

       33 × 
110
32

 = 113.43 kV

In the motor circuit,

113.43 × 
32

110
 = 33 kV

The reactance of the transformer given is 8% corresponding to 110 MVA, 32 kV. Therefore,
corresponding to 100 MVA and 33 kV the p.u. reactance will be (using Eq. 1.23).

   0.08 × 
100
110

32
33

2

× �
��
�
��

 = 0.06838 p.u.

The p.u. impedance of line = 
50 100

113.43 2
×

( )
 = 0.3886 p.u.

The p.u. reactance of motor 1 = 0.2 × 
100
30

30
33

2

× �
��
�
��

 = 0.5509 p.u.

motor 2 = 0.2 × 
100
20

30
33

2

× �
��
�
��

 = 0.826 p.u.

motor 3 = 0.2 × 
100
50

30
33

2

× �
��
�
��

 = 0.3305 p.u.
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The reactance diagram for the system is shown in Fig. E1.1b.

j 0.06838 � j 0.3886 � j 0.06838 �

j 0.15 �
j 0.5509 � j 0.3305 �

j 0.826 �

1 2 3

���
��	
	�������������"����5�+����6�5 ���3%3%

�������

1.1. Two generators rated at 10 MVA, 13.2 kV and 15 MVA, 13.2 kV are connected in parallel to a
busbar. They feed supply to two motors of inputs 8 MVA and 12 MVA respectively. The operating
voltage of motors is 12.5 kV. Assuming base quantities as 50 MVA and 13.8 kV draw the reac-
tance diagram. The per cent reactance for generators is 15% and that for motors is 20%.

1.2. Three generators are rated as follows: Generator 1–100 MVA, 33 kV, reactance 10%; Generator
2–150 MVA, 32 kV, reactance 8%; Generator 3–110 MVA, 30 kV, reactance 12%. Determine the
reactance of the generator corresponding to base values of 200 MVA, 35 kV.

1.3. A 3-bus system is given in Fig. P1.3. The ratings of the various components are listed below:

Generator 1 = 50 MVA, 13.8 kV, X″ = 0.15 p.u.

Generator 2 = 40 MVA, 13.2 kV, X″ = 0.20

Generator 3 = 30 MVA, 11 kV, X″ = 0.25

Transformer 1 = 45 MVA, 11 kV, ∆/110 kV Y, X = 0.1 p.u.

Transformer 2 = 25 MVA, 12.5 kV, ∆/115 kV Y, X = 0.15 p.u.

Transformer 3 = 40 MVA, 12.5 kV, ∆/115 kV Y, X = 0.1 p.u.

The line impedances are shown in Fig. P1.3. Determine the reactance diagram based on 50 MVA
and 13.8 kV as base quantities in Generator 1.

G1 G2

j 50 �

j 25 � j 25 �

G3

���
��	
�
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1.4. Explain clearly the concept of reactive power in single phase and three phase circuits.

1.5. Explain clearly how the magnetic field energy and the reactive power in an inductive circuit are
related.

1.6. Explain clearly what you mean by good quality supply and discuss the effect of bad supply on the
performance of the system.

1.7. Explain the p.u. system of analysing power system problems. Discuss the advantages of this
method over the absolute method of analysis.

����������

1. Electric Energy System Theory—An Introduction, O.I. Elgord, McGraw-Hill, 1971.

2. Elements of Power System Analysis, W.D. Stevenson Jr., McGraw-Hill, 1962.

3. Electric Power Systems, B.M. Weedy, John Wiley & Sons, 1974.
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An electric transmission line can be represented by a series combination of resistance, inductance
and shunt combination of conductance and capacitance. These parameters are symbolized as
R, L, G and C respectively. Of these R and G are least important in the sense that they do not
affect much the total equivalent impedance of the line and hence the transmission capacity.
They are of course very much important when transmission efficiency and economy are to be
evaluated as they completely determine the real transmission line losses.

The resistance of a conductor is given by

R = 
Power loss in conductor

I2  ohms (2.1)

where R is the effective resistance of the conductor and I the current flowing through the
conductor. The effective resistance is equal to the d.c. resistance of the conductor only if the
current is uniformly distributed throughout the section of the conductor. The difference in the
d.c. resistance and effective resistance to frequencies less than 50 Hz is less than 1% for copper
conductors of section less than 350,000 circular mils. The loss on the overhead lines is due to
(i) ohmic loss in the power conductors, (ii) corona loss and (iii) leakage at the insulators which
support the lines at the towers. This leakage loss is different from the leakage in cables as in
cables the leakage is uniformly distributed along its length, whereas the leakage on overhead
lines is limited only to the insulators. This could be represented as conductance uniformly
distributed along the line. Since the corona loss and the leakage over the insulators is negligibly
small under normal operating conditions, the conductance between the conductors of an
overhead line is assumed to be zero.

	
� ��������������������

A current carrying  conductor produces a magnetic field which is in the form of closed circular
loops around the conductor. The relation of the magnetic field direction to the current direction

��

	
������������������������
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can be easily remembered by means of the right hand rule. With the thumb pointing in the
direction of the current, the fingers of the right hand encircling the wire point in the direction
of the magnetic field.

According to Biot-Savart’s law, the magnetic flux density at any point P as produced by
a current carrying element shown in Fig. 2.1 is given by

dB = µ
π

θ
4 2

Idl

r

sin (2.2)

where dB = infinitesimal flux density at point P,

   I = current in the element,

 dl = length of element,

   θ = angle between current direction and radius
vector to P, and

   r = radius vector.

In order to determine the magnetic flux density B
due to a long, straight or curved conductor, we assume
that the conductor is made up of infinitesimal lengths dl
and B is given by

B = µ
π

θI

r4 2
sin
�  dl (2.3)

The integration is carried out over the length of the conductor.

If relation (2.3) is made use of in evaluating the magnetic flux density B at any point
due to an infinite conductor, it is given by

B = 
µ
π
I
R2

(2.4)

where R = radial distance of the point from the conductor.
The direction of the flux density is normal to the plane
containing the conductor and the radius vector R.

If B is now integrated around a path of radius R
enclosing the wire once (Fig. 2.2), we have

 � �=Bdl
I
R

dl
µ
π2

= 
µ
π

π µI
R

R I
2

2. =

or � Hdl = I as H = 
B
µ

(2.5)

In words it states that the line integral of H around a single closed path is equal to the
current enclosed. This is known as Ampere’s law. If the path of integration encloses N number
of turns of wire, each with a current I in the same direction, then

� Hdl = NI (2.6)

���
�	
���������������������������

���������������� 

���
�	
	����!���"����#$��������������

�%�&��'������������!��( 

I

�

dIdI

r
dB

P

R

I
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These relations are very much useful in evaluating the flux linkages and hence the
inductance of a given system of conductors.

Variation of the current in the conductors causes a change in the number of flux linkages.
According to Faraday’s laws of electromagnetic induction, this change in flux linkages induces
a voltage in the conductors which is proportional to the rate of change of flux linkages.

	
	 ����������������������

An inductor is a device which stores energy in a magnetic field. By definition, the inductance L
of an inductor is the ratio of its total magnetic flux linkages to the current I through the
inductor or

L = 
N

I I
mψ λ

= (2.7)

This definition is satisfactory for a medium for which the permeability is constant.
However, the permeability of ferrous media is not constant and for such cases the inductance
is defined as the ratio of the infinitesimal change in flux linkage to the infinitesimal change in
current producing it, i.e.,

L = 
d
dI

λ
(2.8)

The unit of inductance is the henry.

Mutual inductance between two circuits is defined as the flux linkages of one circuit due
to the current in the second circuit per ampere of current in the second circuit. If the current I2
produces λ12 flux linkages with circuit 1, the mutual inductance is

M12 = 
λ12

2I
 henries (2.9)

The phasor voltage drop in circuit 1 caused by the flux linkages of circuit 2 is

 V1 = jωM12I2 = jωλ12 volts. (2.10)
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Let us consider a long current carrying conductor with radius R as shown in Fig. 2.3. We will
consider here that the current is uniformly distributed across the section of the conductor. The
flux linkages here will be both due to internal flux and external flux. The magnetic field intensity
due to the current distribution inside the conductor is calculated as follows:

Consider a cylinder with radius r < R. The current enclosed by the cylinder will be

I′ = I 
r
R
�
��
�
��

2

. (2.11)

where I is the current through the conductor.
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r

R
I

H

r
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Therefore, the magnetic field intensity at a distance r due to this current, using Ampere’s
Law,

Hr = 
I

r
I

r
R r

Ir
R

′ = �
��
�
��

=
2

1
2 2

2

2π π π
(2.12)

which means that the magnetic field intensity inside the conductor is directly proportional to
the distance from the centre of the conductor.

Now consider a cylinder with radius r > R. Applying Ampere’s Law,

H = 
I
r2π

which means H is inversely proportional to r outside the conductor. The variation of H as a
function of r is shown in Fig. 2.3. It can be shown that the magnetic field density (energy
volume density)

We = 
1
2

2µH

From this and the distribution of magnetic field intensity as shown in Fig. 2.3, the
following observations are made:

(i) Although the volume of the conductor is comparatively small, the field densities are
of high magnitude, and the magnetic field energy stored in the conductor is not small.

(ii) The presence of the earth will affect the magnetic field geometry insignificantly.
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By definition inductance is the flux linkages per ampere (Fig. 2.4). So the objective is to find
out the flux linkages to this system of conductors. Now there are two flux linkages: (i) due to
internal flux, and (ii) due to external flux.

Internal flux linkages: In order to determine the internal flux linkages, we start with
the magnetic field intensity H at any distance r < R.
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DD

R
�

�

���
�	
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H = 
Ir

R2 2π
(2.13)

∴ B = µH = µ0H = 
µ
π

0
22

I

R
 . r (as µr = 1) for conductors.

This flux density as we see is varying with r. We can assume this to be constant over an
infinitesimal distance dr. The flux lines are in the form of circles concentric to the conductor.
Therefore, the flux lines passing through the concentric cylindrical shells of radii r and r + dr,

dφ = B . Area normal to flux density B

    = Bdrl

where l is the length of wire.

In case the inductance per unit is desired, l = 1 metre.

∴ dφ = Bdr

     = 
µ
π

0
22

I

R
 rdr

Now flux linkages = Flux × No. of turns.

Here since only a part of the conductor (r < R) is being enclosed by the flux lines dφ,

∴ dλ = dφ 
r
R

2

2

�

��
�

��

     = 
µ
π

0
2

2

22

I

R
rdr

r

R

∴ Total internal flux linkages λ = 
0

R
d� λ

= 
µ
π

0
4 0

3

2
I

R
r dr

R

�
= 

µ
π
0

8
I

(2.14)

From this it is clear that the flux linkage due to internal flux is independent of the size
of the conductor.
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External flux linkages: These flux linkages are due to the flux lines outside the
conductor. There will be no flux line that encloses both the conductors. This is because for any
distance r > D the total current enclosed is zero (single phase line i.e., one conductor is a ‘go’
conductor and the other ‘return’). The magnetic field intensity H due to one conductor at any
distance R ≤ r < D,

H = 
I
r2π

B = µ0H = 
µ

π
0

2
I
r

 (µr = 1 as the medium is air)

The flux density B can be considered uniform over a distance dr. Therefore, as in case of
internal flux, the flux lines passing through the concentric cylindrical shells with radii r and
(r + dr) will be (per unit length)

dφ = B.dr.1

Since this flux encloses only one conductor, therefore, the number of turns enclosed by
this flux is one.

∴ dλ = dφ.1

     = B.dr.1.1

     = 
µ

π
0

2
I
r

dr

Therefore, the total external flux linkages due to current flow in one conductor,

   λ = 
R

D R
d

−

� λ

The lower limit is because we measure the distances from the centre of the conductor
and external flux begins from the surface of the conductor and this extends up to the surface of
the other conductor and, therefore, the upper limit (D – R)

λ = 
µ

π
0

2
I dr

rR

D R−

�
   = 

µ
π
0

2
I D R

R
ln

−

Since R is small as compared to D i.e. R << D,

D – R ~ D

∴ λ = 
µ

π
0

2
I D

R
ln

∴ Total flux linkages due to one conductor

= Total internal flux linkages + Total external flux linkages

= 
µ

π
µ

π
0 0

8 2
I I D

R
+ ln ...(2.15)

∴ Total flux linkage due to both the conductors = 2 
µ

π
µ

π
0 0

8 2
I I D

R
+�

	

�
�

ln
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∴ Inductance L per unit length = 
µ

π
µ
π

0 0

4
+�

	

�
�

ln
D
R

 Henry/metre (2.16)

Since µ0 = 4π × 10–7,

L = 1 4 10 7+�
	


�
�

× −ln
D
R

 Henry/metre

   = 4 × 10–7 × 
1
4

+�
	


�
�

ln
D
R

 Henry/metre (2.17)

since ln e1/4 = 
1
4

∴   L = 4 × 10–7 × ln lne
D
R

1/4 +�
��

�
��

= 4 × 10–7 ln 
D

Re−1/4

= 4 × 10–7 ln 
D
R′

 Henry/metre (2.18)

The radius R′ is that of a fictitious conductor assumed to have no internal flux linkages
but with the same inductance as the actual conductor with radius R. The quantity e–1/4 = 0.7788.
The multiplying factor of 0.7788 to adjust the radius in order to account for internal flux
linkages applies only to solid round conductors.

	
� �������������������������������������� �����������

����

Let us now find out the flux linkages of one conductor due to current flowing in the conductor
itself and the current flowing in the other conductors. It is assumed here that the sum of the
currents in the various conductors is zero. The system of conductors is shown in Fig. 2.5.

Theoretically, the flux due to a conductor is extending from the centre of the conductor
right up to infinity. We will assume here that P is a point very far from the group of the
conductors, the flux linkages will extend up to this point and the distances are as shown in
Fig. 2.5. The objective here is to calculate the flux linkages of say, conductor 1 due to the
current I1, carried  by the conductor itself and flux linkage to conductor 1 due to the current
carried by conductors 2, 3, ......, n.

P

1

2

3

4

n

D1P
D2P

D3P

D4PD4P DnPDnP

���
�	
�������4����������'��#��%�������!��%������������� 

+�����+�����������%�����(������!��%����������� 
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The flux linkage of conductor 1 due to the current I1 including the internal flux linkages

λ
µ

π
µ

π1
0 1 0 1 1

1
1 8 2p

pI I D

R
= + ln

 = 2 × 10–7 I1 ln 
D

R
p1

1′
(2.19)

The flux linkages λ1 2p  to conductor 1 due to current in conductor 2 are

λ1
7

2
2

12
2

2 10p
pI

D

D
= × − ln (2.20)

It is to be seen that flux due to conductor 2 that lies between conductor 2 and 1 will not
link conductor 1 and therefore the distances involved are D2p and D12.

The flux linkages of conductor 1 due to all the conductors

         λ1p = 2 × 10–7 I
D

R
I

D

D
I

D

D
p p

n
np

n
1

1

1
2

2

12 1
ln ln ...... ln

′
+ + +

�

	



�

�


= 2 × 10–7 I
R

I
D

I
Dn

n
1

1
2

12 1

1 1 1
ln ln ...... ln

′
+ + +

�

	



�

�


+ 2 × 10–7 [I1 ln D1p + I2 ln D2p + ...... + In ln Dnp] (2.21)

Since I1 + I2 + ...... + In = 0,

∴ In = – (I1 + I2 + ...... + In–1)

Substituting this in the second term of equation (2.21),

λ1p = 2 × 10–7 I
R

I
D

I
Dn

n
1

1
2

12 1

1 1 1
ln ln ...... ln

′
+ + +

�

	



�

�


+ 2 × 10–7 [I1 ln D1p + I2 ln D2p + ...... + In–1 ln D(n–1)p

– I1 ln Dnp – I2 ln Dnp ...... – In–1 ln Dnp]

 = 2 × 10–7 I
R

I
D

I
Dn

n
1

1
2

12 1

1 1 1
ln ln ...... ln

′
+ + +

�

	



�

�


+ 2 × 10–7 I
D

D
I

D

D
I

D

D
p

np

p

np
n

n p

np
1

1
2

2
1

1ln ln ...... ln ( )+ + +
�

	





�

�



−
− (2.22)

Now P is a point very far from the group of the conductors, the ratios

D

D

D

D

D

D
p

np

p

np

n p

np

1 2 1~ ~ ...... ~ ( )− − − −
 = 1

∴ ln ~ ln ~ ...... ~ ln ( )D

D

D

D

D

D
p

np

p

np

n p

np

1 2 1− − − −  = 0
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The net flux linkages λ1p, therefore, are

λ1p = 2 × 10–7 I
R

I
D

I
Dn

n
1

1
2

12 1

1 1 1
ln ln ...... ln

′
+ + +

�

	



�

�
  wb-turns/metre (2.23)

	
! ���������������φφφφφ����������������� ���������������
����

Consider a single circuit 3-φ system (Fig. 2.6) having three
conductors a, b and c carrying currents Ia, Ib and Ic
respectively. The three conductors are unsymmetrically
placed i.e., a ≠ b ≠ c and each has a radius of R metres.

The flux linkage of conductor a due to Ia, Ib and Ic
from equation (2.23),

λa = 2 × 10–7 I
R

I
c

I
ba b cln ln ln

1 1 1
′

+ +�
	


�
�

Similarly,

λb = 2 × 10–7 I
c

I
R

I
aa b cln ln ln

1 1 1+
′

+�
	


�
�

λc = 2 × 10–7 I
b

I
a

I
Ra b cln ln ln

1 1 1+ +
′

�
	


�
�

Now taking Ia as reference

Ib = k2Ia and Ic = kIa

where k = (– 0.5 + j0.866)

Substituting these values of Ib and Ic in the expression for λa,

 λa = 2 × 10–7 I
R

I j
c

I j
ba a aln ( . . ) ln ( . . ) ln

1
0 5 0 866

1
0 5 0 866

1
′

+ − − + − +�
	


�
�

∴ La = 
λ a

aI R bc
j

b
c

= ×
′

− −
�

	





�

�



−2 10
1 1 3

2
7 ln ln ln (2.24)

Similarly, Lb = 2 × 10–7 ln ln ln
1 1 3

2R ac
j

c
a′

− −
�

	





�

�



(2.25)

and Lc = 2 × 10–7 ln ln ln
1 1 3

2R ab
j

a
b′

− −
�

	





�

�



(2.26)

It is clear from the expressions for inductances of conductors a, b and c that the three
inductances are unequal and they contain imaginary term which is due to the mutual
inductance.

���
�	
!�54φ� �����������������

#��(��������������� �!����� 

a

b c

Ia

Ic Ib
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In case the transmission line is transposed i.e., each conductor takes all the three positions
of the conductors, each position for one third length of the line as shown in Fig. 2.7. The
average value of the inductance

L = 
L L La b c+ +

3

   = 
1
3

2 10 3
1 1 3

2
17×

′
− −

�

��
�

��
�

	





�

�



− ln ln ln
R abc

j

   = 2 × 10–7 ln 
abc
R

3

′
 Henry/metre (2.27)

For symmetrical spacing a = b = c = d,

L = 2 × 10–7 ln 
d
R′

 Henry/metre. (2.28)

	
" ���� ����������� ����������

By transposition of conductors is meant the exchanging of position of the power conductors at
regular intervals along the line, so that each conductor occupies the original position of every
other conductor over an equal distance.

a

c

b

a

c

b

b

a

c

c

b

a

���
�	
"������!���������%����������� 

A complete transposition cycle is shown in Fig. 2.7. If the spacing is unsymmetrical,
even though the system operates under balanced condition, voltage drops of different magnitude
will be there in the three conductors due to unequal inductance of the three phases. Also, due
to unsymmetrical spacing, the magnetic field external to the conductors is not zero, thereby
causing induced voltages in adjacent electrical circuits, particularly telephone lines, that may
result in telephone interference. To reduce this effect to a minimum the conductors are
transposed as shown in Fig. 2.7. It is enough to transpose either power line or the communication
lines. Under balanced operating condition, the magnetic field linking an adjacent telephone
line is shifted 120° in time phase with each rotation of the conductor positions in the
transposition cycle. Over the length of the one complete transposition cycle of power line, the
net voltage induced in the telephone line is zero as it is the sum of three induced voltages
which are displaced by 120° in time phase. Under unbalanced conditions, of course, where
power currents flow in the earth or in overhead ground wires (zero sequence currents), voltages
will be induced in communication lines and interference will take place.
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Modern power lines are normally not transposed. The transposition, however, may be
affected at the intermediate switching station. It is to be noted that the difference in the
inductances of the three phases is negligibly small due to asymmetrical spacing and the
inductance of the untransposed line is taken equal to the average value of the inductance of
one phase of the same line correctly transposed.

	
# ��� ����������������

For transmission lines operating at high voltages normally stranded conductors are used. These
conductors are known as composite conductors as they compose of two or more elements or
strands electrically in parallel. The conductors used for transmission lines are stranded copper
conductors, hollow copper conductors, ACSR conductors, copper weld and copper weld-copper
conductors. By using different proportion of steel and aluminium strands different tensile and
current carrying capacity conductors can be obtained. By the use of a filler such as a paper,
between the outer aluminium strands and the inner steel strands, a conductor of large diameter
can be obtained for use in high voltages. This type of conductor is known as expanded ACSR.
Sometimes hollow conductors are used to increase the effective diameter of the conductor so as
to reduce corona loss and hence radio interference level. A typical hollow copper conductor
(Anaconda) consists of a twisted copper ‘I’ beam as a core about which strands of copper wire
are wound. The ‘I’ beam is twisted in a direction opposite to that of the inner layer of strands.

Aluminium conductor steel reinforced (ACSR) which combine the lightness, electrical
conductivity and rustlessness of aluminium with the high tensile strength of steel are now
employed as overhead conductors on every kind of system, low voltage distribution to the most
important long distance transmission lines of the world. The reasons for this can be summarised
as follows:

1. Aluminium conductor steel reinforced (ACSR) are normally cheaper than copper
conductors of equal resistance and this economy is obtained without sacrifice of efficiency, of
reliability or of length of useful life.

2. The superior mechanical strength of ACSR can be utilized by using spans of larger
lengths which results in smaller number of supports for a particular length of transmission.

3. A reduction in the number of supports involves a corresponding reduction in the total
cost of insulators, foundations’ erection and incidentally the costs of maintenance, replacements
and stores are similarly reduced.

4. The increase in span length is beneficial in another way. It is well known that the
vast majority of shut downs in the operation of an overhead line arise at points of supports,
due to faulty insulators, flash-overs by birds and so on. Hence a reduction in the number of
points of supports will correspondingly reduce the risk of outages.

5. Corona losses are reduced because of the larger diameter of the conductor.

6. These conductors are corrosion resistant and are useful under unfavourable conditions
of industrial atmosphere and severe condition of exposure such as may occur on the sea coast.

The conductivity of an aluminium conductor steel reinforced is taken as that of the
aluminium portion alone and though the steel core may add slightly to the current carrying
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capacity, this is usually neglected. The specific resistance of hard drawn aluminium is
approximately 1.6 times that of normal hard drawn copper and the sectional area of an
aluminium conductor must, therefore, be 1.6 times that of the equivalent copper. In order to
obtain the overall diameter of a stranded conductor, multiply the wire diameter (diameter of
one strand) D by the appropriate constant in the table below.

No. of wires of equal diameter 3 4 7 12 19 37 61 91

Dia-constant 2.155 2.41 3 4.155 5 7 9 11

	
$ ���������������� ����������������

An expression for the inductance of composite conductors will be derived. The composite
conductors consist of two groups of conductors each having m and n number of strands
respectively as shown in Fig. 2.8. The current is assumed to be equally divided amongst the
strands. One group of conductors act as a ‘go’ conductor for the single-phase line and the other
as the ‘return’. The current per strand is I/m ampere in one group and – I/n ampere in the
other.

1

2

3

m

A

1�

2� 3�

n�

B

4�

���
�	
#� ������������%����!����������������8�4φ� ������������� ���� 

Using equation (2.23), the flux linkage of strand 1 in conductor A is given by

 λ1 = 2 × 10–7 I
m R D D m

ln ln ...... ln
1 1 1

12 1′
+ + +

�

	



�

�


– 2 × 10–7 
I
n D D D n

ln ln ...... ln
1 1 1

11 12 1
′

+ ′ + + ′

�

	





�

�



    = 2 × 10–7 I ln 
D D D

R D D D
n

n

m
m

11 12 1

12 13 1

′ ′ ′

′

......

......
 wb-turns/metre

L1 = 
λ1 7 11 12 1

12 13 1

2 10
I m

m
D D D

R D D D
n

n

m
m/

ln
......

......
= ×

′ ′

′
−

′

(2.29)

Similarly the inductance of filament 2 in conductor A

L2 = 
λ2 7 21 22 23 2

21 23 2

2 10
I m

m
D D D D

R D D D
n

n

m
m/

ln
......

......
= ×

′ ′ ′ ′

′
− (2.30)
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The average inductance of m strands in conductor A

Lav = 
L L L

m
m1 2+ + +......

Since all the strands of conductor A are electrically parallel, the inductance of conductor
A will be

LA  = 
L
m

L L L

m
av m=

+ + +1 2
2

......
(2.31a)

Substituting the values of L1, L2, ......, Lm in equation (2.31a)

LA = 2 × 10–7 ln 
( ... ) ( ... ) ... ( ... )

( ... ) ( ... ) ... ( ... )

D D D D D D D D D

R D D D R D D D R D D D
n n m m mn

mn

m m m m mm
m

11 12 1 21 22 2 1 2

12 13 1 21 23 2 1 2
2

′ ′ ′ ′ ′ ′ ′ ′

′ ′ ′
(2.31b)

The mnth root of the product of the mn distances between m strands of conductor A and
n strands of conductor B is called geometric mean distance (GMD) and is denoted as Dm and
the m2th root of m2 distances i.e., the distances of the various strands from one of the strands
and the radius of the same strand, the distances of such m groupings constitute m2 terms in
the denominator, is called the geometric mean radius (GMR) or self GMD and is denoted as Ds.
The expression for inductance of conductor A consisting of m strands from equation (2.31b)
becomes

LA = 2 × 10–7 ln 
D
D

m

s
 Henry/metre

The inductance of conductor B can also be similarly obtained and the total inductance of
the composite conductors is L = LA + LB.

Example 2.1: What will be the equivalent radius of a bundle conductor having its part
conductors of radius ‘r’ on the periphery of a circle of dia ‘d’ if the number of conductors is 2, 3,
4, 6 ?

Solution: Let the equivalent radius or geometric mean radius be ρ0, then for two
conductors

ρ0 = (rd)1/2 = r1/2 d1/2

When there are three conductors

ρ0 = (rd′d′)1/3 = r1/3 d2/3 
3
4

1/3
�
��
�
��

For four conductors

ρ0 = r
d d

d r d
2 2

1
2

1/4
1/4 3 4

1/4

. /�
��

�
��

= �
��
�
��

For six conductors

ρ0 = r1/6 d
r

d
2

6 6
2

5 6
1/6

5 1/6
�
��
�
��

= �
��
�
��

�
�
�

��

�
�
�

��

/

Ans.

www.EngineeringBooksPdf.com



������	�
�������������	�
 2/

Example 2.2: Determine the inductance of a 3-phase line operating at 50 Hz and
conductors arranged as follows. The conductor diameter is 0.8 cm.

3.2 m3.2 m

1.6 m
1.6 m 1.6 m

1.6 m

Solution: The self GMD of the conductor

= 
0 7788 0 8

2 100
. .×

×
 = 0.003115 metres.

The mutual GMD of the conductor

= 16 3 2 163 . . .× ×  = 2.015 metres.

∴   Inductance per km = 2 × 10–4 ln 
2 015

0 003115
.

.
= 2 × 6.472 × 10–4 Henry/km

= 1.294 mH/km. Ans.

Example 2.3: A conductor consists of seven identical strands each having a radius of r.
Determine the factor by which r should be multiplied to find the self GMD of the conductor.

Solution: From the figure shown here

D11 = r

D12 = D16 = 2r = D17

D14 = 4r

D13 = D15 = D D14
2

45
2−

as the conductors through 6 lie at the circumference of a circle.

∴ D13 = D15 = 16 4 12 2 32 2 2r r r r− = =

∴ D r r r r r r rs1
2 2 3 4 2 3 2 27= . . . . . .

       = r r77 7128 3 384. .× =

D r r r r r r rs7
2 2 2 2 2 27= . . . . . .

       = 647 r

∴   Ds = D D D D rs s s s1 2 3 7
7 649 384 64... .= ×

       = 2 04 101749 . ×  . r

1
2

3

4
5

6
7
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D Ds seq
= = ×0 7788 0 7788 2 05 107 7 1749. . . . . r

        = 2.176r Ans.

Example 2.4: Determine the inductance of a 1-φ transmission line consisting of three
conductors of 2.5 mm radii in the ‘go’ conductor and two conductors of 5 mm radii in the,
return, conductor. The configuration of the line is as shown in Fig. E.2.4.

A B

c

b

a d

e

6 m6 m6 m6 m

6 m6 m

9 m9 m

���
��
	
�

Solution: The self GMD of conductor in group A = 0.001947 m. The self GMD of conductor
in group A,

DSA = 0 001947 6 12 0 001947 6 6 0 001947 6 129 . . .× × × × × × × ×

      = 0.4809 metres

DSB = 5 10 0 7788 63× × ×− .  = 0.1528 m

 Dae = 9 62 2+  = 10.81 m

 Dcd = 12 92 2+  = 15 m

DMA = DMB = 9 10 81 10 81 9 15 10 816 × × × × ×. . .

       = 10.74 metres

∴ Inductance LA = 2 ×10–7 ln 
10 74

0 4809
.

.

     =  0.62 mH/km

LB = 2 × 10–7 ln 
10 74

0 1528
.

.
 = 0.8 mH/km

∴ Total inductance per km = 1.42 mH/km. Ans.
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The double circuit line consists of three conductors in each circuit (Fig. 2.9). The three conductors
correspond to three phases, a, b, c and a′, b′, and c′. Conductors a and a′ are electrically parallel
and constitute one phase. Similarly conductors b, b′ and c, c′ form other phases.

This means there are two conductors (strands) per phase.

a c�

b b�

c a�

c b�

a a�

b c�

b a�

c c�

a b�

1 2 3

hh

ggdd

ff

���
�	
$������!��������9����������� ���� 

Since the conductors are not symmetrically placed, to calculate the inductance of the
line, the conductors should be transposed. The three positions have been indicated in Fig. 2.9.

The GMD of the conductors in phase ‘a’ with the conductors in other two phases in
position 1,

GMD1 = (d⋅2d⋅h⋅g)1/4 = 21/4 d1/2 g1/4 h1/4

The GMD in the second position

GMD2 = (d⋅d⋅g⋅g)1/4 = d1/2 g1/2

Similarly GMD3 = (d⋅2d⋅h⋅g)1/4 = 21/4 d1/2 g1/4 h1/4

The equivalent GMD of the system is given by

GMD = {21/4 d1/2 g1/4 h1/4 d1/2 g1/2 21/4 d1/2 g1/4 h1/4}1/3

   = 21/6 d1/2 g1/3 h1/6

Self GMD of phase aa′ conductors in position 1,

GMR1 = Self GMD1 = r f′

Self GMD in position 2.

GMR2 = r h′

and GMR3 = r f′

The equivalent   GMR = (r′3f 2h)1/6

= r′1/2 f1/3 h1/6
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    Inductance per phase = 2 ×10–7 ln 
GMD
GMR

 Henry/metre/phase

= 2 × 10–7 ln 
21/6 1/2 1/3 1/6

1/2 1/3 1/6

d g h
r f h′

= 2 × 10–7 ln 21/6 d
r

g
f′

�
��
�
��
�
��
�
��

1/2 1/3

 H/metre/phase (2.32)

Here the conductors of two phases are placed diagonally opposite rather than in the
same horizontal plane, in all the three positions. By doing this the self GMD of the conductors
is increased whereas the GMD reduced, thereby the inductance per phase in lowered.

Example 2.5: Determine the inductance per km of a transposed double circuit 3-φ line
shown in Fig. E.2.5. Each circuit of the line remains on its own side. The dia of the conductor is
2.532 cm.

Solution: Refer to Fig. E.2.5.

7.5 m7.5 m

9.0 m9.0 m

4 m4 m

a c�

b b�

c a�

���
��
	
�

Self GMD of each conductor = 1.266 × 0.7788 cm

= 0.00986 metre

       Dbc = Dab = 4 0 752 2+ .  = 4.0697 m

      Dab′ = 4 8 252 2+ .  = 9.1685 m

      Daa′ = 8 7 52 2+ .  = 10.965 m

     Dm1
4 0697 8 7 5 9 1684= × × ×. . .  = 6.878

     Dm2
4 0697 4 0697 9 1685 9 16854= × × ×. . . .  = 6.1084

      D Dm m3 1
=  = 6.878

∴         Dm = D D Dm m m1 2 3
3  = 6.61 m
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Self GMD of each phase       Ds1
0 00986 10 965= ×. .

= 0.3288 = Ds3

      Ds2
0 00986 9= ×.  = 0.29789

∴         Ds = D D Ds s s1 2 3
3  = 0.318 m

∴        Inductance = 2 × 10–4 ln 
6 61

0 318
.

.
 H/km/phase

 = 0.606 mH/km/phase. Ans.

Example 2.6: Determine the inductance of the double circuit line shown in Fig. E.2.6.
The self GMD of the conductor is 0.0069 metre.

5.5 m5.5 m

6.5 m6.5 m

3 m3 m

a c�

b b�

c a

���
��
	
!

Solution:   Dab = Dbc = 3 0 52 2+ .  = 3.04 m

  Dac = 6 m

 Dab′ = 3 62 2+  = 6.708 m

 Daa′ = 6 5 52 2+ .  = 8.14 m

Dm1
3 04 6 5 5 6 7084= × × ×. . .  = 5.09 m = Dm3

Dm2
3 04 3 04 6 708 6 7084= × × ×. . . .  = 4.515 m

∴   Dm = 4.89 m

Also  Ds1
0 0069 8 14= ×. .  = 0.2370  = Ds3

 Ds2
 = 0.2117, Ds = 0.228 m

 Inductance = 2 × 10–7 ln 
4 89
0 228

.
.

 = 0.613 mH/km. Ans.
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Example 2.7: Determine the inductance per km per phase of a single circuit 460 kV line
using two bundle conductors per phase as shown in Fig. E.2.7. The dia of each conductor is
5.0 cm.

40 cm

a a� b b� c c�

6.5 m6.5 m 6.5 m6.5 m

���
��
	
"

Solution: Assuming the effect of transposition to be negligibly small,

 Ds = 0 025 0 4 0 7788. . .× ×  = 0.08825

Dm = 6 5 13 0 6 53 . . .× ×  = 8.19 m

∴ Inductance per km/phase = 2 × 10–4 ln 
8 19

0 08825
.

.
        = 0.906 mH/km/phase. Ans.

	
�� ����� ��������������������������

Geometric mean distance is a mathematical concept used
for the calculation of inductance. By definition the
geometric mean distance of a point with respect to a
number of points is the geometric mean of the distances
between that point and each of the other points (Fig. 2.10).

The geometric mean distance of point P with
respect to five points on the circle is

GMDp = 5 D D D D D1 2 3 4 5

In case the number of points on the circle are increased to infinity, it can be seen
intuitively that the geometric mean distance between the point P and the infinite points on the
circle will be the geometric mean of all the distances and will correspond to the distance between
the point P and centre of the circle.

The concept of GMD is applicable to areas also. The GMD between two circular areas
will be the distance between the centres of the two areas and so on.

The GMD method does not apply strictly to non-homogeneous conductors such as ACSR
or when the current is not uniformly distributed over the section of the conductor. An
approximate value of inductance for ACSR conductors can be calculated by assuming negligible
current in the steel strands.

���
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For voltages in excess of 230 kV, it is in fact not possible to use a round single conductor.
Instead of going in for a hollow conductor it is preferable to use more than one conductor per
phase which is known as bundling of conductors. A bundle conductor is a conductor made up of
two or more sub-conductors and is used as one phase conductor. It is found that the increase in
transmission capacity justifies economically the use of two conductor bundles on 220 kV lines.
The following are the advantages in using bundle conductors:

1. Reduced reactance.

2. Reduced voltage gradient.

3. Reduced corona loss.

4. Reduced radio interference.

5. Reduced surge impedance.

The reactance of the bundle conductors is reduced because the self GMD of the conductors

is increased and as we know reactance = K ln GMD
GMR

 and as GMR is increased the reactance is

reduced.

Theoretically, there is an optimum sub-conductor spacing for bundle conductors that
will give minimum gradient on the surface of a sub-conductor and hence highest disruptive
voltage. For a two conductor bundle, the equation for maximum gradient at the surface of a
sub-conductor is

g = 
V

r
s

r
d
rs

1
2

2

+�
��

�
��

ln
(2.33)

where s is the separation between the sub-conductors. Because of the effect of the sub-conductors
on each other, the gradient at the surface of a sub-conductor is not uniform. (It varies
cosinusoidal manner from a maximum at a point on the outside surface on the line of centres,
to a minimum at the corresponding point on the inside surface.) The optimum spacing between
sub-conductors for reducing voltage gradient is eight to ten times the diameter of the conductor
regardless of the number of sub-conductors per phase.

Since the voltage gradient is reduced by using bundled conductors the radio interference
is also reduced.

Finally we know that surge impedance of a line is given by L C/ , where L is the

inductance and C is the capacitance per unit length of the line. Since by bundling, the self
GMD is increased, the inductance is reduced and capacitance increased, as a result the surge
impedance is reduced. This in turn means that the maximum power that can be transmitted is
increased. Therefore, for large power transmission at higher voltages bundled conductors should
be used.
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The procedure for calculating the reactance of the bundled conductor is same as for
composite conductors. The basic difference between a composite conductor and bundled
conductor is that the sub-conductors of a bundled conductor are separated from each other by
a distance of almost 30 cms or more and the wires of a composite conductor touch each other.

	
�� �������� ���������������

When direct current flows in the conductor, the current is uniformly distributed across the
section of the conductor whereas flow of alternating current is non-uniform, with the outer
filaments of the conductor carrying more current than the filaments closer to the centre. This
results in a higher resistance to alternating current than to direct current and is commonly
known as skin effect. This effect is more, the more is the frequency of supply and the size of the
conductor. A conductor could be considered as composed of very thin filaments. The inner
filaments carrying currents give rise to flux which links the inner filaments only where as the
flux due to current carrying outer filaments enclose both the inner as well as the outer filaments
(Art. 2.4). The flux linkages per ampere to inner strands is more as compared to outer strands.
Hence the inductance/impedance of the inner strands is greater than those of outer strands
which results in more current in the outer strands as compared to the inner strands. This non-
uniformity of flux linkage is the main cause of skin effect.

The alternating magnetic flux in a conductor caused by the current flowing in a
neighbouring conductor gives rise to circulating currents which cause an apparent increase in
the resistance of a conductor. This phenomenon is called proximity effect. In a two-wire system
more lines of flux link elements farther apart than the elements nearest each other. Therefore,
the inductance of the elements farther apart is more as compared to the elements near each
other and the current density is less in the elements farther apart than the current density in
the elements near each other. The effective resistance is, therefore, increased due to non-
uniform distribution of current. The proximity effect is pronounced in case of cables where the
distance between the conductors is small whereas for overhead lines with usual spacing the
proximity effect is negligibly small.

 ��&����

2.1. Show that the inductance per unit length of an overhead line due to internal flux linkages is
constant and is independent of size of conductor.

2.2. Determine the self GMD of the following types of conductors in terms of the radius r of an individual
strand.

(i) (ii)

www.EngineeringBooksPdf.com



������	�
�������������	�
 5�

2.3. A single circuit 3-phase line operated at 50 Hz is arranged as follows. The conductor diameter is
0.6 cm. Determine the inductance and inductive reactance per km. Prove the formula used.

1.5 m1.5 m 1.5 m1.5 m

3 m3 m

2.4. Derive expressions for the inductance of a 3-phase line with conductors untransposed. What is
the significance of imaginary term in the expression for inductance ? Hence derive the expression
for inductance for a completely transposed line.

2.5. Derive an expression for the flux linkages of one conductor in a group of n conductors carrying
currents whose sum is zero. Hence derive an expression for inductance of composite conductors
of a 1-phase line consisting of m strands in one conductor and n strands in the other conductor.

2.6. Determine the inductance of a 1-phase transmission line having the following arrangement of
conductors. One circuit consists of three wires of 2 mm dia each and the other circuit two wires of
4 mm dia each.

A B

5 m5 m

2 m2 m

2 m2 m

2 m2 m

2.7. Determine the inductance per km of a 3-phase transmission line having conductors per phase
and arranged as shown in figure.

0.4 m

a a� b b� c c�

12 m12 m

The dia of each conductor is 25 mm and carries 50% of the phase current.

2.8. Determine the inductance per km of a double circuit 3-phase line as shown in figure below. The
transmission line is transposed within each circuit and each circuit remains on its own side. The
dia of each conductor is 15 mm. Explain why the given arrangement is better as compared to
when conductors of the same phase are placed in the same horizontal plane.
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5 m5 m

7.5 m7.5 m
3 m3 m

3 m3 m

2.9. Determine the inductance per km/phase of a double circuit 3-φ line. The radius of each conductor
is 15 mm.

1.75 m1.75 m 1.75 m1.75 m 1.75 m1.75 m 1.75 m1.75 m 1.75 m1.75 m

a b c a� b� c�

2.10. Explain the concept of self GMD and mutual GMD for evaluating inductance of transmission
lines.

2.11. What are ACSR conductors ? Explain the advantages of ACSR conductors when used for overhead
lines.

2.12. What are bundled conductors ? Discuss the advantages of bundled conductors when used for
overhead lines.

2.13. Explain clearly the ‘skin effect’ and ‘proximity effect’ when referred to overhead lines.

����������
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The flow of current through a conductor gives rise to a magnetic field and charging of conductor
results in an electric field. A charge if brought in the vicinity of this electric field experiences a
force. The intensity of this field at any point is defined as the force per unit charge and is
termed as electric field intensity designated as E. The units of this field are newton per coulomb
or volts per metre. The direction of electric field intensity is the same as the direction of the
force experienced by the unit charge. Since we are here concerned with the transmission line
conductors it is better to know this electric field due to infinite line of charge.
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Consider the field produced by a thin line of charge as shown in Fig. 3.1. Let a positive charge
ρL coulomb per metre be uniformly distributed along the infinitesimally thin line of infinite
length.

�

�L

dy

y

0

���

z

r

d�

� P dE cos �

dE
dE sin �

���
�	
����������������	
��������	���	����������������������

��

	
���������������������������������
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It is required to find out electric field intensity E at P due to infinite line charge. Take
an infinitesimal charge ρL . dy which could be considered a point charge. The electric field
intensity dE at P due to this charge is given by

dE = 
ρ
πε
L

z
dy

z
a

4 0
2 (3.1)

where az  is the unit vector along z.

Now this infinitesimal intensity dE has two components, one dE cos θ along r-axis and
another dE sin θ normal to r-axis. If we take another element ρL dy symmetrically below r-axis
it can be seen that due to this charge the electric field intensity at P will be added along r-axis
whereas that normal to r will be subtracted i.e., the electric field intensity due to both the
elements at P will be 2 dE cos θ.

Therefore, total intensity at P due to infinite line of charge

Er = 
2
4 0

2
ρ
πε

L dy

z

r
z� .

Since z2 = r2 + y2

Er = 
ρ
πε

L r dy

r y2 0 0 2 2 3 2

∞

� +( ) /

     = 
ρ
πε
Lr dy

r y2 0 0 2 2 3 2

∞

� +( ) /

r is taken outside the sign of integration since it is taken as a constant distance from the line
charge.

Substituting   y = r tan θ
dy = r sec2 θ dθ

and the limits will be, for y = 0,   θ = 0

and for y = ∞ = r tan θ, θ = π/2

  Er = 
ρ
πε

θ θ
θ

π
Lr r d

r2 0 0

2 2

3 3

/ sec
sec�

= 
ρ
πε

π
L

r2 0 0

2/

�  cos θ dθ

= 
ρ
πε

θ πL

r2 0
0

2sin /

= 
ρ
πε

L

r2 0
(3.2)

From this it is clear that the field intensity due to a line charge at a point P is proportional
to the linear charge density and is inversely proportional to the distance of the point P from
the line charge, and the direction is along r-axis. This relation also holds good when the length
of the charge is large as compared with the distance r from the charge. In case of a transmission
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line the distance of separation of the wires is very small is compared with the length of the line
and, therefore, for this

E = 
ρ
πε

L

r2 0
.
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The potential at any distance r from the charge is the work done in moving a unit positive
charge from infinity to that point and the potential difference between two points at distances
r1 and r2 is the work done in moving a unit positive charge from r2 to r1 as shown in Fig. 3.2 or
it is the line integral of the electric field intensity between points r2 and r1.

V = – 
r

r

2

1

� Er dr (3.3)

�L

r1 r2r

���
�	
���%���������&���%���������������%��	
����

Here Er is taken as negative because the unit charge is to be moved against the direction
of the electric field intensity Er. Now substituting for Er from equation (3.2).

V = – ρ
πε

L

r

r dr
r2 0 2

1

�

V = 
ρ
πε

L r
r2 0

2

1
ln (3.4)

	
	 ���������������������������

Consider the two infinite line charges as shown in Fig. 3.3. The line charge density of one is ρL
coulomb/metre and that of the other is – ρL C/metre and say they are separated by a distance
2s. Let ‘O’ be the origin and the centre point between the charges. Since the charges are of
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opposite polarity a plane passing through ‘O’ will be the neutral plane and, therefore, ‘O’ is
taken as the origin for voltage calculation. It is required to find out the potential of point
P(x, y) with respect to ‘O’ (the neutral point or zero potential point) due to the two infinite line
charges. The potential at P due to positive linear charge using equation (3.4).

V+ = 
ρ
πε

L s
r2 0 2

ln (3.5)

and the potential due to negative charge

V– = – 
ρ
πε

L s
r2 0 1

ln (3.6)

y

E

V = 0

Origin
r1

r2

P(x , y)P(x , y)

r

+
x

ssss

hh

O
–

Equipotential

���
�	
	��(%����������������%��	
�����

Total potential at P is  V = V+ + V–

 V = 
ρ
πε

L r
r2 0

1

2
ln (3.7)

Now it is required to find out the locus of the equipotential lines.

To find out that, equation (3.7) is written in the form

ln
r
r

V

L

1

2

02
=

πε
ρ

or    
r
r
1

2
 = exp (2πε0V/ρL) (3.8)

Now for a particular voltage V at P, the term on the right side of equation (3.8) is constant.

∴     
r
r
1

2
 = K (3.9)

From Fig. 3.3

     r1 = ( )s x y+ +2 2
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and r2 = ( )s x y− +2 2

Substituting these relations in equation (3.9)

 
( )

( )

s x y

s x y

+ +

− +

2 2

2 2
 = K

Squaring both the sides and rearranging we get

x2 – 2xs 
K
K

2

2

1
1

+
−  + s2 + y2 = 0 (3.10)

For completing the square add on both the sides of equation (3.10), the term s2 ( )
( )
K
K

2 2

2 2

1
1

+
−

;

we get

x
K

K
s y

Ks

K
−

+
−

�

��
�

��
+ =

−

�

��
�

��
2

2

2
2

2

2
1
1

2
1

(3.11)

which represents an equation to a circle

(x – h)2 + (y – g)2 = r2 (3.12)

where r = 
2

12
Ks

K −
(3.13)

and centre at

x = h = 
K

K
s

2

2
1
1

+
−

, y = g = 0 (3.14)

An equipotential line corresponding to voltage V at P is drawn in Fig. 3.3. For higher
potentials, K increases and it can be seen from the equation of the equipotential lines, r decreases
i.e., r approaches zero and h approaches ‘s’ so that the equipotentials are smaller circles with
their centres more nearly at the line of charge.
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Before an expression for the capacitance is derived we define the following terms:

Capacitor: It is an electrical device which consists of two conductors separated by a
dielectric medium and is used for storing electrostatic energy.

Capacitance: The capacitance of a capacitor is the ratio of the charge on one of its
conductors to the potential difference between the conductors.

We make use of this definition of capacitance and other results derived previously in
this Chapter for finding out the capacitance of the transmission lines.

Consider a 1-φ transmission line as shown in Fig. 3.4. Let a fixed potential V be applied
between the conductors so that the charge per unit length of each conductor is ρL coulomb per
metre. The length of the line is very large as compared with the distance of separation h of the
conductors, and radius r of each conductor is very small as compared to the distance of
separation. It is to be noted that the charge ρL coulomb/metre is distributed on the surface of
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the conductor which is non-uniformly distributed over the surface such that it has higher
density on the adjacent sides of the conductors. This charge distribution can be considered as
a line charge as in the previous section. The surface of the conductor represents an equipotential
surface with circular cross-section and radius equal to r. So the objective will be to find out the
equivalent line charge distribution for a system of two conductors with operating voltage V,
distance of separation h and radius of the equipotential surface r. This equivalent charge
distribution, as can be seen from Fig. 3.4 and the results of the previous section, will be a line
charge ρL coulomb/metre separated by a distance s, where s can be obtained from any of the
equations (3.13) or (3.14).

P

�L

r

xx

–�L

hh

���
�	
��!*φ� �����+����%�������

Refer to section 3.3. V is a function of K and is given by

V = 
ρ
πε

L

0
 ln K

From this C = 
ρ πεL

V K
= 0

ln
 F/metre

The value of K can be obtained from equations (3.13) and (3.14) by eliminating s from
these equations.

  r = 
2

12

Ks
K −

 h = 
K
K

s
2

2

1
1

+
−

or h
r

K
K

=
+2 1

2

or      K2 – 2K 
h
r

 + 1 = 0

or K = 
2

4
4

2

2

2
h
r

h
r

± −
 = 

h
r

h r± −2 2 1/ (3.15)

Since the capacitance of a given system is constant only one of the two values of K is to

be used. Since 
h
r

 >> 1,

K ~ 
h
r

 + 
h
r

(3.16)
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Since K ≠ 0 only positive sign is taken into account. Therefore

C = 
πε0

2

2 1
h
r

h
r

+ −

 F/metre (3.17)

The expression for capacitance obtained above is very accurate. However, it could be
assumed that the charge is uniformaly distributed which is not very far from the actual condition

for power system problems where 
h
r

 >> 1. The derivation is much more simplified and is as

follows (refer to Fig. 3.4):

Since the charge is assumed to be uniformly distributed over the surface of the conductor,
this could be considered as concentrated along the axis on conductor. The electric field intensity
at point P due to ρL is

E+ = 
ρ
πε

L

x2 0
(3.18)

and is directed along ax . Similarly electric field intensity at P due to – ρL

E– = 
ρ

πε
L

h x2 0( )−
(3.19)

along ax  again, as this time the force experienced by a unit positive charge at P will be towards
the negative charge (force of attraction).

Total electric field intensity at P

E = 
ρ
πε

L

x h x2
1 1

0
+

−
�

	



�

�
 (3.20)

The potential difference between the conductors

         V = – 
h r

r

−�  E dx

= 
ρ
πε

L

r

h r

x h x2
1 1

0

−

� +
−

�
��

�
��

 dx

= 
ρ
πε

L
r
h rx h x

2 0
ln ln ( )− − −

= 
ρ
πε

L

2 0
 [ln (h – r) – ln r – ln {h – (h – r)} + ln (h – r)]

= 
ρ
πε

L h r
r2

2
0

ln
−

 = 
ρ
πε

L h r
r0

ln
−

(3.21)

Since h >> r, h – r ~ h.

∴ V = 
ρ
πε

L h
r0

ln
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or C = 
ρ πεL

V h r
= 0

ln /
 F/metre (3.22)

Equation (3.22) corresponds to the expression for capacitance of a single phase
transmission line. Compare this expression with the expression for inductance equation (2.17)
of a single phase transmission line. Equation for inductance contains a constant term
corresponding to the internal flux linkages whereas since charges reside on the surface of the
conductor, similar term is absent in the capacitance expression. As a result of this, the radius
in the expression for capacitance is the actual outside radius of the conductor whereas for
inductance equation (2.18) the radius is the self GMD of the conductor. The concept of self
GMD is applicable for inductance calculation and not for the capacitance.

Sometimes it is required to know the capacitance between one conductor and a neutral
point between them which will be defined as the charge on one of the conductors per unit of
voltage difference between the neutral and the conductor. This means the capacitance of one
conductor with respect to the neutral plane is two times the capacitance of the single-phase
line (Fig. 3.5).

Can = 2Cab = 
2 0πε

ln
h
r

a b

Cab

a N b

Can Cbn

�

���
�	
�
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For an untransposed line the capacitances between conductor to neutral of the three conductors
are unequal. In transposed lines the average capacitance of each conductor to neutral is the
same as the capacitance to neutral of any other phase. The dissymmetry of the untransposed
line is slight for the usual transmission lines and, therefore, the calculations for capacitance
are carried out as though the lines were completely transposed. The three positions of the
conductors are shown in Fig. 3.6.

P

c b

a a cb
bc

a

bb

aa

D cD c

D bD b

D aD a

cc

���
�	
��.���++����	������/�	��� �����/%����'*/
���� �����+����%�� �����
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Since the potential due to a linear charge is a linear function of the charge it follows that
the potentials of more than one charges are linearly superposable.

Considering Fig. 3.6, let a point P be at a large distance D from the system such that Da,
Db and Dc are approximately same. It is required to find out the potential of conductor a due to
charges ρa, ρb and ρc per unit length of the conductors. Since it is a 3-phase balanced system,
taking ρa as the reference charge,

ρb = ρa ∠– 120 and ρc = ρa ∠120

The potential of conductor ‘a’ with respect to point P due to the charge on the conductor
itself,

Vaa = 
ρ
πε

a aD
r2 0

ln (3.23)

Similarly, the potential of conductor ‘a’ due to the charges ρb and ρc respectively are

ρ
πε

ρ
πε

b b c cD
c

D
b2 20 0

ln lnand

∴ Va′ = 
1

2 0πε
ρ ρ ρa

a
b

b
c

cD
r

D
c

D
b

ln ln ln+�
	


�
�

+ (3.24)

Similarly, the potential of conductor a in the other two positions is given by

Va″ = 
1

2 0πε
ρ ρ ρa

b
b

c
c

aD
r

D
a

D
c

ln ln ln+�
	


�
�

+ (3.25)

and Va′″ = 
1

2 0πε
ρ ρ ρa

c
b

a
c

bD
r

D
b

D
a

ln ln ln+�
	


�
�

+ (3.26)

The average voltage of phase a with respect to point P

 Va = 
V V Va a a′ + ″ + ′ ″

3

= 
1

6 0
3πε

ρ ρ ρa
a b c

b
a b c

c
a b cD D D

r

D D D
abc

D D D
abc

ln ln ln+�
	


�
�

+ (3.27)

Now ρa + ρb + ρc = 0

∴         ρb + ρc = – ρa

Substituting this in the expression (3.27),

 Va = 
1

6 0
3πε

ρ ρ ρa
a b c

b c
a b cD D D

r

D D D
abc

ln ( ) ln+�
	


�
�

+

= 
1

6 0
3πε

ρ ρa
a b c

a
a b cD D D

r

D D D
abc

ln ln−�
	


�
�

= 
ρ
πε

a abc

r6 0
3ln
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= 
ρ
πε

a abc
r2 0

3
ln

= 
ρ
πε

a

r2 0
ln

GMD

or   C = 
ρ πεa

aV
r

=
2 0

ln
GMD

 F/metre (3.28)

Since the conductors b and c also occupy the same three positions as occupied by conductor
a, the average voltage of the conductors is same and, therefore, the capacitance is also the
same.

For a symmetrical spacing of the conductors,

a = b = c = h

∴ C = 
2 0πε

ln
h
r

(3.29)

Example 3.1: Determine the capacitance and the charging current per km when the
transmission line of example 2.2 is operating at 132 kV.

Solution: The radius of conductor = 0.4 cm.

The mutual GMD of conductors, Dm = 2.015 metres.

∴ Capacitance per phase per metre = 
2

2 015
0 4

10

0

2

πε

ln
.
.

×
 F/metre

= 
10

18
2015
0 4

9−

× ln
.

.

 = 8.928 pF/metre

= 8.928 × 10–12 × 103 F/km

= 8.928 × 10–9 F/km

The charging current = 
132 1000

3

×
 × 8.928 × 10–9 × 314

= 0.2136 amp/km. Ans.
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Normally two configurations of conductors are used: (i) hexagonal spacing, and (ii) flat vertical
spacing. First of all an expression of capacitance for hexagonal spacing is derived.

Hexagonal Spacing

Since the conductors of the same phase are connected in parallel the charge per unit length is
the same (Fig. 3.7). Also, because of the symmetrical arrangement the phases are balanced

www.EngineeringBooksPdf.com



)� � ������� ���#����$�����

and the conductors of each phase are also balanced if the effect of ground is neglected. Therefore,
the transposition of conductors is not required.

DD

c'a

DD
DD

b b'

a'c

3D3D 2D2D

���
�	
 �2%&3���	��	&��� ����45�6�%�����/�	���

Assume a point P very far from the system of conductors such that the distances of the
conductors from P are almost same. It is to be noted here that point P corresponds to almost
zero potential. The potential of conductor a with respect to point P due to the charge on the
conductor itself and the charges on conductors b, c, a′, b′ and c′ is given by

Va = 
ρ
πε

ρ
πε

ρ
πε

ρ
πε

ρ
πε

a a b b c c a a b bD
r

D
D

D

D

D
D

D

D2 2 2 3 2 2 2 30 0 0 0 0
ln ln ln ln ln+ + + +′ ′ ′ ′

+ 
ρ
πε

c cD
D

′ ′

2 0
ln (3.30)

Since  ρa = ρa′, ρb = ρb′ and ρc = ρc′

Va = 
1

2 2 30πε
ρ ρa

a a
b

b bD
r

D
D

D
D

D

D
ln ln ln ln+�
��

�
��

+ +
�
��

�
��

�

	

 ′ ′  + ρc

c cD

D

D
D

ln ln
3

+
�
��

�
��
�

�
′

= 
1

2 0πε
ρ ρ ρa a a b b b c c cD D D D D Dln ( ) ln ( ) ln ( )′ ′ ′+ +�
	


+ + +
�

�



ρ ρ ρa b cDr D D
ln ln ln

1
2

1

3

1

32 2

= 
1

2 0πε
 (ρa + ρb + ρc) ln (DaDa′)

+ 
1

2
1

2
1

30 2πε
ρ ρ ρa b cDr D

ln ( ) ln+ +
�

	





�

�



(3.31)

Since DaDa′ = DbDb′ = DcDc′.

Also since ρa + ρb + ρc = 0,

Va = 
1

2
1

2
1

30 2πε
ρa Dr D

ln ln−
�

�
�

�

�
�
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Va = 
ρ
πε

a D
r2

3
20

ln

or  C = 
ρ πεa

aV D
r

= 2

3
2

0

ln
 F/metre/conductor. (3.32)

Equation (3.32) represents an expression for the capacitance of conductor a alone, whereas
there are two conductors per phase a and a′. Therefore, the capacitance of the system per
phase will be twice the capacitance of one conductor to neutral, i.e.,

C = 
4

3
2

0πε

ln
D
r

 F/metre/phase (3.33)

Here expression for capacitance for phase a has been derived. Since the conductors of
different phases are symmetrically placed, the expression for capacitance for other phases will
also be the same.

Flat Vertical Spacing

Refer to the system of conductors in Fig. 3.8. The conductors of different phases are not
symmetrically placed; therefore, the derivation of capacitance expression will require the
transposition of conductors as shown in Fig. 3.8.

a

b

c

c'

b'

�a�

hh

gg

ff

dd

c b' b a'

a a' c c'

b �c� a �b�

1 2 3

���
�	
!�2%&3���	��	&��� �����7����	����/�	��8������/%���������

It is required to find out average voltage of conductor a in the three different positions
due to the charge on conductor a and the conductors b, c, a′, b′ and c′. For this we again assume
a point very far from the system of conductors such that Da ~−  Db ~−  Dc ~−  Da′ ~−  Db′ ~−  Dc′.

Since point P is at a very large distance from the system of conductors, the potential of
point P is approximately zero. The potential of conductor a in position 1.

Va′ = 
1

2 20πε
ρ ρ ρa

a
b

b
c

cD
r

D
d

D
d

ln ln ln+ +�
	


+ + +
�

�
′

′
′

′
′

′ρ ρ ρa
a

b
b

c
cD

f
D
g

D
h

ln ln ln (3.34)

Using the relations Da ~−  Db ~−  Dc ~−  Da′ ~−  Db′ ~−  Dc′, ρa + ρb + ρc = 0, and ρa = ρa′, ρb = ρb′,
ρc = ρc′.

www.EngineeringBooksPdf.com



)" � ������� ���#����$�����

  Va′ = 
1

2
1 1 1

20πε
ρ ρ ρa b crf dg dh

ln ln ln+ +
�

	



�

�
 (3.35)

The potential of conductor a in position 2.

 Va″ = 
1

2
1 1 1

0πε
ρ ρ ρa b crh dg dg

ln ln ln+ +
�

	



�

�
 (3.36)

The potential of conductor a in position 3.

Va′″ = 
1

2
1 1

2
1

0πε
ρ ρ ρa b crf dh dg

ln ln ln+ +
�

	



�

�
 (3.37)

The average potential of conductor a in three positions

Va = 
1

6
1 1

2
1

20
3 2 3 2 3 2πε

ρ ρ ρa b c
r f h d g h d g h

ln ln ln+ +
�

	



�

�


    = 
1

6
1 1

20
3 2 3 2πε

ρ ρa ar f h d g h
ln ln−

�

	



�

�


Since ρa + ρb + ρc = 0,

∴  Va = 
ρ
πε

a d g h
r f h6

2

0

3 2

3 2ln

= 
ρ
πε

a d
r

g
f2

3 2

0

2 3

ln
/

�
��
�
��

∴   C = 
ρ πεa

aV d
r

g
f

=
�
��
�
��

2

2

0

3
2 3

ln
/  F/metre/conductor (3.38)

The capacitance C per phase of the system

  C = 
4

2

0

3
2 3

πε

ln .
/

d
r

g
f
�
��
�
��

 F/metre/phase. (3.39)

Example 3.2: Determine the capacitance and the charging current per km when the
transmission line of example 2.5 operates at 220 kV, dia of conductor = 2.5 cm.

Solution: The mutual GMD of the circuit will be same as calculated in example 2.5. The
procedure for evaluating self GMD is same as in case of problem 2.5 except that for r′, r is used,
as the electric charge resides on the surface of the conductor unlike the magnetic flux which is
present inside the conductor.

Mutual GMD = 6.61 metres

Ds1
= × ×−1.25 10 10.9652  = 0.3702 metre = Ds3

Ds2
= × ×−1.25 10 92  = 0.3354 metre
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∴ Ds = D D Ds s s1 2 3
3 3 0 045965899= .  = 0.3582 metre

∴ Capacitance per km = 
10

18
6 61

0 3582

6−

ln
.

.

 = 0.019056 µF/km

∴ Charging current per km = 
220 1000

3

×
 × 314 × 0.01905 × 10–6

 = 0.76 amp/km. Ans.

Example 3.3: Determine the capacitance and charging current per km of the line of
example 2.7 if the line operates at 220 kV, dia = 4.5 cms.

Solution: The mutual GMD of the system is same as in example 2.7 i.e., GMD = 8.19
metres.

Ds = 2 25 10 0 42. .× ×−  = 0.094868 metre

∴ Capacitance per km = 10

18
8 19

0 094868

6−

ln
.

.

 = 0.01246 µF

The charging current per km = 
220 1000

3

×
 × 314 × 0.01246 × 10–6

 = 0.497 amp. Ans.
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The electric flux lines due to an isolated (effect of earth neglected) positively charged conductor
emanate from the conductor and terminate on to an imaginary conductor placed at infinity.
The electric flux lines and the equipotential lines are orthogonal to each other. In case the
effect of earth is taken into account the distribution of flux lines will change remarkably. The
earth is considered to be conducting and an equipotential plane of infinite extent. Therefore,
these flux lines are forced to cut the surface of the earth orthogonally. The positive charge on
the conductor induces negative charge on the earth surface. This distribution of charge on the
surface of the earth should be replaced by an equivalent charge for the calculation of electric
field potential and other related quantities due to this isolated charged conductor. The method
of images due to Kelvin refers to the replacement of a surface distribution of charge on a
conducting surface by suitable charges. Since earth is an equipotential plane which is possible
only if we assume the presence of an imaginary conductor below the surface of the earth at a
depth equal to the height of the actual conductor above the surface of the earth. Also the
charge on the conductor should be opposite to the charge on the actual conductor. Thus the
earth can be replaced for the calculation of capacitance by a fictitious charged conductor with
charge equal and opposite to the charge on the actual conductor and at a depth below the
surface of the earth as the height of the actual conductor above earth. This imaginary conductor
is called the image of the actual conductor.
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Capacitance of single conductor: It is
required to calculate the capacitance of this conductor
to ground. As discussed above, the earth can be
replaced by a fictitious conductor as shown in Fig.
3.9. This means the single conductor with the earth
is equivalent to a single-phase transmission line. The
capacitance for a single-phase transmission line from
equation (3.22) is given as

C = 
πε0

2ln ( / )h r
(3.40)

∴ The capacitance C of the conductor with
reference to ground

C = 
2
2

0πε
ln ( / )h r

 F/metre (3.41)
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Conductors a and b constitute the transmission line and the conductors a′ and b′ their
corresponding images (Fig. 3.10).

Assuming that the conductors a and b are running physically parallel to earth and are
at the same heights above the ground, then Daa′ = Dbb′ and Dab′ = Dba′.

We calculate the potential of conductor a with respect to point P which is very far away
from the system, due to the charges, viz., charge on the conductor a and its image and conductor
b and its image.

a'

a b

�b�

Daa�Daa�

���
�	
�/������*/
������������������+���

Va = 
ρ
πε

ρ
πε

ρ
πε

ρ
πε2 2 2 20 0 0 0

ln ln ln ln
D
r

D
D

D
D

D
D

a a

aa

b

ab

b

ab
− − +′

′

′

′

    = 
ρ
πε2 0

ln
D

r
D
D

ab aa

ab

′

′
(3.42)
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∴ ρ πε
V

C
D

r
D
D

a ab aa

ab

= =
′

′

2 0

ln
(3.43)

Therefore, the capacitance of the single phase transmission line will be

  C = 
πε0

ln
D
r

D
D

ab aa

ab

′

′

From the expression for capacitance it is clear that since the ratio 
D
D

aa

ab

′

′
 < 1, the effect of

earth on the capacitance of the system is to increase it. However, normally the distance of
separation between the conductors is much smaller than the height of the conductor above the

ground; therefore, the ratio D
D

aa

ab

′

′
 ~ 1 and for all practical purposes the effect of earth can be

neglected.
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Since the conductors along with their images are unsymmetrically spaced the capacitance
calculation will be made by transposing the lines (Fig. 3.11).

Again assuming a point P very far from the system the potential of conductor a in
position 1.

Va′ = 
1

2 0πε
ρ ρ ρa

a a

aa
b

b

ab

b

ab
c

c

ac

c

ac

D
r

D
D

D
D

D
D

D
D

D
D

ln ln ln ln ln ln−
�

��
�

��
+ −

�

��
�

��
+ −

�

��
�

��
�
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′

′

′

′

′

′

 = 
1

2 0πε
ρ ρ ρa

aa
b

ab

ab
c

ac

ac

D
r

D
D

D
D

ln ln ln′ ′ ′+ +
�

	



�

�
 (3.44)

c

�c�

a

�a�

b

�b�

Dcc�Dcc� Daa�Daa�
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Potential of a in position 2.

 Va″ = 
1

2 0πε
ρ ρ ρa

bb
b

bc

bc
c

ba

ba

D
r

D
D

D
D

ln ln ln′ ′ ′+ +
�

	



�

�
 (3.45)

Similarly potential of a in position 3.

Va′″ = 1
2 0πε

ρ ρ ρa
cc

b
ca

ca
c

cb

cb

D
r

D
D

D
D

ln ln ln′ ′ ′+ +
�

	



�

�
 (3.46)

The average voltage of conductor a,

Va = 
1

6 0
3πε

ρ ρ ρa
aa bb cc

b
ab bc ca

ab bc ca
c

ac ba cb

ac ba cb

D D D

r

D D D
D D D

D D D
D D D

ln ln ln′ ′ ′ ′ ′ ′ ′ ′ ′+ +
�

	



�

�
 (3.47)

Since Dab′ = Dba′ , Dbc′ = Dcb′ and Dca′  = Dac′.

Va = 
1

6 0
3πε

ρ ρa
aa bb cc

a
ab bc ca

ab bc ca

D D D

r

D D D
D D D

ln ln′ ′ ′ ′ ′ ′−
�

	



�

�


     = 
ρ
πε

a ab bc ca aa bb cc

ab bc ca

D D D

r

D D D
D D D6 0

3. ln . ′ ′ ′

′ ′ ′

∴  C = 
ρ πεa

a ab bc ca aa bb cc

ab bc ca

V D D D

r
D D D
D D D

=
′ ′ ′

′ ′ ′

2 0
3

3ln

 F/metre (3.48)

It can be seen from the expression that the effect of earth is to increase the capacitance.
But normally the height of the conductors is large as compared to the distance of separation
between the conductors and, therefore, for all practical purposes the effect of earth on the
capacitances can be neglected.

�������

3.1. Do you get a constant term in the expression for capacitance as in case of inductance ? Give
reasons.

3.2. Derive an expression for the capacitance per km of a single phase line taking into account the
effect of ground.

3.3. What is method of images ? Derive an expression for the capacitance per unit length of a 3-phase
line completely transposed. What is the effect of earth on the capacitance of the line ?

3.4. Determine the capacitance and charging current per unit length of the line when the arrangement
of the conductors is as shown in Fig. P.3.4.

3 m 3 m

20 mm

���
��
	
�

The operating voltage is 132 kV.
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3.5. Determine the capacitance and charging current per unit length of the line when the arrange-
ment of the conductor is shown in Fig. P.3.5. The line is completely transposed.

5m 5m

a a� b b� c c�
0.4m

���
��
	
�

The dia of conductor is 15 mm, and operating voltage is 220 kV.

3.6. A 3-phase double circuit line is shown in Fig. P.3.6. The diameter of each conductor is 2 cm.
Determine the capacitance and charging current per km length of the line, assume that the line
is transposed and the operating voltage 220 kV.

5m

c a�

2.2m

b b�

2.2m

a c�

���
��
	
�

3.7. Determine the capacitance and charging current per km length of the double circuit 3-phase line
as shown in Fig. P.2.8. The transmission line is transposed within each circuit and each circuit
remains on its own side. The dia of each conductor is 15 mm and operating voltage 220 kV.

����������

1. Electromagnetics, Kraus.

2. Elements of Power System Analysis, W.D. Stevenson, Jr., 1962.

3. The Transmission and Distribution of Electrical Energy, H. Cotton, The English University Press
Ltd. 1958.

4. Principles of Electric Power Transmission, H. Waddicor, Chapman and Hall, London, 5th ed.,
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Definition: By performance of lines is meant the determination of efficiency and regulation of
lines.

The efficiency of lines is defined as

% efficiency = 
Power delivered at the receiving end

Power sent from the sending end
 × 100

% efficiency = 
Power delivered at the receiving end

Power delivered at the receiving end + losses
 × 100

The end of the line where load is connected is called the receiving end and where source
of supply is connected is called the sending end.

The regulation of a line is defined as the change in the receiving end voltage, expressed
in per cent of full load voltage, from no load to full load, keeping the sending end voltage and
frequency constant. Expressed mathematically,

% regulation = 
V V

V
r r

r

′ −
 × 100 (4.1)

where Vr′ is the receiving end voltage under no load condition and Vr the receiving end voltage
under full load condition. It is to be noted here that Vr′ and Vr are the magnitudes of voltages.
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A transmission line is a set of conductors being run from one place to another supported on
transmission towers. Such lines, therefore, have four distributed parameters, series resistance
and inductance, and shunt capacitance and conductance. It will be shown later on in this
chapter that the voltages and currents vary harmonically along the line with respect to the

��

	
�����������
��
�����
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0 3000 km 6000 km

distance of the point under consideration. This
observation is very important in representing
the lines of different lengths. It is to be noted
that the electrical power is being transmitted
over the overhead lines at approximately the
speed of light. In order to get one full wave
variation of voltage or current on the line the
length of the line for 50 Hz supply will be given
by

f . λ = v

where f is frequency of supply, λ is the wavelength i.e., the length of the line in this case and v
the velocity of the wave i.e., the velocity of light.

Substituting for f = 50 and v = 3 × 108 m/sec.,

λ = 
v
f

= ×3 10
50

8

 = 6 × 106 metres

   = 6000 km.

This means that if the length of the line is 6000 km the voltage or current wave at the
two ends of the line will be as shown in Fig. 4.1.

Generator
Line

Load

(a) Single-line diagram of a 3-phase system

(b) 3-phase diagram of (a)

R

N

YB

Star

���
�	
�

For line lengths less than about 160 km, the voltage or current variation on the line is
not much and it can be said that for line length of about 160 km the parameters could be
assumed to be lumped and not distributed. Such lines are known as electrically short
transmission lines. In power systems these electrically short transmission lines are again
categorised as short transmission lines and medium transmission lines. The lines up to about
80 km are termed as short transmission lines where the effect of shunt capacitance is neglected

���
�	
�������������������������� ��!"���##�$%
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E

Zs

Z
l

ZL

and the lines above 80 km and below 160 km length are termed as medium length lines. For
medium length lines the shunt capacitance can be assumed to be lumped at the middle of the
line or half of the shunt capacitance may be considered to be lumped at each end of the line.
The two representations of medium length lines are termed as nominal-T and nominal-π
respectively. For line lengths more than 160 km the parameters are distributed and rigorous
calculations are required to be made except in certain cases where lines up to 250 km can be
analysed using nominal-π representation.

A typical 3-phase system is shown in Fig. 4.2. A 3-phase star load is connected to the
generator through a 3-phase transmission system. The 3-phase system is normally balanced
system irrespective of the fact that the conductors are not transposed, as the untransposed
conductors introduce slight dissymmetry which can be
ignored for all practical purposes.

It is known that the sum of all the currents in a
balanced polyphase network is zero and, therefore, the
current through the wire connected between the star
point of the load and neutral of the system is zero. This
means that the star point of the load and neutral of the
system are at the same potential.

A 3-phase balanced system can, therefore, be
analysed on single-phase basis in which the neutral wire
is of zero impedance. The equivalent single-phase
representation of Fig. 4.2. is shown in Fig. 4.3.
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The equivalent circuit and vector diagram for a short transmission line are shown in Fig. 4.4(a)
and (b) respectively.

The vector diagram is drawn taking Ir, the receiving end current, as the reference.

From the vector diagram,

Vs cos φs = Vr cos φr + Ir R (4.2a)

Vs sin φs = Vr sin φr + Ir X (4.2b)

Squaring and adding equations (4.2a) and (4.2b),

 V V I RV I XV I R Xs r r r r r r r r
2 2 2 2 22 2= + + + +cos sin ( )φ φ (4.3)

  Vs = Vr 1
2 2 2

2
2 2+ + + +

I R
V

I X
V

I

V
R Xr r

r

r r

r

r

r

cos sin
( )

φ φ

In practice the last term under the square root sign is generally negligible; therefore,

  Vs = Vr 1
2 2

1/2

+ +
�

��
�

��
�
�
	


	

�
�
	

	

I R
V

I X
V

r

r
r

r

r
rcos sinφ φ (4.4)
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Is Ir
R + jX

VsVs VrVr

(a) (b)

Vs

IrR

jIrX

Ir

Vr

�s�r

���
�	
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The terms within the simple brackets is small as compared to unity. Using binomial
expansion and limiting only to second term,

Vs ~−  Vr + IrR cos φr + IrX sin φr (4.5)

Here Vs is the sending end voltage corresponding to a particular load current and power
factor condition. It can be seen from the equivalent circuit of short line that the receiving end
voltage under no load Vr′ is the same as the sending end voltage under full load condition, i.e.,

Vr′ = Vs

∴   % regulation = 
V V

V
s r

r

−
 × 100

     = 
I R
V

I X
V

r

r
r

r

r
rcos sinφ φ+

�

��
�

��
 × 100 (4.6)

or     regulation per unit = 
I R
V

I X
V

r

r
r

r

r
rcos sinφ φ+

     = vr cos φr + vx sin φr (4.7)

where vr and vx are the per unit values of resistance and reactance of the line. It will be shown
later on in this chapter that in a four terminal passive network the voltage and current on the
receiving end and sending end are related by the following pair of equations:

Vs = AVr + BIr (4.8)

 Is = CVr + DIr (4.9)

where A, B, C, D are called the constants of the network. The transmission line is also a four-
terminal network and it is now desired to find these constants for short transmission line.

Before these constants are determined it is desirable to understand what these constants
are.

From equation (4.8),

A = 
V
V

s

r Ir = 0

This means A is the voltage impressed at the sending end per volt at the receiving end
when receiving end is open. It is dimensionless.
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B = 
V
I

s

r Vr = 0

B is the voltage impressed at the sending end to have one ampere at the short circuited receiving
end. This is known as transfer impedance in network theory.

From equation (4.9),

C = 
I
V

s

r Ir = 0

C is the current in amperes into the sending end per volt on the open-circuited receiving end.
It has the dimension of admittance.

D = 
I
I

s

r Vr = 0

D is the current at the sending end for one ampere of current at the short circuited receiving
end. The constants A, B, C and D are related for a passive network as follows:

 AD – BC = 1

This relation provides a good check on the values of these constants.

The sending end voltage and current can be written from the equivalent network as

Vs = Vr + IrZ (4.10)

 Is = Ir (4.11)

Comparing the coefficients  of equations (4.10) and (4.11) with equations (4.8) and (4.9)
respectively, the constants for short transmission line are

A = 1

B = Z

C = 0

D = 1

Checking the values of A, B, C and D with the relation

AD – BC = 1

1 . 1 – Z . 0 = 1

So, the values calculated are correct for a short transmission line.

The ABCD constants can be used for calculation of regulation of the line as follows:

Normally the quantities P, Ir and cos φr at the receiving end are given and of course the
ABCD constant. Then determine sending end voltage using relation

Vs = AVr + BIr

To determine Vr′ the no load voltage at the receiving end, equation (4.8) is made use of

   Vr′ = 
V
A

s , when Ir = 0

% regulation = 
V A V

V
s r

r

/ −
 × 100
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is thus evaluated.

To determine % η of transmission, the following relation is made use of:

% η = 
Power received at the receiving end

Power received at the receiving end losses+
 × 100

       = 
P

P I Rr+ 3 2  × 100

where R is the resistance per phase of the line.

Example 4.1: Determine the voltage at the generating station and the efficiency of
transmission for the following 1-phase system:

10 + j30 �
250 kVA, 2kV, 0.8 p.f.

Transformer ratio 2 kV/11 kV. The resistance on l.v. side = 0.04 ohm and h.v. side 1.3
ohm. Reactance on l.v. and h.v. side is 0.125 ohm and 4.5 ohm.

Solution: The transmission line equivalent impedance when referred to l.v. side will be

Z = 10 × 
2
11

30
2
11

2 2
�
��
�
��

+ × �
��
�
��

j

   = (0.33 + j0.99)

Transformer impedance = 0.04 + 1.3 × 
2
11

0 125 4 5
2
11

2 2
�
��
�
��

+ + × �
��
�
��

j j. .

  = (0.083 + j0.273)

The equivalent circuit for the total system

0.083 + j0.273 � 0.33 + j0.99 � 0.083 + j0.273 �

Load 250 kVA, 2 kV, 0.8 p.f.

The line current = 
250 1000

2000
×

 = 125 amps.

The line loss = I 2R = 1252 × 0.496 = 7.7 kW

The output = 250 × 0.8 = 200 kW

∴   % η = 
200

200 7 7+ .  × 100 = 96.3%. Ans.
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Taking Ir as the reference, the sending end voltage

 Vs = (Vr cos φr + IR) + j(Vr sin φr + IX)

= (2000 × 0.8 + 125 × 0.496) + j(2000 × 0.6 + 125 × 1.536)

= 2168 volts. Ans.

Example 4.2: A load of three impedances each (6 + j9) is supplied through a line having
an impedance of (1 + j2) ohm. The supply voltage is 400 volts 50 Hz. Determine the power
input  and output when the load is (i) star connected and, (ii) delta connected.

Solution: When load is star connected:

The line to neutral voltage = 
400

3
 = 231 volts

The impedance per phase = (6 + j9) + (1 + j2)

= (7 + j11) ohm.

∴ Line current = 
231

7 11+ j
 = 17.7 amp

Power input = 3 × 17.72 × 7 = 6591 watts

Power output = 3 × 17.72 × 6 = 5649 watts

When load is mesh connected: For the same impedance (6 + j9), the equivalent star
impedance will be

        
1
3

 (6 + j9) = (2 + j3) ohm.

The impedance per phase = (2 + j3) + (1 + j2) = (3 + j5)

∴     Line current = 
231

3 5+ j
 = 39.6 amps.

Power input = 3 × 39.62 × 3 = 14124.9 watts

Power output = 3 × 39.62 × 2 = 9416 watts. Ans.

From the above problem it is clear that for a particular supply voltage and particular
load impedance the power consumed is more when the load is delta connected than when it is
star connected.

Example 4.3: A 3-phase 50 Hz transmission line has conductors of section 90 mm2 and
effective diameter of 1 cm and are placed at the vertices of an equilateral triangle of side 1
metre. The line is 20 km long and delivers a load of 10 MW at 33 KV and p.f. 0.8. Neglect
capacitance and assume temperature of 20°C. Determine the efficiency and regulation of the
line.

Solution: The inductance of the line

= 2 × 10–7 ln d
r

 H/metre

= 2 × 10–7 ln 
100
0 5.

 = 10.59 × 10–7 H/metre

∴ Inductance of 20 km length of line = 2.119 × 10–2 H

Inductive reactance = 6.65 ohm
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Now resistance of copper conductor at 20°C is 
1

58
 per metre length when the section is

1 mm2.

∴ Resistance = 
1

58
20 1000

90
× ×

 = 3.83 ohm

The current = 
10 1000
3 33 0 8

×
× × .

 = 218.68 amps

Since the capacitance is to be neglected, the receiving end current is same as the sending
end and, therefore,

the loss on the line = 3 × 218.682 × 3.83 = 0.549 MW

∴   η = 
output

output loss+
=

+
10

10 0 549.
 = 0.9479

To determine the voltage regulation we determine the sending end voltage

 Vs = (Vr cos φr + IrR) + j(Vr sin φr + IrX)

    = (19052 × 0.8 + 218.68 × 3.83) + j(19052 × 0.6 + 218.68 × 6.65)

    = 16079 + j12885

Vs = 20605 volts

Since it is a short line, the voltage regulation will be

% regulation = 
20605 19052

19052
−

 × 100 = 8.15%. Ans.

Example 4.4: A 400 V, 3-phase 4-wire service mains supplies a star connected load. The
resistance of each line is 0.1 ohm and that of neutral 0.2 ohm. The load impedances are ZR
= (6 + j9), ZY = 8 ohms and ZB = (6 – j8). Calculate the voltage across each load impedance and
current in the neutral. Phase sequence RYB.

Solution: Since it is a 3-phase, 4-wire system, the current in each line can be found out
considering each phase independent of each other and then we add all the three currents to
find out the current in the neutral.

Taking phase R as reference,

  IR = 
400 0 0

3 6 3 9 0

+
+

j

j

.

( . . )

= 
231 6 3 9 0

120 69
( . . )

.
− j

 = 12.06 – j17.22

  IY = 
231 120

8 3
∠ −

.
 = 27.83(– 0.5 – j0.866)

= – 13.92 – j24.1

  IB = 
231 120
6 3 8

231 6 3 8 120
103 69

∠
−

= + ∠
( . )

( . )
.j
j

 = 2.23(6.3 + j8) ∠120

= (14.05 + j17.84) (– 0.5 + j0.866) = – 22.47 + j3.24
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The neutral current = IR + IY + IB = (– 24.33 – j38.08) amps

= 45.18 amps.

Voltage across phase R impedance = (12.06 – j17.22) (6 + j9)

= 72.36 + 154.98 + j108.54 – j103.32

= 227.4 volts. Ans.

Voltage across phase Y impedance = (– 13.92 – j24.1) (8)

= 226.65 volts. Ans.

Voltage across phase B impedance = (– 22.47 + j3.24) (6 – j8)

= – 134.82 + 25.92 + j19.44 + j179.76

= 227.02 volts. Ans.

	
� �������������������

It has been mentioned previously that transmission lines with lengths between 80 km and 160
km are categorised as medium length lines where the parameters are assumed to be lumped.
The shunt capacitance is either assumed to be concentrated at the middle of the line or half of
the total capacitance is concentrated at each end of the line. The two configurations are known
as nominal-T and nominal-π respectively. The nominal circuits  are shown in Figs. 4.5 (a) and
(b).

Is Ir

VsVs VrVr

(a) Nominal-T

Ic

Y = j c�

Vc

R
2

X
2

+ j R
2

X
2

+ j

VsVs VrVr

(b) Nominal-�

Ic1

Y
2

Y
2

IrI
l

R + jX

���
�	
�

It is to be noted that the two representations are approximate to the exact representation
of the actual line. Also the two representations are not equivalent as can be seen by using the
star-delta transformations. However, they are good enough for practical purposes and do not
involve much error.

	
�
��������� �

The vector diagram for lagging power factor load is shown in Fig. 4.6. While analysing the
medium length lines using nominal-T, it is preferable to take receiving end current as the
reference vector as the calculations become relatively easier as compared to taking Vr as the
reference.
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| V |s| V |s

R/2

jX/2

C Vr�

Ic

Ir

Vs

Vc

Vr

jIs X/2

Is R/2

jIr X/2

Is

���
�	
!��*�����������.�������.����,�%

For calculating regulation of the line refer to Fig. 4.5(a). The objective first is to calculate
Vs which is done as follows:

Vc = | |cos .| |sinV j V I
R

j
X

r r r r rφ φ+ + +�
��

�
��� �

2 2
(4.12)

Ic = jωCVc (4.13)

Is = Ic + Ir = Ir + jωCVc (4.14)

Vs = Vc + Is 
R

j
X

2 2
+�

��
�
��

     = | |cos | |sinV j V I
R

j
X

I
R

j
X

r r r r r sφ φ+ + +�
��

�
��

+ +�
��

�
��� �

2 2 2 2
(4.15)

To calculate regulation it is required to calculate Vr′ the
receiving end no load voltage keeping Vs as calculated above fixed
in magnitude. The nominal-T circuit for this condition reduces
to the following:

From Fig. 4.7,

Vr′ = 
| |V

j
C

R
j

X j
C

s −�
��

�
��

+ −

ω

ω2 2

(4.16)

Now the regulation for nominal-T can be obtained as %

regulation = 
V V

V
r r

r

′ −
 × 100

To determine efficiency of the line it is suggested to make use of the following formula:

% η = 
Power delivered at the receiving end

Power delivered at the receiving end loss+
 × 100

The other formula is

% η = 
Power delivered at the receiving end

Power sent at the sending end

���
�	
"��2��3������-��-���

�������������%
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A small error in evaluating phase angle between sending end voltage and current will
lead to inaccurate calculation of efficiency. Therefore, it is suggested to make use of the first
formula.

% η = 
P

P
R

I Ir s+ +3
2

2 2( )
 × 100

where P is the 3-phase power delivered at the receiving end, R is the resistance per phase.

In order to determine A, B, C, D constants for nominal-T (Fig. 4.5).

Vc = Vr + Ir 
Z
2

 Ic = VcY

 Is = Ir + Ic = Ir + VcY = Ir + V I
Z

r r+�
��

�
��2

 Y

Vs = Vc + Is 
Z

V I
Z

I V I
Z

Y
Z

r r r r r2 2 2 2
= + + + +�

��
�
��

�
�



�
�


.

 = Vr 1
2 2 2 4

2

+�
��

�
��

+ + +
�

��
�

��
YZ

I
Z Z YZ

r

 = Vr 1
2 4

2

+�
��

�
��

+ +
�

��
�

��
YZ

I Z
YZ

r

Vs = Vr 1
2

1
4

+�
��

�
��

+ +�
��

�
��

YZ
I Z

YZ
r (4.17)

Is = Ir 1
2

+�
��

�
��

YZ
 + VrY

 = YVr + 1
2

+�
��

�
��

YZ
 Ir (4.18)

Writing down the voltage and current equation,

Vs = AVr + BIr (4.19)

Is = CVr + DIr (4.20)

Comparing the coefficients of equations (4.17) to (4.20)

A = 1 + 
YZ
2

B = Z 1
4

+�
��

�
��

YZ

C = Y

D = 1
2

+�
��

�
��

YZ
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From above it is clear that A = D and

AD – BC = 1
2

1
4

2

+�
��

�
��

− +�
��

�
��

YZ
YZ

YZ

= 1 + 
Y Z

YZ YZ
Y Z2 2 2 2

4 4
− − −

= 1 (4.21)

Therefore, the constants as obtained above are correct.

���������	
��π
The circuit and its vector diagrams are shown in Figs. 4.8 (a) and (b).

For nominal-π it is desirable to take receiving end voltage as the reference vector. Refer
to Fig. 4.8 (b) for calculating Vs.

Is Ir
Z = R + jX

VsVs VrVr

I
l

Ic2
Ic1

Y
2

�C
2

= j Y
2

�C
2

= j

�	������
���
��������π�

Ic1
Ic2

Is

I
l

Ir

Vr
I
l R

jI
l
X

Vs

�	������
���
������
�������
���
��������π�

I jV
C

c r1 2
= ω

  Il = |Ir| (cos φr – j sin φr) + jVr 
ωC
2

Vs = Vr + IlZ

     = Vr + | |(cos sin )I j jV
C

r r r rφ φ ω− +�
�
	



�
�2

 (R + jX) (4.22)

and  Is = Il + I I jV
C

c l s2 2
= + ω
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| V |s| V |s

R

jX

Vr�
�C
2

j

 Is = |Ir| (cos φr – j sin φr) + jV
C

r
ω
2

+ j 
ω

φ φ
ωC

V I j jV
C

R jXr r r r r2 2
+ − +�
�
	



�
�

+


�
�

�

�
�| |(cos sin ) ( ) (4.23)

Having calculated the sending end voltage, it is required to find out no load receiving
end voltage for regulation keeping sending end voltage constant in magnitude. The nominal-π
circuit for this reduces to Fig. 4.9.

      Vr′ = 
| |

/

V
j
C

R jX
j

C

s −�
��

�
��

+ −

2

2

ω

ω

Therefore % regulation = 
V V

V
r r

r

′ −
 × 100

and    % η = 
P

P I Rl+ 3 2  × 100

To determine A, B, C, D constants for nominal-π refer to
Fig. 4.8(a).

 I V
Y

c r1 2
=

 Il = Ir + I I V
Y

c r r1 2
= +

Vs = Vr + IlZ = Vr + I V
Y

r r+�
��

�
��2

 Z

    = 1
2

+�
��

�
��

YZ
 Vr + ZIr (4.24)

Is = Il + I I V
Y

I V
Y

V
YZ

ZI
Y

c l s r r r r2 2 2
1

2 2
= + = + + +�

��
�
��

+
�
�
	



�
�

    = Vr Y
Y Z YZ+

�

��
�

��
+ +�
��

�
��

2

4
1

2
 Ir (4.25)

Comparing the coefficients of equations (4.24) and (4.25) with equations (4.19) and (4.20),

A = 1 + 
YZ
2

B = Z

C = Y 1
4

+�
��

�
��

YZ

D = 1
2

+�
��

�
��

YZ

From above it is clear that

A = D

�	������
�$%�&��'�(

)��)%�(
%��'�
��
�����
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and AD – BC = 1 + 
Y Z

YZ YZ
Y Z2 2 2 2

4 4
+ − −  = 1

which means that the values of A, B, C and D are correct.

Example 4.5: Determine the efficiency and regulation of a 3-phase, 100 km, 50 Hz
transmission line delivering 20 MW at a p.f. of 0.8 lagging and 66 kV to a balanced load. The
conductors are of copper, each having resistance 0.1 ohm per km, 1.5 cm outside dia, spaced
equilaterally 2 metres between centres. Neglect leakance and use (i) nominal-T, and (ii) nominal-
π method.

Solution: Total resistance of line 100 × 0.1 = 10 ohms.

The inductance of the line = 2 × 10–7 × 100 × 1000 ln 
200
0 75.

 H

= 11.17 × 10–2 H

∴ Inductive reactance = 314 × 11.17 × 10–2 = 35.1 ohm

The capacitance/phase = 
2 8 854 10

200
0 75

12π × × −.

ln
.

 × 100 × 1000

= 9.954 × 10–7 = 0.9954 µF.

Nominal-T method: The nominal-T circuit for the problem is given below:

Ir

VsVs VrVr

Ic

0.9954 F�

5 + j17.55 �5 + j17.55 �

�	�����������

Ir = 
20 1000
3 66 0 8

×
× × .

 = 218.68 amps

 Vr = 66 1000

3

×  = 38104 volts

Taking Ir as the reference, the voltage across the condenser will be

 Vc = (38104 × 0.8 + 218.68 × 5) + j(38104 × 0.6 + 218.68 × 17.55)

    = 31576 + j26700

The current Ic = jωCVc = j314(31576 + j26700) × 0.9954 × 10–6

    = j9.87 – 8.34

∴ Is = 218.68 + j9.87 – 8.34 = 210.34 + j9.87

    = 210.57 amps
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∴         Vs = Vc + Is 
Z
2

= 31576 + j26700 + (210.34 + j9.87) (5 + j17.53)

= 31576 + 1051 – 173 + j26700 + j3691 + j49.35

= 32454 + j30440

∴     |Vs| = 44495 volts

The no load receiving end voltage will be

| |( )
.

( )V j
j j

j
j

s −
+ −

= −
−

3199
5 17 55 3199

44495 3199
5 3181

 = 44746 volts

∴ % regulation = 
44746 38104

38104
−

 × 100 = 17.4%. Ans.

To determine η we evaluate transmission line losses as follows:

3[218.682 × 5 + 210.572 × 5] = 1382409 watts = 1.3824 MW

∴ % η = 
20

20 13824+ .
 × 100 = 93.5%. Ans.

Nominal-π method: The nominal-π circuit for the problem is as follows:

Is
10 + j35.1 �

I
l

Ic2
Ic1

0.4977 F�0.4977 F�

�	�����������

For nominal-π it is preferable to take receiving end voltage as the reference phasor. The
current Ir = 218.68 (0.8 – j0.6).

Current Ic1
 = jωCVr = j314 × 0.4977  × 10–6 × 38104 = j5.95 amp

∴   Il = Ir + Ic1
 = 174.94 – j131.20 + j5.95 = 174.94 – j125.25

∴  Vs = Vr + IlZ = 38104 + (174.94 – j125.25) (10 + j35.1)

  = 38104 + 1749.4 – j1252.5 + j6140 + 4396

  = 44249 + j4886 volts

∴          |Vs| = 44518 volts

The no load receiving end voltage will be

44518 6398
10 35 1 6398

44518 6398
10 6363

( )
.

( )−
+ −

= −
−

j
j j

j
j

 = 44762 volts

∴          % regulation = 
44762 38104

38104
−

 × 100 = 17.47%
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Z x�

C x� Y x�

�x�x

V, IV + V, +I �� I

The line current Il = 215.15

∴ Loss = 3 × 215.152 × 10 = 1.388 MW

∴ % η = 
20 100
21388

×
.

 = 93.5%. Ans.

��� �����������������������

So far electrically short transmission lines less than 160 km in length have been considered
wherein the parameters are assumed to be lumped. In case the lines are more than 160 km
long, for accurate solutions the parameters must be taken as distributed uniformly along the
length as a result of which the voltages and currents will vary from point to point on the line.
Consider Fig. 4.10 for analysis.

Ir

VsVs VrVr

Is

V + V� V

II I+ �

�x xx

�	������ 
����
(�����������
 ���'�

Let z = series impedance per unit length
 y = shunt admittance per unit length
l = length of the line
Z = zl = total series impedance
Y = yl = total shunt admittance

For clearity the elemental length dx is redrawn (Fig. 4.11).
For analysis we shall take the receiving

end as the reference for measuring distances.
Take an elemental length dx of the line at a
distance of x from the receiving end. Say the
voltage and current at a distance x are V and I
and at a distance x + dx, V + ∆V and I + ∆I
respectively.

∆V = Iz ∆x

 ∆I = Vy ∆x (4.26)

From equation (4.26)

∆
∆
V
x

 = Iz

 
∆
∆

I
x

 = Vy (4.27)

�	�������
�$%�&��'�(
��
�
����'�'�(���

�'��(�
��
�
���'�
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which in the limit when ∆x → 0 reduce to

dV
dx

 = Iz (4.28)

 
dI
dx

 = Vy (4.29)

Differentiating equation (4.28), we get

d V

dx
z

dI
dx

2

2 =  = z . y . V

or  d V

dx

2

2
 – zyV = 0 (4.30)

The solution of this equation is

 V = A exp ( . ) exp ( . )yz x B yz x+ − (4.31)

Now, from equations (4.28) and (4.31) let

Zc = 
z
y

 and γ = yz  = α + jβ (4.32)

where Zc is known as characteristic impedance and γ the propagation constant.

The equations (4.31) and (4.32) are rewritten as

V = Aeγx + Be–γx (4.33)

 I = 
I

Zc
 (Aeγx – Be–γx) (4.34)

Two constants are to be determined, hence two boundary conditions should be known.
As mentioned previously the receiving end voltage and current are known.

∴ At x = 0,

 V = Vr and I = Ir

Substituting these values in equations (4.33) and (4.34),

Vr = A + B

 Ir = 
1

Zc
 (A – B)

 A = 
V I Z

B
V I Zr r c r r c+

=
−

2 2
and

Substituting the values of A and B in equations (4.33) and (4.34), we obtain

V = 
V I Z

e
V I Z

er r c x r r c x+
+

− −

2 2
γ γ (4.35)

and  I = 
1

2 2Z
V I Z

e
V I Z

e
c

r r c x r r c x+
−

−
��

�
��

−γ γ (4.36)

As mentioned previously V and I are the voltage and current at any point distant x from
the receiving end. It can be seen very easily from the above expression that V and I (magnitude
and phase) are functions of the distance x, receiving end voltage Vr and current Ir  and the
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parameters of the line, which means they vary as we move from receiving end towards the
sending end.

Before we proceed further to determine the equivalent circuit for a long transmission
line it looks imperative to understand the physical significance of the voltage and current
equations (4.35) and (4.36). The quantities Zc and γ are complex.

Zc = 
z
y

r j L
g j C

= +
+

ω
ω

For a lossless line r = 0,    g = 0,

Zc = 
L
C

a pure resistance, and this is known as surge impedance of the line. When dealing with high
frequencies or surges normally the losses are neglected and, therefore, the characteristic
impedance becomes the surge impedance. Surge impedance loading of a line is the power
transmitted when the line is terminated through a resistance equal to surge impedance. The
approximate value of surge impedance for overhead lines is 400 ohms and that for cables is
about 40 ohms. The phase angle of Zc for transmission lines is usually between 0° and –15°. A
line terminated in its characteristic impedance is called a flat line or an infinite line. The latter
term arises from the fact that a line of infinite length cannot have a reflected wave.

The lower value of surge impedance in case of cables is due to the relatively large
capacitance and low inductance of the cables.

The propagation constant γ = α + jβ; the real part is known as attenuation constant and
the quadrature component β the phase constant and is measured in radians per unit length.

The equation (4.35) becomes

V = 
V I Z

e e
V I Z

e er r c x j x r r c x j x+
+

− − −

2 2
α β α β. . (4.37)

The first term in the above expression is called the incident voltage wave as its value
increases as x is increased. Since we are taking receiving end as the reference and as x increases
the value of voltage increases that means a voltage wave decreases in magnitude as it travels
from the sending end towards the receiving end, that is why this part of the voltage in the
above expression is called incident voltage. For similar reason the second part is called the
reflected voltage. At any point along the line, voltage is the sum of these two components i.e.,
sums of incident and reflected voltages.

As the current expression is similar to the voltage, the current can also be considered as
sum of incident and reflected current waves.

The equations for voltage and currents can be rearranged as follows:

V = Vr . 
e e

I Z
e ex x

r c

x xγ γ γ γ+ + −− −

2 2
   = Vr cosh γx + IrZc sinh γx (4.38)

and  I = 
1

2 2Z
V

e e
I Z

e e

c
r

x x

r c

x xγ γ γ γ−
+

+

�
�
�

�

�
�
�

− −
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= 
1

Zc
 [Vr sinh γx + IrZc cosh γx]

= 
V
Z

r

c
 sinh γx + Ir cosh γx (4.39)

Rewriting these equations for x = l, where V = Vs and I = Is

Vs = Vr cosh γl + IrZc sinh γl (4.40)

 Is = Vr 
sinh γl

Zc
 + Ir cosh γl (4.41)

These two equations relate the sending end voltage and current with the receiving end
quantities. We have said previously that these quantities are related by the general equations.

Vs = AVr + BIr (4.19)

 Is = CVr + DIr (4.20)

where A, B, C and D are such that

A = D

and   AD – BC = 1

Comparing the coefficients of the equations (4.40) and (4.41) with equations (4.19) and
(4.20) respectively,

A = cosh γl
B = Zc sinh γl

C = 
sinh γl

Zc

and D = cosh γl
From this it is clear that

A = D = cosh γl

and  AD – BC = cosh2 γl – Zc sinh γl . 
sinh γl

Zc
 = 1.

Example 4.6: A single circuit 50 Hz, 3-phase transmission line has the following
parameters per km:

R = 0.2 ohm, L = 1.3 mH and C = 0.01 µF

The voltage at the receiving end is 132 kV. If the line is open at the receiving end, find
the rms value and phase angle of the following:

(i) The incident voltage to neutral at the receiving end (reference).

(ii) The reflected voltage to neutral at the receiving end.

(iii) The incident and reflected voltages to neutral at 120 km from the receiving end.

Solution: The series impedance per unit length of the line

z = r + jx = (0.2 + j1.3 × 314 × 10–3) = (0.2 + j0.408)

= 0.454 ∠ 63.88°
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The shunt admittance = jωC = j314 × 0.01 × 10–6

= 3.14 × 10–6 ∠+90°

The characteristic impedance Zc = 
z
y

= × ∠ − °0 454
0 314

10 63 88 905.
.

.

= 380 ∠–13.06°

γ = yz = × × −0 314 0 454 10 6. .  ∠(90 + 63.88)°/2

= (0.2714 + j1.169) × 10–3

= (α + jβ)

The receiving end line to neutral voltage Vr

= 
132 1000

3

×
 = 76200 volts

and receiving end current under open circuited condition Ir = 0

(i) The incident voltage to neutral at the receiving end (x = 0)

= 
V I Zr r c+

2
Since it is no load condition, Ir = 0.

∴  Incident voltage = 
Vr

2
76200

2
=  = 38100 volts

(ii) Similarly, the reflected voltage to neutral at the receiving end

  
V I Z Vr r c r−

=
2 2

 = 38100 volts

(iii) The incident voltage at a distance of 120 km from the receiving end

Vr
+ = Vr exp (αx) exp (jβx)

= 76.2 exp (0.2714 × 120 × 10–3) exp (j1.169 × 120 × 10–3)

= 78.7 ∠8.02°

Vr
– = 76.2 exp (– αx) exp (– jβx) = 76.2 exp (– 0.0325) exp (– j0.140)

= 73.76 ∠– 8.02°

The reflected voltage at a distance of 120 km from the receiving end

= 
73 76

2
.

 ∠– 8.02° = 36.88 ∠– 8.02° kV. Ans.

The incident voltage at a distance of 120 km from the receiving end

= 
78 7

2
.

 ∠8.02° = 39.35 ∠8.02°

Example 4.7: Determine the efficiency of the line in the Example 4.6 if the line is 120
km long and delivers 40 MW at 132 kV and 0.8 p.f. lagging.

Solution: Receiving end current Ir = 
40 1000

3 132 0 8
×

× × .
     = 218.7 amps.
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From the previous example

 Zc = 380 ∠– 13.06°

For 120 km length of line,

  eαx ejβx = 1.033 ∠8.02°

and  e–αx e–jβx = 0.968 ∠ – 8.02°

Taking Vr as the reference,

   Ir = 218.7 ∠– 36.8°

Vs
+ = 

V I Zr r c+
2

 eαx ejβx

= 
76200 380 218 7 13 06 36 8

2
+ × ∠ − ∠ −. . .

 × 1.033 ∠8.02°

= 74.63 ∠– 18°

Vs
– = 

V I Zr r c−
2

 e–αxe–jβx

= 
76200 380 218 7 49 86

2
− × ∠ −. .

 × 0.968 ∠– 8.02°

= 32.619 ∠62.37 kV

 Vs = Vs
+ + Vs

– = 74.63 ∠– 18° + 32.619 ∠62.37°

= 86077 + j5751 = 86.26 ∠3.82°

Now   Is = 
V Z I

e e
V Z I

e er c r x j x r c r x j x/ /+
−

− − −

2 2
α β α β

= 
V
Z

V
Z

s

c

s

c

+ −
− = ∠ − °

∠ − °
− ∠ °

∠ − °
�
��

�
��

74 63 18
380 13 06

32 619 62 37
380 13 06

.
.

. .
.

 kA

= 200.39 ∠– 29.9°

Power at the sending end = 3 × |Vs| |Is| cos φs

= 3 × 86.26 × 200.39 cos 33.72

= 43.132 MW

∴       % η = 
40

43 132.
 × 100 = 92.7%

Example 4.8: Determine the ABCD parameters of the line of example 4.6 and verify
the sending end quantities found in Example 4.7.

Solution: γl = (0.2714 + j1.169)120 × 10–3 = 0.03254 + j0.1402

   A = cosh γl = cosh (0.03254 + j0.1402)

 = cosh 0.03254 cos 0.1402 + j sinh 0.03254 sin 0.1402

 = 0.99 + j0.004435 = 0.99 ∠0.26°

   B = Zc sinh γl
  sinh γl = sinh αl cos βl + j cosh αl sin βl

 = sinh 0.03254 cos 0.1402 + j cosh 0.03254 sin 0.1402
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= 0.031958 + j0.1386

= 0.1422 ∠77°

∴   B = Zc sinh γl = 380 ∠– 13.06° × 0.1422 ∠77°

= 54.03 ∠64°

∴  Vs = AVr + BIr

= 0.99 ∠0.26 × 76200 + 54.03 ∠64° × 218.7 ∠– 36.8°

= 75438 + 11772 ∠27.2°

= 85908 + j5380

= 86.07 ∠3.588°.

Example 4.9: Determine the sending end voltage and efficiency using nominal-π and
nominal-T methods for the problem 4.6.

Solution: Nominal-π method:

The resistance of the line = 0.2 × 120 = 24 ohms

The inductive reactance = 1.3 × 10–3 × 120 × 314 = 48.98 Ω
The capacitance = 0.01 × 10–6 × 120 = 1.2 µF

The nominal-π circuit will be

I
l

VsVs 0.6 F�

24 + j48.98 �

0.6 F�

�	�����������

Taking receiving end voltage as reference,

   Ir = 218.7(0.8 – j0.6) = 174.96 – j131.22

Ic1
 = j314 × 0.6 × 10–6 × 76200 = j14.356 amp

∴    Il = Ic1
 + Ir = 174.96 – j116.86 = 210.39 ∠33.73°

∴  Vs = 76200 + (174.96 – j116.86)(24 + j48.38)

      = 76200 + 4199 + j8596 – j2804 + 5723

      = 86122 + j5765

      = 86314 ∠3.82° volts

    The loss = 3 × 210.392 × 24 = 3.187 MW

∴     % η = 
40 100
43 187

×
.

 = 92.69%
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Nominal-T method: The nominal-T circuit will be

Ir

VsVs VrVr

Ic

1.2 F�

12 + j24.49 �Is
12 + j24.49 �

�	�����������

Taking receiving end current as reference,

 Vc = 76200(0.8 + j0.6) + 218.7(12 + j24.49)

= 60960 + j45720 + 2624 + j5356

= 63584 + j51076

  Ic = j314 × 1.2 × 10–6(63584 + j51076)

= j23.95 – 19.24

∴   Is = 218.7 + j23.95 – 19.24 = 199.46 + j23.95

= 200.89 ∠6.8°

 Vs = 63584 + j51076 + (199.46 + j23.95) (12 + j24.49)

= 63584 + j51076 + 2393 + j4884.7 + j287.4 – 586.5

= 65390 + j56248

= 86.25 ∠40.70°. Ans.

    The loss = 3 × 12(200.892 + 218.72) = 3.174 MW

∴   % η = 
40

43 174.
 × 100 = 92.64%. Ans.

�!"��#$	%��"
&�'	()$	&��"*("+"
&�&	�
��,�����
���	
"

It has been mentioned previously that for lengths more than 160 km the parameters are assumed
to be distributed and for which we have got the voltage and currents in the previous section.
We will now derive equivalent-π and equivalent-T circuits for such long lines. The nominal-π
and nominal-T circuits do not represent the lines exactly because they do not account for the
parameters of the lines being uniformly distributed.

�������	
��π�	��	�	
�����


Let us assume that the two terminal conditions i.e., the sending end and receiving end voltage
and currents can be related with the following equivalent network given in Fig. 4.12.
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Ir

VsVs VrVr

Is

Y
2

� Y
2

�

Z�

�	�������
�$%�&��'�(
)��)%�(
��
�
����
���'�

From the network the following relations can be derived:

Vs = 1
2

+ ′ ′�
��

�
��

Y Z
 Vr + Z′Ir (4.42)

 Is = Y′ 1
4

1
2

+ ′ ′�
��

�
��

+ + ′ ′�
��

�
��

Y Z
V

Y Z
Ir r (4.43)

Comparing equations (4.42) and (4.43) with equations (4.40) and (4.41) respectively,

 1 + 
Y Z′ ′

2
 = cosh γl (4.44)

Z′ = Zc sinh γl (4.45)

Y′ 1
4

+
′ ′�

��
�
��

=
Y Z l

Zc

sinh γ (4.46)

and  1 + 
Y Z′ ′

2
 = cosh γl (4.47)

Considering equation (4.45),

 Z′ = Zc sinh γl

= 
z
y

l
l

yz l
yz.

sinh
.

.
γ

= zl 
sinh γ

γ
l

l

= Z 
sinh γ

γ
l

l

This means to get the equivalent series impedance the lumped impedance Z should be
multiplied by (sinh γl)/γl. Now to get the shunt arm of the equivalent-π circuit, we substitute Z′
in equation (4.44).

 1 + 
Y Z′ ′

2
 = cosh γl

 1 + 
Y ′
2

 Zc sinh γl = cosh γl

Y ′
2

 Zc sinh γl = cosh γl – 1 = cosh2 
γl
2

 + sinh2 
γl
2

 – cosh2 
γl
2

 + sinh2 
γl
2
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or      Y′Zc sinh 
γl
2

 cosh 
γl
2

 = 2 sinh2 
γl
2

or Y
Z

l y
z

yz l l

yzlc

′ = =
2

1
2 2

2
2

tanh .
.

.
tanh /

/
γ γ

      = 
Y l

l2
2

2
tanh /

/
γ

γ
where Y is the total shunt admittance. This means to get the shunt arm of the equivalent-π,

the shunt arm of the nominal-π should be multiplied by 
tanh γ

γ
l

l
 .

The equivalent-π circuit can be represented as shown in Fig. 4.13.

Ir

VsVs
Y
2

� Y
2

�

Z� = Z
sinh �l

�l

tanh �l/2
/2�l

= Y
2

����� ����
�����������π
 ���������������

Equivalent-T Representation of Long Line

To determine the equivalent-T circuit consider the following network in Fig. 4.14.

Ir

VsVs Y� VsVs

Is

Z�

2
Z�

2

����� ����
������������
 ���������������

From the network the following relations can be derived (Refer to equations (4.17) and
(4.18))

Vs = 1
2

1
4

+ ′ ′�
��

�
��

+ ′ + ′ ′�
��

�
��

Y Z
V Z

Y Z
Ir r (4.48)

Is = Y′Vr + 1
2

+ ′ ′�
��

�
��

Y Z
Ir (4.49)
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Comparing equations (4.48) and (4.49) with equations (4.40) and (4.41),

1 + 
Y Z′ ′

2
 = cosh γl (4.50)

      Z′ 1
4

+ ′ ′�
��

�
��

Y Z
 = Zc sinh γl (4.51)

Y′ = 
sinh γl

Zc
(4.52)

and 1 + 
Y Z′ ′

2
 = cosh γl (4.53)

To determine the shunt branch of the equivalent-T circuit consider equation (4.52).

  Y′ = 
1

Z
l

y
z

yz l
l

yz lc
sinh . .

sinhγ γ=

= yl 
sinh γ

γ
l

l

= Y 
sinh γ

γ
l

l
(4.54)

This means to get the shunt branch of the equivalent-T, the shunt branch of the nominal-

T (lumped shunt admittance) should be multiplied by the factor 
sinh γ

γ
l

l
 .

To get the series impedance of the equivalent-T, equation (4.52) is substituted in equation
(4.50).

1 + 
Z l

Zc

′
2

sinh γ
 = cosh γl

Z l
Z

l l l l l

c

′
= + − +

2
2

2
2 2 2 2 2

2 2 2 2. .
sinh /

. cosh cosh sinh cosh sinh
γ γ γ γ γ γ

Z l l
Z

l

c

′ =
2

2
2 2

2
2

2. .
sinh / . cosh /

sinh
γ γ γ

Z
Z

l
c

′ =
2 2

tanh
γ

= 
z
y

yz l l

yz l
.

.
.

tanh /
. /2

2
2

γ

= 
Z l

l2
2

2
tanh /

/
γ

γ
(4.55)

This means to get the series branch of the equivalent-T circuit, the series branch of the

nominal-T (lumped series impedance) should be multiplied by the factor 
tanh /

/
γ

γ
l

l
2

2
 .

The equivalent-T representation is given in Fig. 4.15.
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Ir

VsVs Y� VrVr

Is

Z�

2

= Y
sinh �l

�l

Z
2

= tanh �l/2
/2�l

����� ���	
������������
 ���������������

It is to be noted that since the ratio of tanh γl/2 to γl/2 and sinh γl to γl is almost equal to
unity for small values of γl, the nominal circuits represent the medium length lines quite
accurately. This fact can be proved by expanding the constants of the equivalent circuits.

D = A = cosh γl = 1 + 
YZ Y Z
2 24

2 2

+  + ......

B = Zc sinh γl = 
z
y

yz l
yz

l
yz

l+ + +
�

�
	




�
�

( ) ( )
......

/ /3 2
3

5 2
5

6 120

   = Z 1
6 120

2 2

+ + +
�

�
	




�
�

YZ Y Z
......

Similarly

C = 
sinh

......
γl

Z
Y

YZ Y Z

c
= + + +
�

��
�

��
1

6 120

2 2

   = Y + 
Y Z Y Z2 3 2

6 120
+  + ...... (4.56)

Since Y2 is very small, 
Y Z Y Z2 2

6 4
~−  .

Therefore, taking into account only the first order term we have

A = 1 + 
YZ
2

 = D

B = Z

C = Y + 
Y Z

Y
YZ2

4
1

4
= +�
��

�
��

which are the A, B, C and D parameters of nominal-π representation.

��	 �����
������

We know that, the sending end quantities i.e., Vs and Is are given by

Vs = AVr + BIr

 Is = CVr + DIr
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�s �r

E

+A , B , C , D

Vs

�s �r

A , B , C , D+

Similar relations for Vr and Ir can be found from these equations as follows:

Multiply equation (4.19) by C and (4.20) by A.

CVs = CAVr + BCIr (4.57)

 AIs = ACVr + ADIr (4.58)

Subtracting equation (4.57) from (4.58),

    AIs – CVs = (AD – BC) Ir

Since AD – BC = 1 and A = D,

   Ir = – CVs + DIs (4.59)

Next to eliminate Ir from equations (4.19) and (4.20), multiply equation (4.19) by D and
(4.20) by B.

DVs = ADVr + BDIr (4.60)

 BIs = BCVr + BDIr (4.61)

Subtracting equation (4.61) from (4.60),

   DVs – BIs = (AD – BC) Vr

Again AD – BC = 1 and Vr = DVs – BIs (4.62)

Proof for the relation AD – BC = 1:
Consider Fig. 4.16(a) where a two-terminal pair
network with parameters A, B, C and D is
connected to an ideal voltage source with zero
internal impedance at one end and the other end
is short circuited.

The equation representing this condition is

Vs = E = 0 + BI2

or I2 = 
E
B

(4.63)

Now we short circuit the sending end and
connect the generator at the receiving end as
shown in Fig. 4.16(b). The positive directions of
flow of current are shown in the figures.

∴  0 = AE + BIr (4.64)

Since transmission line is a linear passive
bilateral network, therefore

Is = – I2 = CE + DIr (4.65)

Eliminating Ir from equations (4.64) and
(4.65) we obtain

  – I2 = CE + D 
− AE

B
(4.66)

Since from equation (4.63) I2 = 
E
B

 , equation (4.66) becomes

������������
�%�����&����

����
���%��'�

������������
����(�
��
�)�
��(�����*
��+�
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− = + −E
B

CE D
AE
B

or – 
1
B

C D
A
B

= −

or  – 1 = BC – AD

or      AD – BC = 1 (4.67)

As is said earlier that if A, B, C, D parameters are calculated independently, equation
(4.67) gives a check on the accuracy of the values calculated.

Constants for Two Networks in Tandem

Two networks are said to be connected in tandem when the ouput of one network is connected
to the input of the other network. Let the constants of these networks be A1, B1, C1, D1 and A2,
B2, C2, D2 which are connected in tandem as shown in Fig. 4.17. These two networks could be
two transmission lines or a transformer connected to a transmission line etc.

A , B

C , D

1 1

1 1

A , B

C , D

2 2

2 2

VsVs VrVrVV

�s�s �r�r��

���������
�%�
���%��'�
��
���+�&�

The net constants of the system relating the terminal conditions can be found as follows:

V = D1Vs – B1Is (4.68)

 I = – C1Vs + A1Is (4.69)

and V = A2Vr + B2Ir (4.70)

 I = C2Vr + D2Ir (4.71)

From equations (4.68) and (4.70) and equations (4.69) and (4.71) respectively,

  D1Vs – B1Is = A2Vr + B2Ir (4.72)

   – C1Vs + A1Is = C2Vr + D2Ir (4.73)

Multiplying equation (4.72) by A1 and (4.73) by B1 and adding the resulting equations:

 (A1D1 – B1C1)Vs = (A1A2 + B1C2)Vr + (A1B2 + B1D2)Ir (4.74)

Multiplying equation (4.72) by C1 and (4.73) by D1 and adding the resulting equations,

  (A1D1 – B1C1)Is = (A2C1 + C2D1)Vr + (B2C1 + D1D2)Ir (4.75)

Since A1D1 – B1C1 = 1, the constants for the two networks in tandem are

A = A1A2 + B1C2

B = A1B2 + B1D2

C = A2C1 + C2D1 (4.76)

D = B2C1 + D1D2
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The relation is given in matrix form as follows:

A B
C D

A B
C D

A B
C D

�

�
	




�
� =
�

�
	




�
�
�

�
	




�
�

1 1

1 1

2 2

2 2

If network 2 is at the sending end and 1 is at the receiving end the overall constants for
the two networks in tandem can be obtained by interchanging the subscripts in equations.

Constants for Two Networks in Parallel

In case two networks are connected in parallel as shown in Fig. 4.18, the constants for the
overall networks can be obtained as follows:

A , B

C , D

2 2

2 2

A , B

C , D

1 1

1 1

VrVrVsVs

Is Ir

Is1

Is2

���������
�%�
���%��'�
��
���������

The derivation is based on the fact that transmission line is a reciprocal network
(symmetrical network) and when two reciprocal networks are connected in parallel, the resulting
network is also reciprocal (The resulting network is not reciprocal in case the two networks
are connected in tandem).

Writing the equations for the terminal conditions,

Vs = A1Vr + B1
Ir1 (4.77)

Vs = A2Vr + B2
Ir2 (4.78)

Since the overall expression required is

Vs = AVr + BIr (4.79)

where Ir = I Ir r1 2
+ .

Therefore, multiplying equations (4.77) and (4.78) by B2 and B1 respectively and adding,
we get

(B1 + B2)Vs = (A1B2 + A2B1)Vr + B1B2( I Ir r1 2
+ )

or  Vs = 
A B A B

B B
V

B B
B Br

1 2 2 1

1 2

1 2

1 2

+
+

+
+

 Ir (4.80)
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Comparing the coefficients of equations (4.79) and (4.80), we get

A = 
A B A B

B B
1 2 2 1

1 2

+
+

and B = 
B B

B B
1 2

1 2+
(4.81)

Since transmission line is a symmetrical network,

A = D = 
A B A B

B B

D B D B

B B
1 2 2 1

1 2

1 2 2 1

1 2

+
+

=
+
+

(4.82)

Also since transmission line is a two terminal pair network,

 AD – BC = 1 (4.83)

Using relations (4.81), (4.82) and (4.83) we obtain

C = C1 + C2 + 
( ) ( )A A D D

B B
1 2 2 1

1 2

− −
+

(4.84)

Measurement of A, B, C, D Constants

If a transmission line is already erected, the constants can be measured by conducting the
open circuit and short circuit tests at the two ends of the line as follows:

In Fig. 4.19, the connection diagrams for conducting O.C. and S.C. test on the sending
end are shown. Similar connections are made for performing these tests on the receiving end
side. Before proceeding further in the determination of the constants the following impedances
are defined:

Zso = Sending end impedance with receiving end open-circuited,

Zss = Sending end impedance with receiving end short-circuited,

Zro = Receiving end impedance with sending end open-circuited,

Zrs = Receiving end impedance with sending end short-circuited.

V

A
Is

V , = 0r� IVsVs
A, B

C, D

������������
�����(��(���
 ������

V

A
Ir

V = 0r
VsVs

A, B

C, D

������������
�)����(��(���
 ������
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Using equations

Vs = AVr + BIr (4.19)

 Is = CVr + DIr (4.20)

for making impedance measurements on the sending end side, we get

Zso = 
V
I

A
C

s

s
=  for Ir = 0 (Open Circuit test) (4.85)

and Zss = 
V
I

B
D

s

s
=  for Vr = 0 (Short Circuit test) (4.86)

It is to be noted here that the impedances are complex quantities, the magnitudes are
obtained by the ratio of the voltages and currents and the angle is obtained with the help of
Wattmeter reading.

To determine the impedances on the receiving end the following equations are made use
of:

Vr = DVs – BIs (4.62)

 Ir = – CVs + AIs (4.59)

Since the direction of sending end current according to the above equation enters the
network whereas while performing the tests on receiving end side, the direction of the current
will be leaving the network, therefore, these equations become

  Vr = DVs + BIs (4.87)

– Ir = – CVs – AIs or Ir = CVs + AIs (4.88)

Therefore, for sending end open-circuits Is = 0

Zro = 
V
I

D
C

r

r
= (4.89)

and for short-circuit Vs = 0

Zrs = 
V
I

B
A

r

r
= (4.90)

From equations (4.89) and (4.90), we obtain

  Zro – Zrs = 
D
C

B
A

AD BC
AC AC

− = − = 1

Z Z
Z AC

C
A A

ro rs

so

−
= =

1 1
2

or A = 
Z

Z Z
so

ro rs−
(4.91)

    Zrs = 
B
A

or B = AZrs = Zrs 
Z

Z Z
so

ro rs−
(4.92)
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Zso = 
A
C

or   C = 
A

Z Z
Z

Z Zso so

so

ro rs
=

−
1

(4.93)

Zro = 
D
C

or   D = CZro = 
Z
Z

Z
Z Z

ro

so

ro

ro rs−

      = Zro 
1

Z Z Zso ro rs( )−
(4.94)

Since for a symmetric network Zro = Zso

   D = A = 
Z

Z Z
so

ro rs−
(4.95)

Example 4.10: Determine the sending end voltage current, power and power factor for
a 160 km section of 3-phase line delivering 50 MVA at 132 kV and p.f. 0.8 lagging. Also find the
efficiency and regulation of the line. Resistance per line 0.1557 ohm per km, spacing 3.7 m,
6.475 m, 7.4 m transposed. Evaluate the A, B, C, D parameters also. Diameter 1.956 cm.

Solution:  R = 0.1557 × 160 = 24.9 Ω

GMD = 3 7 6 475 7 43 . . .× ×

   = 5.6 metre.

   Inductance = 2 × 10–7 ln
.
560

0 978
�
��

�
��  × 160 × 1000

  = 0.2032 H

or  XL = 63.8

      C = 
2

560
0 978

0π ∈

ln
.

 × 160 × 1000

= 
1

36
10

2
560

0 978

9

π
π×

�

�

�
�
�

�

�

�
�
�

−

ln
.

 × 160 × 1000

= 
10
18

160000
560

0 978

9−
×

�
��

�
��

ln
.

= 1399 × 10–9 F

= 1.399 µF

  Z = 0 1557 0 39875 0 428 68 672 2. . . / .+ = °
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  jωC = j × 314 × 
1399
160
.

 × 10–6

= j 2.745 × 10–6

 Zc = 
0 428
2 745

10 68 67 906.
.

/( . )× −+

= 394.8/− °10 66.

    γ = 0 428 2 745 10 90 68 676. . / ( . )× × +−

= 1.084 × 10–3/79 335. °

= (0.2 + j1.0653) × 10–3

Now   γl = (0.2 + j1.0653) × 10–3 × 160

= 0.0320 + j0.17

  A = cosh γl = cosh (0.032 + j0.17)

= cosh 0.032 cos 0.17 + sinh 0.032 sin 0.17

= 0.9855 + j0.032 × 0.16926

= 0.9855 + j0.005417

= 0.9855/0 32. °

  B = Zc sinh γl
 sinh γl = sinh 0.032 cos 0.17 + j cosh 0.032 sin 0.17

= 0.032 × 0.9835 + j0.9855 × 0.17

= 0.0315 + j0.167535

= 0.17047/79 35. °

∴   B = 394.8 × 0.17047/79 35 10 66. .−

= 67.3/68 69.

  C = 
sinh .

.
γl

Zc
= 0 17047

394 8

= 4.3 × 10–4/90°

Taking Vr as reference, we have

  Ir = 
50 000
3 132

,
×

 = 218.68 A

 Vs = 0.9855/0 32. °  × 76.208 + 67.3/68 69. °  × 218.68/–36.87°  × 10–3

= 75.103/0 32. °  + 14.717/3182. °

= 75.103 + 12.505 + j7.76

= 87.608 + j7.76
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= 87.95/5 06. °

or   Vs line to line = 152.34 kV. Ans.

        Is = 4.3 × 10–4/90°  × 76.208 × 103 + 0.9855/0 32. °  × 218.68/–36.87°

= 32.76/90°  + 215.51/– 36 55. °

= j 32.76 + 173.12 – j 128.34

= 173.12 – j 95.58

= 197.75/− °28 9. . Ans.

∴   Sending end power = 3 × 87.95 × 197.75/33 96. °

= 43278 kW

and sending end p.f. = 0.829. Ans.

No load voltage at the receiving end

= 
V
A

s =
87 95

0 9855
.

.
 = 89.24

∴ % regulation = 
89 24 76 208

76 208
. – .

.
 × 100

= 17.1%. Ans.

 % efficiency = 
50 000 0 8

43278
100

, .× ×

= 92.4 %. Ans.

��� �������������
�

When a long line is operating under no load or light load condition, the receiving end voltage is
greater than the sending end voltage. This is known as Ferranti-effect. This phenomenon can
be explained with the following reasonings:

(i) Assume no load condition. The equation (4.37)

V = 
V I Z

e e
V I Z

e er r c x j x r r c x j x+
+

+ − −

2 2
α β α β

reduces to:

Vs = 
V

e e
V

e er l j l r l j l

2 2
α β α β+ − −

when x = l and Ir = 0.

At l = 0

Vr = 
V Vr r

2 2
+

As l increases, the incident component of sending end voltage increases exponentially
and turns the vector anti-clockwise through an angle βl, whereas the reflected part of sending
end voltage decreases by the same amount and is rotated clockwise through the same angle βl.
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The sum of these two components of sending end voltage gives a voltage which is smaller than
Vr.

(ii) A simple explanation of Ferranti-effect can be given by approximating the distrib-
uted parameters of the line by lumped impedance as shown in Fig. 4.20 (a).

Since usually the capacitive reactance of the line is quite large as compared to the
inductive reactance, under no load or lightly loaded condition the line current is of leading p.f.
The phasor diagram is given below for this operating condition.

VrVrC

IC
LR

VsVs

(a)

Vs

Vr

IcR

IcX

Ic

(b)

���������
1�2
����
��������������
1��&��+2
��+��
��

���+
(��+�����
1�2
 ���
�)����
+��*��&�

The charging current produces drop in the reactance of the line which is in phase
opposition to the receiving end voltage and hence the sending end voltage becomes smaller
than the receiving end voltage.

Yet another way of explaining the Ferranti-effect is based on the net reactive power
flow on the line. It is known that if the reactive power generated at a point is more than the
reactive power absorbed, the voltage at that point becomes higher than the normal value and
vice versa. The inductive reactance of the line is a sink for the reactive power whereas the
shunt capacitances generate reactive power. In fact, if the line loading corresponds to the
surge impedance loading, the voltage is same everywhere as the reactive power absorbed then
equals the reactive power generated by the line. The SIL, therefore, gives definite meaning to
the terms lightly loaded or fully loaded lines. If the loading is less than SIL, the reactive power
generated is more than absorbed, therefore, the receiving end voltage is greater than the sending
end voltage. This explains, therefore, the phenomenon due to Ferranti-effect.

�������

4.1. Determine the sending end voltage, current, power factor of a 1-phase 50 Hz, 76.2 kV transmis-
sion delivering a load of 12 MW at 0.8 p.f. The line constants are R = 25 ohm, inductance 200 mH
and capacitance between lines 2.5 µF. Also determine the regulation and η of transmission. Use
nominal-π method. Draw phasor diagram.

4.2. A 3-phase 4-wire 400/231 volt, 50 Hz system has a balanced 3-phase motor load of 20 kW at a
power factor 0.8 lagging and 1-phase loads 25 A at unity p.f., 45 A at p.f. 0.9 leading and 25 A at
p.f. 0.8 lagging, the phase sequence being in the order given. Determine the current in each line
and neutral and the capacitance required across each phase to obtain unity p.f. in each line.

4.3. A 400 V 3-phase 4-wire system supplies the following loads: Phase R-40 A at p.f. 0.8 lagging,
phase Y-30 A at unity p.f. and phase B-20 A at 0.8 leading. The resistance of each conductor is
0.2 ohm and of the neutral 0.4 ohm. Determine the load voltages.
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4.4. A 400 V, 3-phase, 4-wire system supplies the following loads: Phase R-20 kVA at p.f. 0.8 lag,
phase Y-20 kVA at 0.8 lead p.f. and phase B-20 kVA at unity p.f. The resistance of each line is 0.2
ohm and of the neutral 0.4 ohm. Calculate the current in the neutral wire and the load voltages.

4.5. The phase turns ratios of transformers A and B as shown in the diagram are 3 : 1 amd 2 : 1.
Determine the no load line voltage on each side of A and B; also the line current when the load
current is 1210 amps. Neglect line drop and magnetising current.

11 kV
3�

1210 amp.
load

Y Y

A B

���������	

4.6. Determine the efficiency and regulation of a 3-phase, 50 Hz, 150 kms long transmission line
having three conductors spaced 3.5 metres delta formation when the receiving end delivers 25
MVA at 120 kV and p.f. 0.9 lagging. The resistance of the conductor is 0.25 ohm per km and the
effective dia is 0.75 cm. Neglect leakance and use (i) nominal-T, (ii) nominal-π, and (iii) exact
solution methods.

4.7. A 3-phase 50 Hz transmission line has resistance, inductance and capacitance per phase of 10
ohm, 0.1 H and 0.9 µF respectively and delivers a load of 35 MW at 132 kV and 0.8 p.f. lag.
Determine the efficiency and regulation of the line using (i) nominal-T, (ii) nominal-π and (iii)
exact solution methods.

4.8. A short 3-phase transmission line has a series line impedance per phase of (20 + j50) ohm. The
line delivers a load of 50 MW at 0.7 p.f. lag. Determine the regulation of the line and the A, B, C,
D parameters of the line. If the same load is delivered at 0.7 p.f. lead, determine the regulation
of the line. System voltage 220 kV.

4.9. Find the A, B, C, D parameters of a 3-phase, 80 km, 50 Hz transmission line with series impedance
of (0.15 + j0.78) ohm per km and a shunt admittance of  j5.0 × 10–6 ohm per km.

4.10. Determine both T and π equivalents for the line of problem 4.9. Also determine the propagation
constant and the surge impedance of the line.

4.11. Determine A, B, C, D parameters of the line 400 km long having per unit impedance and
admittance as in problem 4.9 assuming (i) the line could be represented by nominal-T or nominal-
π, and (ii) the exact representation.

4.12. Determine the series and shunt parameters for the (i) equivalent-π, (ii) equivalent-T circuit for
the 400 km long line of problem 4.11.

4.13. Determine the efficiency and regulation of the line of problem 4.11 when in delivers a load of 125
MW at 0.8 p.f. lag and 400 kV.

4.14. Differentiate between a nominal-T and equivalent-T representation of a transmission line.

4.15. Explain clearly the ‘Ferranti effect’ with a phasor diagram.

4.16. Explain the classification of lines based on their length of transmission.

4.17. Explain how you obtain, A, B, C, D parameters of a model of a long transmission line in the
laboratory.

4.18. What is meant by ‘Natural loading’ of lines ? Explain with reasons whether the economic loading
for (i) overhead, and (ii) underground lines are more/less than their natural loadings.

4.19. Derive for a long line the sending end voltage and current relations in terms of receiving end
voltage and current and the parameters of the line.

4.20. Derive equivalent parameters of two transmission lines when they are connected in (a) tandem
and (b) parallel.
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The use of d.c. for day to day application is much older than that of a.c. The first Central
Electric Station was installed by Edison in New York in 1882 which operated at 110 V d.c. It is
of interest to know as to why then a.c. almost replaced all d.c. lines and why direct current
again is being used for some high voltage transmission lines.

The use of transformer for transmitting power over longer distances and at higher
voltages justified the use of a.c. especially where the electric energy was to be harnessed from
water power which usually is available far from the load centres. The polyphase induction
motors which serve the majority of industrial and residential purposes are simpler and rugged
in construction and cheaper as compared to d.c. motors of the same ratings. The commutators
of d.c. machines impose limitation on voltage, speed and size due to the commutation problem
(sparking). For operating a machine at high voltage, a relatively large diameter commutator is
required which restricts the speed of the machine due to the centrifugal force and a low speed
machine is heavier and costlier than a high speed machine of equal rating. The use of steam
turbines which have a higher efficiency at high speed made the use of a.c. generator superior
as compared to d.c. generators. For all such reasons power was generated, transmitted,
distributed and consumed as alternating current. If, however, some applications needed the
use of d.c., alternating current was converted to direct current locally by motor-generator sets,
rotary convertors or by mercury arc rectifiers.

The supporters of d.c., however, did not forget the advantages of d.c. transmission. They
suggested that there are strong technical reasons at least for two cases where the use of direct
current transmission be resorted to. However, generation use and even most transmission and
distribution may be done by a.c.

(i) Because of large charging currents, the use of high voltage a.c. for underground trans-
mission over longer distances is prohibited. The transmission of power using d.c. has no such
limitation.

���

	
�����������������������������
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(ii) Parallel operation of a.c. with d.c. which increases the stability limit of the system or
interconnection of two large a.c. systems by a d.c. transmission tie line. Here the d.c. line is an
asynchronous link between two rigid (frequency constant) systems where otherwise slight
difference in frequency of the two large systems would produce serious problems of power
transfer control in the small capacity link.

The Historic Thury System named after a French engineer René Thury who designed
the system requires for d.c. transmission a large number of series wound generators driven by
prime movers, to be connected in series for high voltage at the sending end of the line, and at
the receiving end a comparable number of series wound d.c. motors can be again connected in
series to drive low voltage d.c. or a.c. generators. The system operated at constant current.
Switching and instrumentation was simple. An ammeter and a voltmeter were the only
instruments required. The Thury System worked well for transfer of small powers. For large
power, of course, the limitation of d.c. machines came in the way and therefore better convertors
than motor generator sets were required.

Extensive research has been carried out especially in Sweden for the development of
high voltage convertors. Thyristors of ratings 50 kV and 100 amperes have been developed
and now there are many countries in the world where the transmission of power over longer
distances and high voltages is being done by d.c.

A d.c. transmission line requires convertor at each end. At the sending end a.c. is
converted into d.c. and at the receiving end it is converted back to a.c. for use.

	
� ������������

A valve normally conducts in one direction only from anode to cathode and while it is conducting
there is a small drop of volts across it. While analysing the rectifier circuits, the valves, the
transformers are assumed to be ideal i.e., without any voltage drop and the d.c. load is assumed
to have infinite inductance from which it follows that the direct current is constant i.e., free
from ripples.

Transformer secondary can be connected to give 3-phase, 6-phase and 12-phase supply
to the rectifier valves. The larger the number of phases, lower is the ripple content in the d.c.
output. But 6-phase connection is found to be sufficiently good from all practical viewpoints.

+

–

Vd
VdVdi3

i2

i1 1

2

3

��
�	
��������������������
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To begin with, a 3-phase arrangement will be described but analysis will be done for a
general n-phase system. The 3-phase system is the simplest convertor circuit but is not practical
because the direct current in the secondary windings saturates the transformer core. This
could be avoided by using zig-zag connections. The 3-phase system as shown in Fig. 5.1 is,
however, useful in explaining other connections.

Figure 5.2 shows the current and voltage wave-form in the three phases of the supply
transformer. When grid control is not used, conduction will take place between the cathode
and the anode of highest potential and, therefore, the output voltage is indicated by the thick
line and the current output will be continuous. From the voltage wave-form it is clear that the
change-over from one anode to the other takes place at an electrical angle calculated as follows:

a b c a b

VV

time

time

Phase (a)

time

Phase (b)

time

Phase (c)

2 /n�

�

2
�

n
–

�

2
�

n
+

O

Id

Voltage

Current

��
�	
��"�$���%�&��%���'%��$%(��)���'�����������*���'���'������������

Taking point ‘O’ as the reference, the conduction starts from 30° and continues up to
150° i.e., (π/2 – π/3) to (π/2 + π/3) i.e., in general for an n-phase or n-anode system the change-
over takes place at (π/2 – π/n) and conduction continues up to (π/2 + π/n). Now since conduction
takes place only during the positive half cycle, the average value of the d.c. voltage will be
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V0 = 
1

2 22

2

2

2

π
θ θ

π
θ

π π

π π

π π

π π

/
sin cos

/ /

/ /

/ /

/ /

n
V d

nV
n

n

m
m

n

n

−

+

−

+

� = − �

�
�

�

�
�

= 
V n

n
m sin /

/
π

π
(5.1)

For 3φ, n = 3, and

V0 = 
V V

Vm m
m

sin /
/

.
π

π π π
3

3
3 3

2
3 3
2

= =  = 0.83Vm (5.2)

For 6φ, n = 6, and

 V0 = 
V Vm msin /

/
π

π π
6

6
3

= (5.3)

The wave of anode current is a rectangular pulse of height Id and length 120°. Its average

value is Id/3 and the r.m.s. value Id/ 3  = 0.577Id.

The transformer secondary current is the same as the anode current. The current in
actual practice can’t reduce to zero instantly nor it can rise to a finite value instantly because
of the finite inductance of the system. Hence two anodes conduct simultaneously over a period
known as the commutation period or overlap period (overlap angle γ). Say initially anode a is
conducting. When anode b commences to conduct, it short circuits the a and b phases which
results in zero current in a and Id in b finally. This is shown in Fig. 5.3.

VV

a b c a b

Voltage

time

�

Current

�

Power factor angle

��
�	
���%(��)���'��*���'��+�$��%�&��+�����%&&*����%'��')(��γ.

The instant of conduction of an anode can be controlled by applying a suitable pulse at a
suitable instant to a third electrode known as grid which is placed in between the cathode and
anode. Once the conduction starts, the grid of course loses control over the conduction process.
Fig. 5.4 shows the use of grid control for the firing of the anodes. Say a positive pulse is applied
to the grid such that the conduction is delayed by an angle α.
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Voltage

time

��
�	
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When the delay is α, considering n-phase system the average output voltage will be

V0′ = 
1

2 22

2

2

2

π
θ θ

π
θ

π π α

π π α

π π α

π π α

/
sin cos

( / ) ( / )

( / ) ( / )

( / ) ( / )

( / ) ( / )

n
V d

nV
n

n

m
m

n

n

− +

+ +

− +

+ +

� = −�
�
�

�

�
�

= 
nV

n n
m

2π
π

α
π

αsin sin+�
	


�
�
+ −�

	

�
�

�

�
�

�

�
�

= 
nV

n
m

π
π αsin . cos

= V0 cos α (5.4)

This means the d.c. output voltage with grid control is obtained by multiplying the d.c.
output voltage without control with cosine of the angle by which the firing is delayed.

For calculating the d.c. output voltage when overlap is to be considered, refer to Fig. 5.5.

f

Voltages

� �

1 3 5 1

0

6 642

��
�	
	��%(��)��+�$��%�&�+����)����%'��%(�α��'
�%$��(���γ��'������%��-��)���%''����%'�

The d.c. voltage is given by the d.c. voltage without overlap (with grid control) minus the
average value of the hatched area during the overlap period. We find out the hatched area
which is equal to any ordinate y of the hatched area integrated over the period α to α + γ, i.e.,

∆Vd = 
α

α γ

α

α γ
θ θ

+ +

� �= −
+�

	

�
�

y d e
e e

db
a b

2
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= 
α

α γ
θ

+

�
−e e

db a

2
The limits α and α + γ are made clear from the vector diagram (Fig. 5.6).

ea

ec

eb

eb – e = 3 Va m

��
�	
��!���%����)��&��%���$�(*���')�(�&����%��������������

Here (eb – ea) leads ec by 90° i.e., the value of eb – ea is zero at point ‘O’ in Fig. 5.5 and with
respect to point ‘O’ the angles to calculate the hatched area are α and α + γ. Therefore,

∆Vd = 
α

α γ+

�
3

2
 Vm sin θ dθ

= – 
3

2
3

2
Vm cos θ

α

α γ
�

�
�

�

�
� =

+

 Vm[cos α – cos (α + γ)] (5.5)

The average value of this drop = 
1

2π/n
 [Area].

For 3-phase, n = 3 and the average value of the area will be

3
2

3
2π

.  Vm[cos α – cos (α + γ)] (5.6)

∴ The d.c. output with overlap for n = 3 will be

V0 cos α – 
V0

2
 [cos α – cos (α + γ)]

Vd = 
V0

2
 [cos α + cos (α + γ)] (5.7)

	
� ���������������������������������������������

The bridge rectifier is the most practical circuit used for converting a.c. into d.c. for HVDC
transmission. For a given alternating voltage the output direct voltage is doubled as the two
anodes conduct simultaneously and hence the power is doubled. There is no current in the
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windings of the transformer bank and the r.m.s. current is less than twice that of the 3-phase
circuit; thereby the winding is used efficiently. For waveform and the bridge circuit refer to
Fig. 5.7.

(a)

1 3 5

4 6 2

Va

Vb

Vc

(b)

VdVd
Voltage
waveforms

i1

i2

i3

i4

iA – i – i1 4

time

VA VB VC VA VB

0

0�

0�

(c)

��
�	
��0�1�2��)����������������*��3�0�1��%(��)��+�$��%�&3�0�1� *���'��+�$��%�&�

The sequence of operation of the bridge circuit can be explained as follows: Let Va be the
most positive at the beginning of the sequence say point O in Fig. 5.7 (b). Corresponding to this
point Vb is most negative; therefore, the conduction will take place between phase a and b from
a to b. The rectifiers will be 1 and 6 (Fig. 5.7 (a)). Vb continues to be most negative from O′ to O″
and after O″, Vc becomes most negative and then conduction takes place between phases a and
c from a to c through the rectifiers 1 and 2. Next diode 3 takes over from 1 and current returns
through 2. The complete sequence of the diodes conducting is, therefore, 1 and 6, 1 and 2, 3 and
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2, 3 and 4, 5 and 4, 5 and 6 and 1 and 6 again. The grid control and overlapping will modify the
magnitude of voltage and can be taken into account as in the case of simple 3-phase circuit.

The output voltage for a bridge circuit can be obtained by either doubling the voltage of
the simple 3-phase circuit or by using the line voltage in the formula for six diodes, 6-phase
rectification.

We know that the output voltage of a 3-phase circuit is 3 3
2π

Vm . Therefore, for a bridge

circuit it will be

3 3
π

Vm

The output voltage for an n-phase circuit is

V n
n

m sin /
/
π

π

∴ For 6-phase circuit n = 6 and maximum value of voltage is 3Vm .

Substituting these values,

V0 = 
3 6

6
3

6 3 31
2

V V Vm m msin /
/

. .
π

π π π
= = . (5.8)

Example 5.1: A bridge connected rectifier is fed from 220 kV/110 kV transformer with
primary connected to 220 kV. Determine the d.c. output voltage when the commutation angle
is 15° and the delay angle (a) 0°,  (b) 30° and (c) 45°.

Solution: The d.c. output voltage is given by

Vd = 
V0

2
 [cos α + cos (α + γ)]

where V0 = 3 2 3 2 110
π π

VL = ×  = 148.60 kV

(a) For α = 0°

Vd = 
148.60

2
 [cos 0° + cos 15°]

= 146.06 kV. Ans.

(b) For α = 30°

Vd = 
148.60

2
 [cos 30° + cos 45°]

= 116.87 kV. Ans.

(c) For α = 45°

Vd = 74.30[cos 45° + cos 60°]

= 89.68 kV. Ans.

Example 5.2: A bridge connected rectifier operates with α = 30° and γ = 15°. Determine
the necessary line secondary voltage of the rectifier transformer which is normally rated at
220/110 kV, if it is required to obtain a d.c. output voltage of 100 kV. Also determine the tap
ratio required.
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Solution:

Vd = 
3 2
2π

 VL[cos α + cos (α + γ)]

100 = 
3 2
2π

 VL[cos 30° + cos 45°]

or VL = 94.115 kV Ans.

∴ The tap ratio = 
94.115

110
 = 0.85. Ans.

Current Relationship in a Bridge Circuit

In case of a bridge circuit, two valves conduct simultaneously. These two valves correspond to
two different phases i.e., two phases are short circuited. Let L be the inductance in henries for
each phase and is be the current at any instant; then the equation describing the circuit will be

2L 
di
dt

Vs
m= 3  sin ωt

or   di
dt

V
L

s m= 3
2

 sin ωt dt or is = – 3
2

1V
L
m .

ω
 cos ωt + A

At the beginning when ωt = α, is = 0 and at the end when ωt = α + γ, is = Id.

∴ A = 
3

2
V
L
m

ω
 cos α

and Id = 
3

2
V
L
m

ω
 [cos α – cos (α + γ)]

= 
V

X
L

2
 [cos α – cos (α + γ)] (5.9)

where VL is the r.m.s. line to line voltage.

Now for the bridge circuit

V0 = 
3 3Vm

π

∴ 3
3

0V
V

m =
π

∴ Id = 
πV

X
0

6
 [cos α – cos (α + γ)] (5.10)

We know that, the bridge output voltage after taking into account grid control and overlap
γ is

Vd = 
V0

2
 [cos α + cos (α + γ)]

Here V0 is the bridge rectifier voltage without grid control and overlap.
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Now adding the two equations (5.7) and (5.10),

2 6

0 0

V
V

XI
V

d d+
π

 = 2 cos α

or
V
V

XI
V

d d

0 0

3
+ =

π
αcos

or Vd = V0 cos α – 
3XId

π
(5.11)

Figure 5.8 shows the equivalent circuit represented
by equation (5.11). It is to be noted that the drop 3XId/π
represents to voltage drop due to commutation and not a
physical resistance drop. Vd can be varied by varying the
V0 which in turn can be varied by changing the tap change
of the transformer and by changing α.

In fact there are various circuits used for
rectification, of which, the best converter circuit for high
voltage d.c. transmission is the 3-phase bridge circuit. This
has the following advantages:

(i) The transformer connections are very simple. It does not require any trapping. The
secondary connection may be connected in Y or in delta.

(ii) For a given power output, the rating of the transformer secondary is less than any
other circuits. Therefore, the rating of the primary of the transformer is less than any other
circuit.

(iii) For a given output voltage, the PIV of the valves is only half that of any of the other
circuits and therefore for a given PIV the output voltage is twice that of some other circuits.

(iv) Arc backs can be suppressed by grid control and a bypass valve.

Example 5.3: If the rectifier in Example 5.2 delivers 800 A, determine the effective
reactance per phase.

Solution: Vd = V0 cos α – 
3I Xd

π

100,000 = 
3 2 94 115× .

π
 × 0.866 × 1000 – 

3 800× X
π

or X = 13.22 Ω. Ans.

	
� ���������

In case of valves the conduction takes place in only one direction and, therefore, the current in
a converter cannot be reversed. With rectifier operation the output current Id and output voltage
Vd are such that power is absorbed by a load. For inverter operation it is required to transfer
power from the direct current to the alternating current system which can only be obtained by
the reversal of the average direct voltage. The voltage then opposes the current as in a d.c.

��
�	
���7*�$�(�'������*��� �������'�

�')�%������%'�%����-��)������������

3X
� Id

VdVdV cos0 �
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motor and is called a countervoltage. Therefore, for inversion, an alternating voltage system
must exist on the primary side of the transformer and grid control of the converter is essential.

When grid control is used we know that output voltage is V0 cos α and becomes zero
when α = 90° and reverses when 90° < α < 180°. This means the voltage becomes negative
when grid control angle α lies between 90° and 180° and the applied direct voltage from the
rectifier forces current through the valves against this negative voltage or back voltage.
Triggering beyond 180° results in the a.c. systems being connected to the d.c. source in such
polarity that the flow of SCR current will be aided rather than opposed, thus allowing a short
circuit current of damaging proportions to build up in the d.c. system. The converter at the
receiving end (inverter) thus receives power and inverts. The inverter 3-phase bridge circuit
along with its voltage and current waveforms is shown in Fig. 5.9.

Commutation from valve 3 to valve 1 is possible only when phase c is positive with
respect to a and the current changeover must be complete before N by a time δ0 equal to the
deionized time of the valves. It can be seen from the current waveforms that the current supplied
by the inverter to the a.c. system leads the voltage and hence the inverter may be considered
as a generator of leading vars or an absorber of lagging vars.

a

b

c

1 3 5

4 6 2

��
�	
 �!�"� �'$������-��)���%''����%'�

4 (a) 6 (b) 2 (c) 4 (a)

Voltages

t

Vd

5315

N
N

P
O

Q
�

M
Valve 3

��

��

����

��
�	
 �!�"��%(��)��+�$��%�&��
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1 3 55

��
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Refer to Fig. 5.9 (b) for the operation of the bridge inverter. Valve 3 is triggered at M and
as the cathode is held negative to the anode by the applied direct voltage Vd, current flows
which is limited only by the circuit impedance. The cathode and anode of valve 3 are at the
same potential if the arc drop is neglected. When time N is reached, the anode to cathode open
circuit voltage is zero and the valve tries to stop conduction. Because of the large inductance of
the transformer, conduction in valve 3 continues until time 0 when valve 5 is triggered. Since
the anode to cathode voltage of 5 is greater than that of 3, valve 5 will conduct but for a time 5
and 3 will conduct simultaneously and the current is gradually transferred from 3 to 5 until at
Q valve 3 stops conducting. It is very essential to trigger valve 5 before the time P, otherwise
valve 3 will continue to conduct as it is being subjected to a positively rising voltage and with
that the inversion process will break down.

In rectifier theory the ignition angle is denoted as α and is the angle by which ignition is
delayed from the instant at which the commutating voltage is zero and increasing. In case of
inverter the ignition angle β is defined as (π – α) and β is equal also to (γ + δ) where δ and γ are
shown in Fig. 5.9 (b).

Rewriting the converter equations (5.10) and (5.7),

Id = 
πV

X
0

6
 [cos α – cos (α + γ)]

and Vd = 
V0

2
 [cos α + cos (α + γ)]

Substituting α = 180 – β and γ = β – δ, we obtain

Id = 
πV

X
0

6
 [– cos β – cos (π – β + β – δ)]

= 
πV

X
0

6
 [– cos β + cos δ]

= – 
πV

X
0

6
 [cos β – cos δ]

and  Vd = 
V0

2
 [– cos β – cos δ] = – 

V0

2
 [cos β + cos δ]

∴ We obtain

Vd = – [V0 cos δ – IdRc] (5.12)
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and Vd = – [V0 cos β + IdRc] (5.13)

where Rc = 
3X
π

.

Therefore two equivalent circuits are obtained for the bridge circuit as shown in Fig. 5.10.

3X
�Id

VdVd V cos0 �

–

(a)

3X
�Id

VdVd V cos0 �

(b)

��
�	
�#�0�1��7*�$�(�'������*���%���'$�������%���%'���'��δ��'����&��%���')(��δ.
0�1��7*�$�(�'������*���%���'$�������%���%'���'��β��'����&��%���')(��β.

Example 5.4: A d.c. link has a loop resistance of 10 Ω and is connected to transformers
giving secondary voltage of 120 kV at each end. The bridge connected converters operate as
follows:

Rectifier: α = 15°, X = 15 Ω
Inverter: δ0 = 10°, γ = 15°, X = 15 Ω
Allow 5° margin on δ0 for δ.
Calculate the direct current delivered if the inverter operates on constant β control.

Solution:

Id = 
V V

R
or oi−

where Vor and Voi are the rectifier and inverter d.c. output voltages and R the loop resistance.

Vor = V0 cos α – 
3I Xd

π

= 
3 2 120

15
45×

° −
π π

cos
Id

Voi = V0 cos β + 
3I Xd

π
 [here β = (δ + γ)]

= 
3 2 120

25
45×

° +
π π

cos
Id

∴ IdR = 10Id = Vor – Voi

= 
3 2 120×

π
 [cos 15° – cos 25°] × 1000 – 

90Id

π

or Id 10
90+�

	

�
�π

 = 9664

or Id = 249.96 amp. Ans.

www.EngineeringBooksPdf.com



�������	
��������
����������� ���

	
� $�������%
&
�'��$�

D.C. lines are classified as follows: (1) Monopolar lines, (2) Bipolar lines and (3) Homopolar
lines. As the name suggests monopolar lines are those in which the line has one conductor only
and the earth is used as the return conductor (refer Fig. 5.11).

The line is normally operating with negative polarity as the corona loss and the radio
interference are reduced. The bipolar lines have two conductors—one operating with +ve polarity
and the other negative polarity. There are two converters of equal voltage rating and connected
in series at each end of the d.c. line. Refer to Fig. 5.11 (b). The rating of the bipolar line is
expressed as ± 650 kV for example and is pronounced as plus and minus 650 kV. The junction
of the converters may be grounded at one end or at both the ends. If it is grounded at both the
ends each line can be operated independently.

Converter Inverter

(a)

(b)

(c)

+

+

��
�	
���8�'��%������(�'9�:�0�1��%'%�%(��;

��0�1�2��%(��;��'�0�1��%&%�%(���(�'���

The homopolar lines have two or more conductors having the same polarity usually
negative for the reason of corona and radio interference and always operate with ground as
the return.
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In case of HVDC transmission, the voltage and current levels are so high that a single thyristor
cannot meet these requirements. Under such circumstances, it is essential to use more than
one thyristors in parallel to obtain increased current requirements and, in series, to achieve
higher voltage.

Parallel Connections

When thyristors are connected in parallel, the current sharing between them may not be equal.
The thyristor with lower dynamic resistance will take more current resulting in further
reduction in resistance and further increasing the flow of current through it. The process is
cumulative till the thyristor gives way.

For parallel operation of thyristors, it is desirable that the finger voltage of various
devices should be same, the latching current level of all the devices is such that when gate
pulse is applied, all of them will turn on and remain on when the gate pulse is removed. Also,
the holding current of various devices should not differ much.

In order to nullify the difference in characteristics of the thyristors due to slightly different
turn-on time, finger voltage, holding current, latching current etc. which results in unequal
current sharing, it is desirable to insert suitable value of inductance in each thyristor circuit.

Series Connection of Thyristors

In order to obtain higher d.c. voltage for HVDC transmission, two or more than two thyristors
are to be connected in series. In case, the thyristors have different leakage resistances, the
thyristor with higher leakage resistance will have larger voltage drop across it. High resistances
of equal values are connected across the thyristors.

	
� ��)���'�)��������������*��������(���*

The equivalent circuit of a d.c. transmission system under steady state operating condition is
shown in Fig. 5.12.

Rcr RL Rci

VorVor
V
cos

or
�

Vor
cos �

VdrVdr VdiVdi
VoiVoi

coscos �

�

�

�

VoiVoi

��
�	
����7*�$�(�'������*���%�����������'�&����%'�(�'9�

The current Id in the line is given by

Id = 
V V

R R R
or oi

cr L ci

cos cos ( )α β δ−
+ ±

or
(5.14)
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where RL is the line resistance, Rcr and Rci are the fictitious rectifier and inverter resistances.
If the inverter operates with constant ignition angle in the expression for Id, cos β and + Rci are
used otherwise for constant extinction angle δ, cos δ and – Rci are used. Here in our study we
consider constant ignition angle β operation of inverter as ignition angle β can be controlled
directly whereas δ is controlled indirectly through controlling β to values computed from the
direct current Id, the commutating voltage and the desired extinction angle. From the equation
(5.14), it is clear that the current Id is proportional to the difference of the two internal voltages
(rectifier and inverter voltages) and is controlled by regulating these voltages as the resistances
in the denominator of the expression for Id are practically fixed for a given system.

Internal voltages can be controlled by any one or both of the following methods:

(i) Grid Control. (ii) Tap Change Control.

Small changes in voltages are adjusted using grid control as it is quite fast (about 5 ms)
and large changes are brought about by tap changes which are inherently slow (about 5 sec.
per step). Both these methods are used cooperatively at each terminal for voltage control and
hence control of Id and power flow.

From equation (5.14) it is clear that Id and hence the difference of internal voltages are
always positive as the thyristors can conduct only in one direction. Therefore, if it is desired to
reverse the direction of power transmission, the polarity of the direct voltages at both ends of
the line must be reversed while maintaining the sign of their algebraic difference. Inverter
then acts as a rectifier and the rectifier as an inverter. It is to be noted that the terminal
voltage of the rectifier is always greater in absolute value than that of the inverter, although it
is lesser algebraically in the event of negative voltage.

	
�
���+,-./�0+1�2345331��+104.14��6//3147�+104.14��+84.�3��9043,

Power flow in an HVDC system can be regulated by the following methods:

(i) Constant Current, variable voltage.

(ii) Constant Voltage, variable current systems.

In case of constant current system, all the loads and power sources are connected in
series. A load is taken out of the circuit by short circuiting it by a switch and a source is taken
out of the circuit by first reducing its e.m.f. to zero and then short circuiting it. In constant
voltage system, various loads and sources are connected in parallel. A load or a source is taken
out of the circuit by opening the switch in the corresponding branch. Whereas the constant
current system was used in the past for street lighting and on some of the earlier d.c.
transmission projects, the constant voltage system is almost universally used these days in
a.c. transmission and distribution networks.

Most of the HVDC projects to date are two terminal networks, therefore, the distinction
between series and parallel connection of the converter and inverter disappears. The comparison
between the constant current and constant voltage system is, therefore, made on the following
grounds:

(i) The limitation of variation of current due to faults on the d.c. line or converter or due
to variation in a.c. voltages.

(ii) The energy losses and efficiency. On a constant current system, the short circuit
currents are limited to theoretically full load current but practically at the most two
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times the full load currents. However, in case of constant voltage a.c. systems the
fault currents are as high as 20 times the full load current as the current is limited by
the effective impedance of the system. On constant voltage d.c. system fault currents
would be much greater, as these are limited only by circuit resistance.

As regards losses I2R losses are relatively larger in a constant current system (always
full load losses) as compared to the constant voltage system where the losses are proportional
to square of the power transmitted. As the system operates for a short time at its rated power,
the daily or annual energy loss is much less in constant voltage system. The opposite is true of
those losses which are a function of operating voltage such as corona and dielectric losses.
These are more for a constant voltage system as compared to constant current system. In
practice, however, the voltage dependent losses are always much less than the current dependent
losses.

Thus, consideration of fault levels favour the constant current system whereas the energy
loss favours the constant voltage systems. In the past it was possible to operate the system
either as constant current or constant voltage system. However, with advancement in technology
it is now possible with the help of automatic controls to operate the system combining the best
features of the two systems.

In case of HVDC transmission it is desirable to have a high power factor of the system
for the following reasons:

(i) For a given current and voltage of the thyristor and transformers, the power rating of
the converters is high.

(ii) The stresses on the thyristors and damping circuits are reduced.

(iii) For the same power to be transmitted the current rating of the system is reduced and
also the copper losses in the a.c. lines are reduced.

(iv) In a.c. lines the voltage drop is reduced.

The p.f. on the a.c. side can be improved by using shunt capacitors. However, this involves
cost both for the capacitors and the switching devices.

On the d.c. side, the p.f. of the converter is given as

cos φ = 
V
V

d

do
=

1
2  [cos α + cos (α + γ)]

for a rectifier and for an inverter it is given as

cos φ = 
1
2

 [cos δ + cos (δ + γ)]

Fig. 5.13 shows the phase voltages and one phase current of a rectifier at two values of
control angle α = 0 and α = 30°, assuming negligible commutating reactance. It is clear that
with α = 0° the power factor angle φ representing the phase shift between the fundamental of
the current waveform and the corresponding phase voltage is zero. The power factor angle
increases as α increases. From the expression and the Fig. 5.13, it is clear that the power factor
angle increases with increase in firing angle α. In practice and under normal condition α is
kept near 15° for the following reasons:

(i) To ensure that all the thyristors of a bridge will be fired at the same instant in time.
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(ii) To allow a small margin for an immediate small power increase, if it is dictated by the
rectifier grid control regulator.

It is concluded that smaller the firing angle, the smaller will be the V Ar requirements
of the rectifier as then sin φ is smaller.

Similar to rectifier operation, the p.f. angle φ increases with increase in angle δ in case
of inverter. Therefore, for δ = 0, the V Ar demand of the inverter will be minimum and for β > 0
the current leads the voltage and the inverter consumes lagging Vars.

�

= 30°
� (b)

1 3

1 3 Id � = 0°

� = 30°

(a)

a b c

��
�	
�������������%������%'�0�1��%(��)��+�$��%�&�0�1� *���'��+�$��%�&�
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Refer to Fig. 5.12. The voltage Vdi from the rectifier circuit is given as

Vdi = Vor cos α – Id(Rcr + RL) (5.15)

and from the inverter circuit, it is given as

Vdi = Voi cos β + IdRci (5.16)

These equations have been plotted on the
operation diagram of Fig. 5.14. In order that current
Id flows, the open circuit voltage of the rectifier must
be higher than the open circuit back voltage of the
inverter. The point of intersection (Id, Vdi) of these
characteristics gives the operating point. The inverter
operation under such condition (constant β) is not
satisfactory for the following reasons:

(a) The extinction angle may be larger than re-
quired, involving unnecessary V Ar demand.

��
�	
����������%'���)��&�

V cosor �

Vdi

V cosoi �

Id Id
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(b) In case there is voltage dip on the a.c. side, the life of thyristors is endangered due to
commutation failure.

This is shown in Fig. 5.15. Suppose that normal current Id is flowing and that β is so
adjusted that δ > δ0 as shown in Fig. 5.15(a). If, now, the voltage on a.c. side experiences a
symmetrical dip and assuming that the current does not change substantially, the same current
has to be commutated at reduced voltage. This requires that the shaded areas of the two figures
should be equal. As a result δ of Fig. 5.15 (b) is reduced below δ0 with subsequent commutation
failure. However, if β was kept large in anticipation of voltage dip, the inverter V Ar requirements
would be excessive.

�0
�

�
�

� > �0

(a)

�0

�
�

� < �0

(b) ��

��
�	
�	��<&&������(���*���%'�%��������<���&�$%(��)��

0�1�δ�=�δ�3�0�1�δ�>�δ�

	
� ����������:������������'��δδδδδ�������'

This control requires a fast compounding device. The current Id expression, for an inverter,
describes the nature of the control problem.

Id = 
πV

x
o

6
 (cos δ – cos β)

In order to have certain value of Id, for a particular value of Vo and δ, value of β can be
obtained from the expression above. If β is continuously computed and the thyristors are fired
accordingly, there is a substantial risk of commutation failure for the following reasons:

�	
	��

�

�	�	��

��
�	
�����<&&������(���*���%'�%��������<���&�$%(��)��
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(i) The above expression of Id holds good only for 3-phase symmetrical voltages. A shunt
fault say a line to line fault will not only reduce the commutating voltage but also
increase or decrease the available commutation angle as shown in Fig. 5.16.

(ii) In case of a dip in voltage on the a.c. side, the rate of change of current Id may be very
large despite the fact that large smoothing reactors have been incorporated in the
system.

The constant extinction angle controller consists of a separate computer for each group
of thyristors connected to the same phase. This is desired as the voltage of different phases
become unbalanced during an asymmetrical fault.

Each computer continuously computes and provides an output signal when the correct
instant for firing a thyristor has arrived for safe commutation. The computer has to monitor
the following quantities:

(i) The amplitude of the commutating voltage which is the voltage between two phases,
the phase on which the conducting thyristor is connected and the phase on which the
next thyristor to fire is connected. This voltage is responsible for circulating commu-
tating current when the two thyristors are conducting simultaneously.

(ii) The phase of the commutating voltage.
(iii) The magnitude of the direct current.
(iv) The rate of change of the direct current.
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Constant Current Controller performs the following operations:

(i) Measures the system current Id.
(ii) Compares it with a reference current Ids.

(iii) Computes (Ids – Id) and amplifies the error signal (Ids – Id).
(iv) The output error signal controls α in case of rectifier and δ in case of inverter in

proper direction to reduce the error.

If the measured current is more than the reference, α must be increased in case of
rectifier to decrease the open circuit voltage of the rectifier. The difference between the open
circuit voltage of the rectifier and the inverter is thereby decreased and the current Id is
decreased proportionally.

However, in case of an inverter, if the measured current is more than the reference
current, the open circuit voltage of the inverter must be increased instead of being decreased
as in a rectifier in order to decrease the difference of the open circuit voltages. This refers,
however, to the absolute value of the inverter voltage. If we consider the inverter voltage to be
negative, which is usual if the same converter sometimes rectifies and at other times inverts,
the algebraic value of inverter voltage must be decreased as in a rectifier and to accomplish
this, α must be increased, as in a rectifier. The graph cos α vs α in the range 0 ≤ α ≥ π is
monotonic where the algebraic value of cos α increases with decrease in α i.e., the algebraic
value of open circuit voltage Vo cos α increases with decrease in α. This means that the same
constant current controller can be used for a given converter without change of connections
during both rectification and inversion.
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Consider the system of Fig. 5.12. Let the rectifier be equipped with a constant current regulator
and the inverter with a constant extinction angle (CEA) regulator. The constant current
regulator characteristic is

Id = Constant, a vertical line and the constant extinction angle characteristic

Vdr = Voi cos β + (RL – Rci)Id (5.17)

where Vdr and Id are the sending end voltage and current
respectively. These characteristics have been drawn in Fig. 5.17.
The constant current characteristic should ideally be a vertical
line but in practice it has a high negative slope. Assuming that
the commutation resistance Rci is somewhat greater than the
line resistance RL, the constant extinction angle characteristic
due to the inverter is a straight line with a small negative slope
and, intercept as Voi cos β as shown in Fig. 5.17 by the line CD.
The operating point of the rectifier inverter system is the point
of intersection (G) of the operating characteristics of the rectifier
and the inverter. The constant current characteristic can be
shifted horizontally by adjusting the current setting of the
current regulator. If the current measured is less than the
current setting, the regulator advances the firing angle of the
rectifier thyristor (α is decreased), thereby the internal voltage
of the rectifier is increased and the current Id is increased. On the other hand, if the current
measured is more than the current setting, the firing angle is further delayed (α is increased)
thereby the internal voltage of the rectifier is decreased and the current Id is decreased.
Similarly, the inverter characteristic can be raised or lowered by means of the tap-changer on
the transformer at the inverter station which varies the alternating voltage on the thyristor
side. As the tap is changed, the constant extinction angle control restores the desired value of
β. The internal direct voltage at the inverter is changed in proportion to the alternating voltage
since cos β is constant and this changes the direct current Id which, however, is quickly restored
to the set value by the current regulator at the rectifier station by changing the internal voltage
at the station. The d.c. reactor on the line tend to prevent rapid changes in current, thus
easing the duty of the current regulators. From Fig. 5.17, it is clear that if the rectifier
characteristics were perfectly vertical and the inverter characteristic perfectly horizontal, it
could be said that the rectifier controls the direct voltage of the line. However, in practice, each
control affects both current and voltage although it affects one of them more and the other
less.

Suppose the inverter voltage is increased, in order to keep the line current constant, the
rectifier voltage must be increased by the same amount. If the increase in inverter voltage is
small, the rectifier voltage can be increased by advancing the firing i.e., decreasing α (electronic
control) and thus the increase is brought about very quickly. However, if the inverter voltage
is increased by the tap changer, the rectifier voltage should also be changed by its own tap
changer. It has already been reported that the ignition angle α usually lies between 10°–20°.
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With this the p.f. of the converter is high and if small change in voltage is required, it is
obtained very fast through firing angle control over this small interval.

So far we have considered the behaviour of the controls for slow changes of voltage. We
now consider the rapid reduction in voltage due to shunt faults on a.c. system. Consider Fig.
5.17. Let the inverter voltage reduce. As a result the inverter characteristic is shifted downward
from CD to EF and the new operating point is H. The system, thus operates at the same
current but at reduced voltage. As a result the power transmitted is reduced in proportion to
voltage. If the dip in voltage is momentary due to a transient shunt fault, the initial conditions
would be restored soon, otherwise, the inverter tap changer is operated to increase the voltage
to normal value.

In order to ensure that the d.c. line current does not go below a certain predetermined
value, it is generally desirable to provide constant current control for the inverter as well. For
a system in which power is reversible, converters have to be provided with both C.E.A. and
constant current controls. The combination of C.E.A. and Constant Current Controls can be
represented by the block diagram in Fig. 5.18 (a) and the operating characteristic of the converter
provided with such a control is shown in Fig. 5.18 (b). Let the current setting of this Constant
Current Control Output be Ids. If the line current measured is more than Ids, the Constant
Current Control output will be zero and the inverter advance angle β will correspond to the
output from the C.E.A. Control only i.e., the inverter will operate at the minimum required
angle of advance β.

C.E.A.
control

Phase
advance circuit

C.C.
control

VL

Id
Pulse output

� increases with
increased input

(a)

Rectifier
operation

CC

Ids

Id

Inverter
operation

CEA

(b)
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The output voltage is then given by

Vd = 
3 2

π
 VL cos δ – 

3X
Idπ

(5.18)

If the measured current is less than the setting of the converter, the constant current
control will provide some output in order to increase the angle β more than the required
minimum which increases the voltage Vd and brings the current back to its set value Ids.

Consider Fig. 5.19. Suppose the rectifier and the inverter are associated with both the
Constant Current Control and Constant ignition/extinction angle controls. Characteristics ABC
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and A′B′C represent the normal and reduced voltage operation of the rectifier respectively.
DEF is the characteristic of the inverter.

Now consider a dip in a.c. voltage at the rectifier station. As a result the d.c. voltage
suffers a proportionate dip and the rectifier characteristic shifts from ABC to A′B′C (Fig. 5.19).
If the inverter were not associated with the Constant Current Control, it can be seen from Fig.
5.19 that the new rectifier characteristic (A′B′C) would not intersect the constant voltage
characteristic (GD) of the inverter. Consequently, the current and power drop to zero after a
short delay due to d.c. reactors. Because of the Constant Current regulator associated with
inverter, the new rectifier characteristic intersects the inverter characteristic at I. It may now
be said that the rectifier controls the direct voltage whereas the inverter the direct current—
a situation contrary to normal operating condition.

A

G

A�

B�
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Id�Id�Id

F C
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The constant current characteristic of the inverter is set at a lower current than that of
the rectifier. The difference between the current setting of the rectifier and that of the inverter
is called the current margin and is denoted by ∆Id. It is generally 15% of the rated current. In
fact, the current margin should be sufficient to avoid the intersection of the two constant
current characteristics, otherwise this will lead to erratic operation of the two regulators.

When there is dip in rectifier voltage, the power transmitted is reduced not only in
proportion to the dip in voltage but also because of reduction in current by an amount ∆Id.
Thus a voltage dip at the rectifier end reduces the power more than an equal dip at the inverter
end. This, however, is much better than having power suddenly reduced to zero. If the dip in
power is not desired, the current settings of  the current regulators are increased. In order to
avoid erratic operation of the regulators, the increase in current setting is first effected at the
rectifier and then at the inverter station. The whole process, however, requires only a few
tenths of a second. Later if the measured current exceeds the new current setting by a similar
amount the setting is reduced by that amount first at the inverter station and a little later at
the rectifier, again to avoid intersection of the constant current characteristics. In either case,
the current margin is first increased and later decreased to its normal value. In this way, there
is no danger of accidentally changing the sign of the current margin and thus suddenly reversing
the power.
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Under abnormal condition i.e., low rectifier voltage condition, the rectifier current control
finds the current to be less than its setting and hence tries to bring it to its setting by increasing
the rectifier voltage, by decreasing ignition angle delay. It is unable to do so, however, either
because the delay is already zero or because the minimum control overrides the current control.
The other possibility to increase the current is to reduce inverter voltage. Therefore, the inverter
operates at a higher extinction angle than the minimum specified value. This happens because
the current regulator fires the inverter thyristor before the C.E.A. Control has a chance to
do so.

Under normal operating condition or low inverter voltage, the inverter current regulator
sees that the measured current is more than its own setting, it tries to lower the current by
raising the inverter voltage. For this, it must decrease the extinction angle δ by decreasing the
ignition advance angle β. It cannot do because the C.E.A. regulator is already igniting the
thyristors before the current regulator would do so.

In many d.c. transmission lines each converter sometimes works as a rectifier and at
other times as an inverter. At times both the converters may be expected to operate as inverters
e.g., de-energization of a d.c. line. Therefore, each converter is given a combined characteristic
as shown in Fig. 5.20 consisting of three linear portions C.I.A, C.C. and C.E.A.

Converter I Converter IIId

(a)

(b)

Converter I

Converter II
CIA

CEA

CC

I

I

-Rectifier
- nverterII

I Inverter
Rectifier

-
-II CEA

O

CIA

Id

Converter I
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The power is transmitted from Converter I to Converter II as per the thick line
characteristics of Fig. 5.20. i.e., Converter I acts as a rectifier whereas Converter II as the
inverter. If the direction of power is to be reversed i.e., Converter II to work as rectifier and
Converter I to work as an inverter, Characteristics are changed to those shown by dotted line.
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Here the polarity of direct voltage is changed keeping the direction of current unchanged.
Both the converters are given the same current setting but at the converter designated as
inverter, a signal equal to current margin is subtracted from that current setting, making it a
smaller current setting. When it is desired to reverse the direction of power, the margin signal
should be transferred to the converter that becomes the inverter.

In order to reverse the voltage polarity and hence the flow of power, the shunt capacitance
of the line must be first discharged and then recharged with the opposite polarity. This process
implies a greater current at the end of the line, initially the inverter than at the end, initially
the rectifier. The difference of terminal currents, however, cannot exceed the current margin.
Hence the shortest time of voltage reversal is

T = C 
∆
∆
V
I

d

d
(5.19)

where C is the line capacitance, ∆Vd is the algebraic change of direct voltage and ∆Id is the
current margin.
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In case of a.c. systems frequency can be controlled by adjusting steam input to the prime
movers. If the frequency is high, the steam input to the prime mover is decreased temporarily
and the K.E. is drawn on to supply the required electrical output. On the other hand if the
frequency is low, steam input to the prime movers in increased and the excess of mechanical
power input over electrical power output goes into increase of kinetic energy which results
into increased speed and frequency.

The frequency of the a.c. system can also be controlled if it is connected to a d.c. system
which has its power rating comparable or slightly greater than that of a.c. system. The frequency
can be controlled both at the receiving end of the system and/or the sending end of the system.
A frequency discriminator circuit is used at the terminal where the frequency is to be controlled.
Its output signal is proportional to the frequency deviation from its normal value and is used
as an error signal to advance or retard the firing of converters. If the frequency is low and if it
is an inverter circuit, the ignition of the thyristors should be advanced so that the received
power is increased. On the other hand, if it is a rectifier circuit, the ignition should be delayed
so that the power at the sending end is decreased. Hence a reversing switch is required on the
output of the discriminator. The same error signal in transmitted from the discriminator to
the distant terminal. There is no change in the error signal at the rectifying converter but at
the inverter a marginal signal is subtracted from it, so that even though the frequency is
correct, it appears low regardless of whether the frequency controlled network is importing or
exporting. In either case, the inverter advances its ignition angle in a vain bid to increase the
frequency and as a result reaches the minimum allowable extinction angle and thus determines
the direct voltage. In case of low voltage at the rectifier, limiting the line voltage the inverter
does take over the frequency control, even though there is then a small frequency error due to
the marginal signal. The frequency control is analogous to the current control already discussed.
The converter with lower voltage, controls the direct voltage of the line and the one with
higher voltage controls the frequency.
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A d.c. line itself does not require reactive power and voltage drop on the line is only the IR drop
where I is the d.c. current. The converters at both ends of the line, however, draw reactive
power from the a.c. system. It varies with the transmitted power and is approximately half of
the power at each end. It is independent of the length of the line. Filters are provided on the
a.c. side of the converters for HVDC transmission to reduce harmonic currents and voltages on
the a.c. side which would otherwise produce interference with other equipment or with
communication lines. These filters are of large size and involve considerable cost. But fortunately
these can also provide a major part of the leading reactive power required by the converter.
The magnitude of reactive power supplied by the filter is greatly influenced by the position of
the a.c. filters. Filters on d.c. side are used to smoothen the d.c. output and thus these are
effective in reducing interference with communication lines. The cost of these filters is much
less compared to those of a.c. filters. Filters usually have one or more L.C. turned circuits with
a fairly high Q say 25 or more and these are designed from the considerations of steady sine
waves obtained by Fourier analysis.

Relations between a.c. and d.c. Quantities

These relations hold good between the a.c. quantities at the point where the voltage waves are
sinusoidal and the d.c. quantities.

Assuming the losses in the Converter Circuit to be negligible, the a.c. power must equal
the d.c. power i.e.,

3VIL cos φ = VdId = IdVo cos α (5.20)

Where V is the r.m.s. line to neutral a.c. voltage and IL the r.m.s. value of the fundamental
frequency component of alternating line current. The line current has the wave shape as shown
in Fig. 5.21.
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The current has positive and negative rectangular pulses of height Id and width 
2
3
π

radians. This shape is independent of α as long as there is no over lap. By Fourier series
analysis the crest value of the fundamental component of this wave is

 2
2

3

3
I IL d=

−�π π

π

/

/
cos sin

/

/

θ θ
π

θ
π

π

d Id=
�

�
�

�

�
�

−

2

3

3

= 
2 3

π
Id

or IL = 
6

π
Id (5.21)

Substituting the values of IL and Vo in equation (5.20), we have

3

3

6 3 2V
I VL

d Lπ
φ

π
cos = Id cos α

or 3 2 3 2
π

φ
π

V I VL d Lcos = Id cos α

or cos φ = cos α (5.22)

where cos φ is the displacement factor or vector power factor and φ is the angle by which the
fundamental line current lags the line-to-neutral source voltage.

From equations (5.20) and (5.21), it is clear that the converter operates as a transformer
which has a variable voltage ratio depending upon the ignition delay angle and has a fixed
current ratio.

Figure 5.21 shows that when α = 0, the fundamental component of sine wave current is
in phase with the line to neutral source voltage. As ignition angle α is increased the displacement
angle between the fundamental component of current and the line to neutral voltage increases
and the current lags behind the voltage. Thus, the converter which may be a rectifier or an
inverter draws reactive power from the a.c. system. The rectifier takes lagging Vars from the
a.c. system and  inverter also takes lagging Vars from the system but it is sometimes said to
deliver leading Vars to the a.c. system. In this regard a rectifier can be considered as an induction
motor and an inverter an induction generator. Both the induction generator and inverter work
best when connected in parallel with synchronous machines and shunt capacitors. Normally a
converter will absorb lagging Vars from the a.c. system but imagine a converter in which the
thyristors have been replaced by synchronously controlled switches which will close on negative
instead of positive α, the converter could be made to deliver lagging Vars instead of consuming
reactive power.

When overlap is considered (γ < 60°), it is found from equation (5.7) that

Vd = Vo 
cos cos ( )α α γ+ +�

��
�

��2

or  Vd = 
3 6

2π
α α γ(cos cos ( ))+ +

V
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and substituting this in equation (5.20), we have

 
3

3

6 3 6

3 2
V

I
V

IL
d

L
dπ

φ
π

α α γ
cos

[cos cos ( )]
= + +

or  cos φ = 
cos cos ( )α α γ+ +�

��
�

��2
(5.23)

and IL cos φ =
6

2π
α α γ

Id
cos cos ( )+ +�

��
�

��
(5.24)

A harmonic analysis of the current wave shows that

 IL sin φ = 
6 2 2 2

4π
γ α α γ

α α γ
Id

+ − +
− +

sin sin ( )
[cos cos ( )]

(5.25)

Here γ is in radians. The phasor fundamental current is given as

IL = IL cos φ – jIL sin φ (5.26)

The reactive power on the a.c. side is given as

 Q = 3VIL sin φ = P tan φ

where    tan φ = 
2 2 2

2 2
γ α α γ

α α γ
+ − +

− +
sin sin ( )

[cos cos ( )]
(5.27)

However, it is to be noted that there is no
reactive power on the d.c. side of the converter.
Fig. 5.22 shows a typical arrangement including a
shunt harmonic filter and reactive power
compensator on the transformer primary.

A shunt filter is designed such that it
presents a low impedance to all the a.c. harmonic
currents and capacitive impedance to fundamental
frequency. As a result, the voltage across the filter
is constrained to be substantially a fundamental
frequency sine wave. Consequently, for analytical
purposes, the theory developed above for calculation of reactive power can be used. The voltage
V across the filter is to be taken as the commutation e.m.f. and transformer leakage inductance
alone as commutation inductance provided e.m.f. V is taken as reference phasor.

If more than one similar bridge connected thyristor groups per converter is used with
separate group transformers having parallel connected primaries, then active and reactive
powers simply add when  referred to the common primary bus-bar. This holds good independent
of the phase shift produced by the group transformer connections provided firing angles and
d.c. currents are similar.

Reactive power can be supplied either using a synchronous or a static capacitor or a
combination of the two. Filtering is always required. A larger filter than minimum is less
costly than a minimum filter plus shunt capacitors and gives better filtering. In the event of a
temporary fault in the a.c. or d.c. sides, a local synchronous capacitor tends to maintain a.c.
voltage due to its inertia so that an inverter can continue to contribute power to the a.c. system
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Harmonic filter
and reactive

power
compensation
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in order to preserve stability. A static capacitor, however, does not have this effect. The
impedance of the synchronous capacitor increases with frequency and is, therefore, useless for
harmonic filtering. Also, synchronous capacitor, besides being noisy, it is costlier and has greater
losses than a static capacitor. The reactive power of a synchronous capacitor can be controlled
whereas a static capacitor can supply only a fixed amount of Vars. However, whereas a static
capacitor can be made for any voltage a synchronous capacitor is usually of low voltage say 33
kV which, therefore, requires special provision usually in the form of tertiary winding on the
converter transformer. Therefore, in regard to choice of type of reactive VAr compensator,
following recommendations are made:

1. A static capacitor is always required for filtering and for this purpose its rating is about
20 to 30% of the power rating of the converter. Switching by sections is to be avoided.

2. A synchronous capacitor is, for stability reasons, a must in a system where the a.c.
terminal voltage reduces below the minimum by 30% for over 0.5 sec. due to the sudden
blocking of the station.

3. In case the installed generating capacity in the nearby plant is not sufficient synchronous
capacitors are connected to low voltage tertiary windings of the converter transformer.
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In case of a d.c. link the power to be transmitted depends upon the four control parameters Vr,
Vi, α and β, all of which can be controlled more or less independently over a desired range.
Thus when a d.c. system is operated in parallel with an a.c. system (Fig. 5.23) following objectives
can be achieved:

(a) Constant current flow.

(b) Constant power flow.

(c) Constant angle between the a.c. bus bar voltages.

(b) Constant voltage at either end.

Generator

V ���11 V ���22
a.c. link

d.c. link

Load

� 21 – =� 	

jx

R

(a)

P

30° 80° 	

(b)

Level of power
flow in a.c. link
with d.c. link

P = sin 	
V V

X
1 2
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Controls as suggested at (a) and (b) have already been discussed. Control at (c) helps in
improving transient stability of the system. Better utilisation of the a.c. transmission lines can
result. It is known that in case of a.c. lines power transmitted is given by the expression
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P = 
V V

X
1 2 sin δ (5.28)

where V1, V2 are the voltages at the two ends of the line, X the inductive reactance and δ is the
phase angle between V1 and V2. Usually a.c. lines are operated at an angle δ of about 30° in
order to allow a margin for additional power flow which is sufficient to meet transient fluctuation
in the load or to meet sudden changes in system conditions such as shunt faults. However, if
the a.c. system is connected to a d.c. link, the a.c. line can be operated at a much greater angle
say 78–80° [Fig. 5.23 (b)] which represents an increase of 95% in the transmission capacity of
the line. In order to achieve this increase in power transmission it would be necessary for d.c.
link to be controlled either by a signal proportional to δ or by measurement of the a.c. power
flow. In both cases a signal proportional to rate of change of the controlling parameter will be
required to achieve good stabilised flow on the d.c. link. Under normal operating condition, the
power flow through d.c. link would be small and hence the grid angle α, of the rectifier large so
that when required during abnormal condition such as a shunt fault or a sudden increase in
load, when power transmission through a.c. line decreases, the power flow can be opened up
very quickly by decreasing the grid control angle to a suitable value. Facilities would also be
necessary for reversal of power flow in the link due to sudden drop in the sending end voltage,
particularly if these are due to a.c. system faults.

In order to meet objective (d) listed above it is desirable to use synchronous capacitors
or/and Static Capacitor rather than use a d.c. link for the purpose. Voltage control may, however,
be a fringe benefit from a d.c. link installed for other purposes, especially if the compensating
equipment installed with the link can be controlled to maintain system voltage.
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HVDC transmission lines use ground or sea water as the return conductor either continuously
(monopolar) or for short times of emergency (bipolar). These return paths are called ground
return even if sea water is used as a return path. For the same length of transmission the
resistance offered by the ground in case of d.c. is much less as compared to a.c. transmission
because the d.c. spreads over a very large cross sectional area in both depth and width as
compared to a.c. or transient currents. In fact the earth resistance in case of d.c. is independent
of the length (for long lines) and equals the sum of the electrode resistances. Since the resistance
in case of d.c. is low as compared to a.c. there is low power loss in comparison with a metallic
line conductor of economical size and equal length if the ground electrodes are properly designed.

A line with ground return (monopolar) is more economical than a bipolar line because
the ground return saves most of the cost of one metallic conductor and the losses in it. Besides
this, there are two more definite advantages of using ground as the return.

The first advantage is that a d.c. line can be built in two stages if the initial load
requirement demands. Initially it will operate as a monopolar line with ground as return and
later on in the second stage it can be built as a bipolar line. Thus a considerable part of the
total investment can be deferred until the second stage.

The second advantage is the reliability of the system i.e., in the event of an outage of one
conductor of the bipolar line, it can be operated temporarily at almost half of its rated power by
the use of the healthy line and the ground. For this reason the reliability of a bipolar line is
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equal to that of a double circuit 3-phase line although it has only two conductors instead of six
for 3-phase line.

The ground return lines have the following disadvantages:

(i) The ground currents cause electrolytic corrosion of buried or immersed metallic struc-
tures.

(ii) It is difficult to design ground electrodes for low resistance and low cost of installa-
tion and maintenance.

(iii) Ground currents cause dangerous step and touch voltages.

(iv) The ground currents interfere with the operation of other services such as a.c. power
transmission, ships’ compasses and railway signals.

���� ������
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It is easy to interrupt a.c. currents because of their natural zeros. Since d.c. is a steady
unidirectional current it does not have a natural zero and therefore it is difficult to interrupt
large d.c. currents at high voltages.

The d.c. transmission projects till this date are two terminal projects and it is not difficult
to interrupt the fault currents. The faults on the d.c. line or in the converters are cleared by
using the control grids of the converter valves to stop the direct current temporarily.

The a.c. transmission lines also were radial initially. But later on with the increase in
demand the requirement of low cost energy and of higher reliability, these transmission lines
turned into complex networks. The lack of d.c. breakers has inhibited the networking of d.c.
lines. The transient faults can be cleared using grid control, but permanent faults can be cleared
using a combination of grid control, fault locators and isolating switches. Reasonable proposals
have been made for clearing faults on such lines by running the whole system to zero using
grid control, opening switches to isolate the faulty section and then raising the voltage back to
normal. The time taken for this sequence of operation is approximately equal to the rapid
reclosure of a.c. circuit breakers.

The requirement for d.c. circuit breaking is not to break the actual short circuit currents
but to interrupt load currents in circuits at high potential with respect to ground because the
short circuit currents can be limited to normal load currents using the grid control. If such
switches could be developed, lines could be switched into or out of an unfaulted network without
running the voltage down. Some such switches have been suggested wherein an artificial zero
of current is created through the contacts of the switch by the oscillatory discharge of a capacitor.
The crest value of the oscillatory currents should be greater than the direct current to be
interrupted.

A schematic diagram of such a switch is shown in Fig. 5.24.

A is a normally open contact whereas M and B are normally closed contacts. As a result
the capacitor C is charged to line voltage through the high resistance R. When it is desired to
interrupt the current Id, the operating mechanism opens contact B and closes A, thus initiating
the oscillations in the circuit consisting of M, A, C and L and immediately afterwards the
contact M opens which interrupt the current at a current zero such as P as shown in Fig. 5.24 (b).
After this, contact A is opened and B closed.
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Another switch proposed is as shown in Fig. 5.25.

M

C

R

Id
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Here  M is the main contact which is normally closed and C is a capacitor which is
normally uncharged. When it is desired to interrupt current Id, the contacts M open, thereby a
part of the current is diverted to the capacitor and as a result the current to be interrupted by

the contact M is small. The rate of rise of recovery voltage across M is 
dV
dt

I
C

c d= . The non-

linear resistor R absorbs energy without greatly adding to the voltage across M.
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There is a fundamental difference between the transmission of power in a d.c. and in an a.c.

system. In an a.c. system power is given by P =  
E E

X
1 2  sin δ, where E1 and E2 are line voltages

at the two ends, δ the electrical angle between E1 and E2 and X is the line reactance whereas in
d.c. the power is given by

P = 
Ed Ed

R
Ed1 2

2
−

where Ed1 and Ed2 are the d.c. voltages at the two ends and R is the line resistance.

From this it is clear that the d.c. power is proportional to the difference of the line
voltages and thus will vary much more with the voltages than in the case of the a.c. transmission,
where the power is proportional to the product of the line end voltages.
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Line Circuit: The line construction is simpler as compared to a.c. transmission. A single
conductor line with ground as return can be compared with a 3-phase single circuit line. Hence
the line is relatively cheaper and has the same reliability as that of a 3-phase single circuit line
because 3-phase lines cannot operate, except for a short time when there is a single line to
ground fault or a L-L fault as this creates unbalancing in the voltages and hence interfere with
the communication lines and other sensitive apparatus on the system. It is claimed that a
bipolar d.c. line has the same reliability index as a two-circuit 3-phase line having six line
conductors.

Power per Conductor: For transmitting power both on a.c. and d.c. circuits let us assume
that the two lines have the same number of conductors and insulators. Assuming that the
current is limited by temperature rise, the direct current equals the r.m.s. alternating current.

Since the crest voltage in both cases is same for the insulators the direct voltage is 2  times
the r.m.s. alternating voltage.

The power per conductor in case of d.c. is

Pd = VdId

and the power per conductor in a.c. is

Pa = VaIa cos φ
where Ia and Id are the currents per conductor and Va and Vd the line to ground voltages and
cos φ the power factor.

Now since Vd = 2Va  and Ia = Id

P
P

V I
V

I

d

a

d d

d
d

= =

2

2

. cos cosφ φ

since cos φ ≤ 1.0, the power per conductor in case of d.c. is more as compared to a.c.

Power per Circuit: Let us compare the power transmission capabilities of a 3-phase
single circuit line and a bipolar line. The power capabilities of the respective circuits are

Pd = 2pd and Pa = 3pa

where pd and pa are the power transmitted per conductor of d.c. and a.c. lines. The ratio

P
P

p
p

V I
V I

V I

V I

d

a

d

a

d d

a a

d d

d d

= = =
2
3

2
3

2
3
2

cos cosφ φ

 = 2 2
3 3cos cosφ φ

=
2.828

Normally cos φ < 1 and is of the order of 0.9. Therefore, the power transmission capability
of the bipolar line is same as that of the 3-phase single circuit line. The d.c. line is cheaper and
simpler as it requires two conductors instead of three and hence 2/3 as many insulators, and
the towers are cheaper and narrower and hence a narrow right of way could be used.

No Charging Current: In case of a.c. the charging current flows in the cable conductor, a
severe decrease in the value of load current transmittable occurs if thermal rating is not to be
exceeded; in the higher voltage range lengths of the order of 32 km create a need for drastic
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derating. A further current loading reduction is caused by the appreciable magnitude of dielectric
losses at high voltages. Since in case of d.c. the charging current is totally absent the length of
transmission is not limited and the cable need not be derated.

No Skin Effect: The a.c. resistance of a conductor is somewhat higher than its d.c.
resistance because in case of a.c. the current is not uniformly distributed over the section of
the conductor. The current density is higher on the outer section of the conductor as compared
to the inner section. This is known as skin effect. As a result of this the conductor section is not
utilized fully. This effect is absent in case of d.c.

No Compensation Required: Long distance a.c. power transmission is feasible only with
the use of series and shunt compensation, applied at  intervals along the line. For such lines
shunt compensation (shunt reactors) is required to absorb the line charging kVAs during light
load conditions and series compensation (use of series capacitors) for stability reasons. Since
d.c. line operate at unity power factor and charging currents are absent no compensation is
required.

Less Corona Loss and Radio Interference: The corona loss is directly proportional to
(f + 25), where f is the frequency of supply. f being zero in case of d.c., the corona losses are less
as compared to a.c. Corona loss and radio interference are directly related and hence radio
interference in case of d.c. is less as compared to a.c. Also corona and radio interference slightly
decrease by foul weather conditions (snow, rain or fog) in case of d.c. whereas they increase
appreciably in case of a.c. supply.

Higher Operating Voltages Possible: The modern high voltage transmission lines are
designed based on the expected switching surges rather than the lightning voltages because
the former are more severe as compared to the latter. The level of switching surges due to d.c.
is lower as compared to a.c. and hence, the same size of conductors and string insulators can be
used for higher voltages in case of d.c. as compared to a.c. In cables, where the limiting factor
is usually the normal working voltage the insulation will withstand a direct voltage higher
than that of alternating voltage, which is already 1.4 times the r.m.s. value of the alternating
voltage.

No Stability Problem: For a two machine system the power transmitted from one machine
to another through a lossless system is given by

P = 
E E

X
1 2 sin δ

where X is the inductive reactance between the machines. The longer the length of the line,
the higher is the value of X and hence lower will be the capability of the system to transmit
power from one end to the other. With this the steady state stability limit of the system is
reduced. The transient state stability limit is normally lower than the steady state; therefore
with longer lines used for transmission, the transient stability also becomes very low. A d.c.
transmission line does not have any stability problem in itself because d.c. operation is an
asynchronous operation of the machines. In fact two separate a.c. systems interconnected only
by a d.c. link do not operate in synchronism even if their nominal frequencies are equal and
they can operate at different nominal frequencies e.g., one operating at 60 Hz and the other at
50 Hz.
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Low Short Circuit Currents: The interconnection of a.c. system through an a.c. system
increases the fault level to the extent that sometimes the existing switchgear has to be replaced.
However, the interconnection of a.c. system with d.c. links does not increase the level so much
and is limited automatically by the grid control to twice its rated current. As a result of this
fault d.c. links do not draw large currents from the a.c. system.

���� &���&�����%��

However, the d.c. transmission has certain disadvantages as well which are listed below:

Expensive Converters: The converters required at both ends of the line have proved to be
reliable but they are much more expensive than the conventional a.c. equipments. The
converters have very little overload capacity and they absorb reactive power which must be
supplied locally. The converters produce lot of harmonics both on d.c and a.c. sides which may
cause interference with the audio-frequency communication lines. Filters are required on the
a.c. side of each converter for diminishing the magnitude of harmonics in the a.c. networks.
These also increase the cost of the converters.

Voltage Transformation: The power transmitted can be used at lower voltage only. Voltage
transformation is not easier in case of d.c. and hence it has to be done on the a.c. side of the
system.

Circuit breaking for multi-terminal lines is difficult.

���� ��'	��

It is well known that, the a.c. transmission through cables is limited in distance due to the
charging current. The charging kVA of 3-phase single circuit cables per km are

1250 kVA at 132 kV

3125 kVA at 220 kV

9375 kVA at 400 kV

It is clear that enormous amount of charging kVA are required; therefore, if a.c.
transmission by cables is required, the charging current has to be absorbed at intermediate
stations if distances exceed the following:

64 km at 132 kV

40 km at 220 kV

24 km at 400 kV

Since in case of d.c. the charging current is absent, there is no distance limitation on
transmission by underground or undersea cables.

���� ��������
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The cost per unit length of a d.c. line is much less as compared to a.c. line for the same power
capacity and comparable reliability whereas the cost of terminal equipment is much more in

www.EngineeringBooksPdf.com



�	��� ��
���!������
"��	��	" �-2

case of d.c. (converters and inverters) than in case of a.c. (Transformers). If we plot the variation
of cost of power as a function of distance of transmission, the variation is given by the curves in
Fig. 5.26. The vertical intercept of each curve is the cost of the terminal equipment and the
slope is the cost per unit length of the line and that of other accessories whose cost varies with
distance. The curve for a.c. transmission intersects that of d.c. at an abscissa called a breakeven
point which means if the distance of transmission is more than the breakeven point distance,
it is preferable to use d.c., otherwise a.c. should be used.

0 320 640 960 1280 1600800

Distance in km

C
os

t

Terminal cost

a.c.

d.c.
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There is hardly any scope for reducing the cost of transformers used for a.c. transmission
whereas lot of progress has been made in the development of converting devices and the
breakeven distances are reducing with further development of these devices.

The d.c. transmission links so far used mostly are based on the factors like long river
crossings, frequency conversions and asynchronous ties between large a.c. systems. To give an
approximate idea of economic distance of transmission using d.c. is that for 400 km of distance
the power to be transmitted should be at least 100 MW.

��'	���

5.1. A bridge connected rectifier is fed from 238 kV/110 kV transformer from 238 kV supply. Calcu-
late the direct voltage output when the commutation angle is 20° and delay angle

(a) 0° (b) 30° (c) 60°.

5.2. It is required to obtain a direct voltage of 100 kV from a bridge-connected rectifier operating
with α = 30° and γ = 15°. Calculate the necessary line secondary voltage of the rectifier trans-
former which is normally rated at 345 kV/150 kV. Calculate the tap ratio required.

5.3. Show that in a 3-phase bridge rectifier operating with no delay and with 60° overlap, the direct
current is half of the crest value of the line short circuit current on the valve side of the trans-
former bank.

5.4. If the rectifier in Problem 5.2 delivers a current of 500 amps, determine the effective reactance
per phase.
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5.5. A d.c. link has a loop resistance of 5 ohm and is connected to transformers giving secondary
voltage of 110 kV at each end. The bridge connected converters operate as follows:

Rectifier: α = 15° Inverter: δ0 = 10°

X = 10 Ω γ = 15°

Allow 5° margin on δ0 for δ
X = 10 Ω

Determine the direct current delivered if the inverter operates on constant β.
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Corona phenomenon is the ionization of air surrounding the power conductor. Free electrons
are normally present in free space because of radioactivity and cosmic rays. As the potential
between the conductors is increased, the gradient around the surface of the conductor increases.
Assume that the spacing between the conductors is large as compared with the diameter of the
conductors. The free electrons will move with certain velocity depending upon the field strength.
These electrons will collide with the molecules of air and in case the speed is large, they will
dislodge electrons from these molecules, thereby the number of electrons will increase. The
process of ionization is thus cumulative and ultimately forms an electron avalanche. This
results in ionization of the air surrounding the conductor. In case the ratio of spacing between
conductors to the radius of the conductor is less than 15, flash over will occur between the
conductors before  corona phenomenon occurs. Usually for overhead lines this ratio is far more
than this number and hence flash-over can be regarded as impossible.

Corona phenomenon is, therefore, defined as a self-sustained electric discharge in which
the field intensified ionization is localized only over a portion of the distance between the
electrodes.

When a voltage higher than the critical voltage is applied between two parallel polished
wires, the glow is quite even. After operation for a short time, reddish beads or tufts form
along the wire, while around the surface of the wire there is a bluish white glow. If the conductors
are examined through a stroboscope, so that one wire is always seen when at a given half of
the wave, it is noticed that the reddish tufts or beads are formed when the conductor is negative
and a smoother bluish white glow when the conductor is positive. The a.c. corona, viewed
through a stroboscope, has the same appearance as direct current corona. As corona phenomenon
is initiated, a hissing noise is heard and ozone gas is formed which can be detected by its
characteristic odour.

���

	
����	


www.EngineeringBooksPdf.com



������ ��	

x

N
A B

q r p – q

d

	
� �������������������������

Consider a single-phase transmission line (Fig. 6.1).
Let r be the radius of each conductor and d the
distance of separation such that d >> r. Since it is a
single-phase transmission line, let q be the charge
per unit length on one of the conductors and hence
–q on the other. If the operating voltage is V, the
potential of conductor A with respect to neutral plane
N will be V/2 and that of B will be – V/2. Consider a
point P at a distance x where we want to find the
electric field intensity. Bring a unit positive charge
at P.

The field due to A will be repulsive and that due to B will be attractive; thereby the
electric field intensity at P due to both the line charges will be additive and it will be

Ex = 
q

x
q
d x

q
x d x2 2 2
1 1

0 0 0πε πε πε
+

−
= +

−
�

�
�
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�
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The potential difference between the conductors
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0 0πε πε
. ln ln

− = −
(6.1)

Since r is very small as compared to d, d – r ~−  d.

∴ V = 
q d

rπε0
ln (6.2)

Now gradient at any point x from the centre of the conductor A is given by

Ex = 
q

x d x2
1 1

0πε
+

−
�

�
�
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�
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= 
q d

x d x2 0πε
.

( )−
Substituting for q from the above equation,

 q = 
πε0V

d
r

ln

 Ex = 
πε
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= 
V

d
r

d
x d x2 ln

.
( )−

= 
V d

x d x
d
r

′

−( ) ln
(6.3)

Here V′ is the line to neutral voltage of the system. In case of 3-phase system

 V′ = 
VL

3
where VL is the line to line voltage.

From the expression for the gradient it is clear that for a given transmission system the
gradient increases as x decreases i.e., the gradient is maximum when x = r, the surface of the
conductor, and this value is given by

 gmax = Er = Emax = 
V d

r d r
d
r

′

−( ) ln

~

ln
−

′V

r
d
r

or  V ′ = rgmax ln 
d
r

(6.4)

Critical disruptive voltage is defined as the voltage at which complete disruption of
dielectric occurs. This voltage corresponds to the gradient at the surface equal to the breakdown
strength of air. This dielectric strength is normally denoted by g0 and is equal to 30 kV/cm
peak at NTP i.e., 25°C and 76 cm of Hg.

At any other temperature and pressure

g0′ = g0 . δ (6.5)

where δ is the air density correction factor and is given by

 δ = 
3.92

273 +
b
t

(6.6)

where b is the barometric pressure in cm of Hg and t the temperature in °C.

Therefore, the critical disruptive voltage is given by

 V ′ = rg0 δ ln 
d
r

 kV (6.7)

In deriving the above expression, an assumption is made that the conductor is solid and
the surface is smooth. For higher voltages ACSR conductors are used. The cross-section of
such a conductor is a series of arcs of circles each of much smaller diameter than the conductor
as a whole. The potential gradient for such a conductor will, in consequence, be greater than
for the equivalent smooth conductor, so that the breakdown voltage for a stranded conductor
will be somewhat less than for a smooth conductor. The irregularities on the surface of such a
conductor are increased further because of the deposition of dust and dirt on its surface and
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the breakdown voltage is further reduced. An average value for the ratio of breakdown voltage
for such a conductor and a smooth conductor lies between 0.85 to unity and is denoted by m0.
Suitable values of m0 are given below:

Polished wires 1.0

Roughened or weathered wires 0.98 to 0.93

Seven strand cable 0.87 to 0.83

Large cables with more than seven strands 0.90 approx.

The final expression for the critical disruptive voltage after taking into account the
atmospheric conditions and the surface of the conductor is given by

V′ = rg0δm0 ln 
d
r

 kV (6.8)

When the voltage applied corresponds to the critical disruptive voltage, corona
phenomenon starts but it is not visible because the charged ions in the air must receive some
finite energy to cause further ionization by collisions. For a radial field, it must reach a gradient
gv at the surface of the conductor to cause a gradient g0, a finite distance away from the surface
of the conductor. The distance between gv and g0 is called the energy distance. According to

Peek this distance is equal to (r + 0.301 r ) for two parallel conductors and (r + 0.308 r ) for
co-axial conductors. From this it is clear that gv is not constant as g0 is, and is a function of the
size of the conductor.

 gv = g0δ 1 +
�
	


�
�

0.3

rδ
 kV/cm for two wires in parallel. (6.9)

Also if Vv is the critical visual disruptive voltage, then

Vv = gvr ln 
d
r

or  gv = 
V

r
d
r

g
r

v

ln
= +

�
	


�
�0 1δ

δ
0.3

or  Vv = rg0δ 1 +
�

�
�

�

�
�

0.3
kV

r

d
rδ

ln (6.10)

In case the irregularity factor is taken into account,

Vv = g0mv δr 1 +
�

�
�

�

�
�

0.3

r

d
rδ

ln

= 21.1mv δr 1 +
�

�
�

�

�
�

0.3

r

d
rδ

ln  kV r.m.s. (6.11)

where r is the radius in cms. The irregularity factor mv has the following values:

mv = 1.0 for polished wires

= 0.98 to 0.93 for rough conductor exposed to atmospheric severities

= 0.72 for local corona on stranded conductors.
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Since the surface of the conductor is irregular, the corona does not start simultaneously
on the whole surface but it takes place at different points of the conductor which are pointed
and this is known as local corona. For this mv = 0.72 and for decided corona or general corona
mv = 0.82.

Example 6.1: Find the critical disruptive voltage and the critical voltages for local and
general corona on a 3-phase overhead transmission line, consisting of three stranded copper
conductors spaced 2.5 m apart at the corners of an equilateral triangle. Air temperature and
pressure are 21°C and 73.6 cm Hg respectively. The conductor dia, irregularity factor and
surface factors are 10.4 mm, 0.85, 0.7 and 0.8 respectively.

Solution: The critical disruptive voltage is given by

Vd = 21.1 m δr ln 
d
r

where  δ = 
3.92 3.92 73.6

273 21
3.92 73.6b

t273 294+
= ×

+
= ×

 = 0.9813

Vd = 21.1 × 0.85 × 0.9813 × 0.52 ln 
250
0.52

 = 56.5 kV

or the critical disruptive line to line voltage = 56.5 × 3  = 97.89 kV Ans.

The visual critical voltage is given by

 Vv = 21.1 m δr 1 +
�
	


�
�

0.3

r

d
rδ

ln

Here  m = 0.7 for local corona

= 0.8 for decided corona or general corona

Now rδ = ×0.52 0.9813  = 0.71433

∴ Vv for local corona = 21.1 × 0.7 × 0.9813 × 0.52(1 + 0.42) ln 
d
r

 = 10.7 × 6.175

= 66.07 kV

The line to line voltage will be 66.0725. 3  = 114.44 kV.

The visual critical voltage for general corona will be

114.44 × 
0.8
0.7

 = 130.78 kV Ans.

Example 6.2: A conductor with 2.5 cm dia is passed centrally through a porcelain bushing
εr = 4 having internal and external diameters of 3 cm and 9 cm respectively. The voltage
between the conductor and an earthed clamp surrounding the porcelain is 20 kV r.m.s.
Determine whether corona will be present in the air space round the conductor.

Solution: Let g1 max be the maximum gradient on the surface of the conductor and g2 max
the maximum gradient on the inner side of the porcelain

 g1 max = 
q

r2 0πε
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 g2 max = 
q

rr2 0πε ε 1

∴ g1 max r = g2 max εrr1

 g1 max × 1.25 = g2 max × 4 × 1.5

∴  g1 max = 4.8g2 max

or  g2 max = 
g1max

4.8
 = 0.208g1 max

Now  20 = g1 max r ln 
1.5

1.25
 + g2 max × 1.5 ln 

4.5
1.5

= 1.25g1 max ln 
1.5

1.25
 + 0.208g1 max × 1.5 ln 

4.5
1.5

= 0.228g1 max + 0.3427g1 max

= 0.570g1 max

∴  g1 max = 
20

0.570
 = 35 kV/cm.

Since the gradient exceeds 21.1 kV/cm, corona will be present.

Example 6.3: Determine the critical disruptive voltage and corona loss for a 3-phase
line operating at 110 kV which has conductor of 1.25 cm dia arranged in a 3.05 metre delta.
Assume air density factor of 1.07 and the dielectric strength of air to be 21 kV/cm.

Solution: The disruptive critical voltage

V = 21 m δr ln 
d
r

= 21 × 1.07 × 0.625 ln 
305

0.625
= 21 × 1.07 × 0.625 × 6.19 = 87 kV Ans.

The line to line voltage is 87 3  = 150.6 kV.

Since the operating voltage is 110 kV, the corona loss will be absent.

Corona loss zero. Ans.

Example 6.4: A single phase overhead line has two conductors of dia 1 cm with a spacing
of  1 metre between centres. If the dielectric strength of air is 21 kV/cm, determine the line
voltage for which corona will commence on the line.

Solution: The disruptive critical voltage (phase)

Vd = 21δr ln 
d
r

 = 21.1 × 0.5 ln 
100
0.5

= 21 × 0.5 × 5.2983 = 55.6 kV. Ans.
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The ions produced by the electric field result in space charges which move round the conductor.
The energy required for the charges to remain in motion is derived from the supply system.
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The space surrounding the conductor is lossy. In order to maintain the flow of energy over the
conductor in the field wherein this additional energy would have been otherwise absent, it is
necessary to supply this additional loss from the supply system. This additional power is referred
to as corona loss.

An experimental set up (Fig. 6.2) can be arranged to measure corona loss in case of d.c.
in a concentric cylinder case.

Metal
cylinder

�A
dc
source

+

–

���
�	
�
�����
����
����#�����
$��%
&�'�
��#'��

Since the phenomenon is resistive, the loss will be VI watt. Peek made a number of
experiments to study the effect of various parameters on the corona loss and he deduced an
empirical relation.

P = 241 × 10–5 
( )f r

d
+ 25
δ

 (Vp – V0)
2 kW/km/phase (6.12)

where f is the frequency of supply, δ the air density correction factor, Vp the operating voltage
in kV and V0 the critical disruptive voltage. The equation derived is for a fair weather condition.
The approximate loss under foul weather condition is obtained by taking V0 as 0.8 times the
fair weather value. As a matter of fact, with perfectly smooth and cylindrical conductors no
corona loss occurs until visual critical voltage is reached when the loss suddenly takes a definite
value as calculated by the above formula. It then follows the quadratic law for higher voltages.
The empirical relation as derived by Peek has certain limitations and gives correct results only
if the supply frequency lies between 25 to 120 Hz, the conductor radius is greater than 0.25 cm

and the ratio 
V

V
p

0

 > 1.8. Also a small error in m0, the irregularity factor, will lead to wrong

results when using this formula.

Factors Affecting Corona Loss

The following are the factors that affect corona loss on overhead transmission lines:

(i) Electrical factors,

(ii) Atmospheric factors, and

(iii) Factors connected with the conductors.

The factors are discussed one by one in the sequence.

Electrical Factors: Frequency and waveform of supply: Referring to the expression (6.12)
for corona loss it is seen that corona loss is a function of frequency. Thus higher the frequency
of supply the higher are corona losses. This shows that d.c. corona loss is less as compared with
a.c. corona. Actually because of corona phenomenon in case of a.c. third harmonics are always
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present and hence the frequency is not only 50 Hz but it contains 3rd harmonic component
also. Hence the corona loss is still large as compared with 50 Hz alone.

Field Around the Conductor: The field around the conductor in addition to being a function
of the voltage, depends upon the configuration of the conductors, i.e., whether they are placed
in vertical configuration, delta formation etc. Say if the formation is horizontal the field near
the middle conductor is large as compared to the outer conductors i.e., the critical disruptive
voltage is lower for the middle conductors and hence the corona loss on the middle conductor is
more as compared with the two outer conductors. The height of the conductors from the ground
has its effect on corona loss. The smaller the height, the greater the corona loss.

When lines are irregularly spaced, the surface gradients of the conductors and hence
the corona losses if any are unequal.

Atmospheric Factors: Pressure and temperature effect: From the expression for loss
(6.12) it is clear that it is a function of air density correction factor δ which appears directly in
the denominator of the expression and indirectly in the value of critical disruptive voltage.

V0 = 21.1m0 δr ln 
d
r

kV

The lower the value of δ the higher the loss; because loss is α(V – V0)
2, the lower the

value of δ, the lower the value of V0 and hence higher the value of (V – V0)
2, where V is the

operating voltage in kV. This shows that the effect of δ on corona loss is very serious. For lower
values the pressure should be low and temperature higher. It is for this reason that the corona
loss is more on hilly areas than on plain areas.

Dust, Rain, Snow and Hail Effect: The particles of dust clog to the conductor; thereby
the critical voltage for local corona reduces which increases corona loss. Similarly, the bad
atmospheric conditions such as rains, snow and hailstorm reduce the critical disruptive voltage
and hence increase the corona loss.

Factors Connected with the Conductor: Diameter of the Conductor: From the expression
(6.12) for corona loss it can be seen that the conductor size appears at two places and if other
things are assumed constant,

loss ∝ 
r
d

and loss ∝ (V – V0)
2

It appears from the first relation that loss is proportional to the square root of the size of
the conductor, i.e., larger the dia of the conductor larger will be the loss. But from the second
expression as V0 is approximately directly proportional to the size of the conductor, hence
larger the size of the conductor larger will be the critical disruptive voltage and hence smaller
will be the factor (V – V0)

2. It is found in practice that the effect of the second proportionality is
much more than the first on the corona losses, and hence larger the size of the conductor lower
is the corona loss.

Number of Conductors/Phases: For operating voltage 380 kV and above it is found that
one conductor per phase gives large corona loss and hence large radio interference (RI) level
which interferes with the communication lines which normally run parallel to the power lines.
This problem of large corona loss is solved by using two or more than two conductors per phase

www.EngineeringBooksPdf.com



��) ����������
�����
� ���!�

which is known as bundling of conductors. By bundling the conductors the self GMD of the
conductors is increased thereby; the critical disruptive voltage is increased and hence corona
loss is reduced.

Profile of the Conductor: By this is meant the shape of the conductor whether cylindrical,
flat, oval etc. Because of field uniformity in case of cylindrical conductor the corona loss is less
in this as compared to any other shape.

Surface Conditions of the Conductors: The conductors are exposed to atmospheric
conditions. The surface would have dirt etc. deposited on it which will lower the disruptive
voltage and increase corona loss.

Heating of the Conductor by Load Current: The heating of the conductor by the load
current has an indirect reducing effect on the corona loss. Without such heating the conductor
would tend to have a slightly lower temperature than the surrounding air. In the absence of
heating, dew in the form of tiny water drops would form on the conductor in foggy weather or
at times of high humidity, which induces additional corona. The heating effect of the load
current is, however, large enough to prevent such condensation.

During rains, the heating of the conductor has no influence on the corona loss but, after
the rain it accelerates the drying of the conductor surface. The time during which the water
drops remain on the surface is reduced and the loss is also reduced.

For long transmission lines which pass through routes of varying altitudes, the average
value of corona loss is obtained by finding out the corona loss per km at a number of points and
then an average is taken out.

Methods of Reducing Corona Loss

These losses can be reduced by using

(i) large dia conductors,

(ii) hollow conductors, and

(iii) bundled conductors.

It has already been discussed how large dia and bundled conductors reduce the corona
losses. The idea of using the hollow conductors is again the same i.e., to have a large diameter
without materially adding to its weight. In one of the designs one or more layers of copper
wires are stranded over a twisted I-beam core. Another design consists of tongued and grooved
copper segments spiralled together to form a self-supporting hollow tube. This conductor has a
smooth surface. Expanded steel cored aluminium conductors which incorporate plastic or fibrous
spacing material have also been proposed. Lines using the above types of conductors are more
expensive than those using the conventional type and the economic limit to the conductor
diameter appears to be somewhat between 3.75 and 5 cms. These special conductors are more
effective in reducing corona. Losses during fair weather conditions and there may not be the
same degree of improvement during bad weather conditions.

Example 6.5: Determine the corona characteristics of a 3-phase line 160 km long,
conductor diameter 1.036 cm, 2.44 m delta spacing, air temperature 26.67°, altitude 2440 m,
corresponding to an approximate barometric pressure of 73.15 cm, operating voltage 110 kV at
50 Hz.
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Solution: Radius of conductor = 
1.036

2
 = 0.518 cm

The ratio  d
r

= 2 44.
0.518

 × 100 = 471

and
r
d

=
1

471
 = 0.046075

δ = 
3.92 3.92 73.15

273 26.67
b
t273 +

= ×
+

 = 0.957

Assuming a surface irregularity factor 0.85, the critical disruptive voltage

Vd = 21.1 × 0.85δr ln 
d
r

= 21.1 × 0.85 × 0.957 × 0.518 ln 471

= 54.72 kV line to neutral

The visual critical voltage Vv = 21.1mvδr 1 +
�
	


�
�

0.3

r

d
rδ

ln

Assuming a value of mv = 0.72,

  Vv = 21.1 × 0.72 × 0.957 × 0.518 1
518

+
×

�

	



�

�


0.3

0. 0.957
 ln 471 = 66 kV

The power loss = 241 × 10–5 f r
d

+ 25
δ

 (V – Vd)2 kW/phase/km

 = 241 × 10–5 × 
75

0.957
 × 0.046075(63.5 – 54.72)2

 = 0.671 kW/phase/km

or = 107.36 kW/phase

or  = 322 kW for three phases.

The corona loss under foul weather condition will be when the disruptive voltage is
taken as 0.8 × fair weather value, i.e.,

 Vd = 0.8 × 54.72 = 43.77 kV

∴ Loss per phase/km will be

241 × 10–5 
75

0.957
 0.046075(63.5 – 43.77)2 = 3.3875 kW/km/phase

or 542 kW/phase

or Total loss = 1626 kW for all the three phases. Ans.
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It is desirable to avoid corona loss on power lines under fair weather conditions. Bad weather
conditions such as rain sleet greatly increase the corona loss and also lower the critical voltage
of the line. On account of the latter effect, it is not practical to design high voltage lines which
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will be corona-free at all times. If the lines are designed without corona even during bad weather
conditions, the size of the towers and the conductors will be uneconomical. Since the bad weather
conditions in a particular region prevail only for a very short duration of the year, the average
corona loss throughout the year will be very small. A typical transmission line may have a fair
weather loss of 1 kW per 3-phase mile and foul weather loss of 20 kW per three phase mile.

	
�
������������� ��!"��!#!��

(i) There is a definite loss of power even though it is not much during fair weather condition.
(ii) When corona is present the effective capacitance of the conductors is increased because the
effective dia of the conductor is increased. This effect increases the flow of charging current.
Because of corona triple frequency currents flow through the ground in case of a grounded
system and they give rise to a voltage of triple frequency in an ungrounded system. These
triple frequency currents and voltages interfere with the communication circuits due to
electromagnetic and electrostatic induction effects.

	
�
���������� ��!"��!#!��

It reduces the magnitude of high voltage steep fronted waves due to lighting or switching by
partially dissipating as a corona loss. In this way it acts as a safety valve to some extent.

	
$ ������ ������������

Radio interference is the adverse effect introduced by corona on wireless broadcasting. The
corona discharges emit radiation which may introduce noise signals in the communication
lines, radio and television receivers. It is mainly due to the brush discharges on the surface
irregularities of the conductor during positive half cycles. This leads to corona loss at voltages
lower than the critical voltages. The negative discharges are less troublesome for radio reception.
Radio interference is considered as a field measured in microvolts per metre at any distance
from the transmission line and is significant only at voltages greater than 200 kV. There is
gradual increase in RI level till the voltage is such that measurable corona loss takes place.
Above this voltage there is rapid increase in RI level. The rate of increase is more for smooth
and large diameter conductors. The amplitude of RI level varies inversely as the frequency at
which the interference is measured. Thus the services in the higher frequency band e.g.,
television, frequency modulated broadcasting, microwave relay, radar etc. are less affected.
Radio interference is one of the very important factors while designing a transmission line.

	
% ��������������������������&������&������
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It is a common practice to run communication lines along the same route as the power lines
since the user of electrical energy is also the user of electrical communication system. The
transmission lines transmit bulk power at relatively higher voltages. These lines give rise to
electromagnetic and electrostatic fields of sufficient magnitude which induce currents and
voltages respectively in the neighbouring communication lines. The effects of extraneous
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currents and voltages on communication systems include
interference with communication service e.g., superposition of
extraneous currents on the true speech currents in the
communication wires, hazard to person and damage to apparatus
due to extraneous voltages. In extreme cases the effect of these
fields may make it impossible to transmit any message faithfully
and may raise the potential of the apparatus above the ground
to such an extent as to render the handling of the telephone
receiver extremely dangerous.

Electromagnetic Effects: Consider Fig. 6.3. a, b and c are
the power conductors of a 3-phase single circuit line on a
transmission tower and d and e are the conductors of a neigh-
bouring communication line running on the same transmission
towers as the power conductors or a neighbouring separate line.
Let the distances between power conductors and communication
conductors be Dad, Dae, Dbd, Dbe, Dcd and Dce respectively and the
currents through power conductors be Ia, Ib and Ic respectively
such that Ia + Ib + Ic = 0. The flux linkage to conductor d due to

current Ia in conductor a will be ψad = 2 × 10–7Ia ln 
∞

Dad
. Similarly,

the flux linkage to conductor e due to current Ia in conductor a

ψae = 2 × 10–7Ia ln 
∞

Dae

∴ Mutual flux linkage between conductor d and e due to current Ia will be

ψad – ψae = 2 × 10–7Ia ln 
D
D

ae

ad

or mutual inductance Ma = 
ψ ψad ae

aI
−

 = 2 × 10–7 ln 
D
D

ae

ad
 H/metre

Similarly Mb and Mc the mutual inductances between conductor b and the loop de and
between conductor c and the loop de respectively are given as

Mb = 2 × 10–7 ln 
D
D

be

bd
 H/metre

Mc = 2 × 10–7 ln 
D
D

ce

cd

 H/metre

These mutual inductances are due to fluxes which have a phase displacement of 120°;
therefore, the net effect of the magnetic field will be

M = Ma + Mb + Mc

where M is the net mutual inductance which is the phasor sum of the three inductances.

If I is the current in the power conductors and f is the supply frequency, the voltage
induced in the communication conductors d and e will be V = 2πf MI volts per m.
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It is to be noted that larger the distance between the power conductors and the
communication conductors, smaller is the value of mutual inductance and since the current
through the power conductors is displaced by 120°, there is appreciable amount of cancellation
of the power frequency voltages. But the presence of harmonics and multiples of third harmonics
will not cancel as they are in phase in all the power conductors and, therefore, are dangerous
for the communication circuits. Also, since these harmonics come within audio frequency range,
they are dangerous for the communication circuits.

Electrostatic Effects: Consider again Fig. 6.3. Let q be the charge per unit length of the
power line. The voltage of conductor d due to charge on conductor can be obtained by considering
the charge on conductor a and its image on the ground. Let conductor a be at a height ha from
the ground. Therefore, the voltage of conductor d will approximately be

 Vad = 
q

x h x
dx

ah

D

a

ad

2
1 1

20πε
+

−
�

�
�

�

�
�� ( )

= 
q h x

x
q h D

D
a

D

h
a ad

adad

a

2
2

2
2

0 0πε πε
ln ln

−�
��

�
��

=
−�

�
�

�

�
�

Now from the geometry the voltage of conductor a is Va = 
q h

r
a

2
2

0πε
ln , where r is the

radius of conductor a.

∴ Substituting for q in the expression for Vad above, we get

 Vad = 
2

2
1

2
20

0

πε
πε

V
h
r

h D
D

a

a

a ad

adln
. ln

−

= Va . 
ln

ln

2

2

h D
D

h
r

a ad

ad

a

−

Similarly, we can  obtain the potential of conductor d due to conductors b and c and
hence the potential of conductor d due to conductors a, b and c will be

Vd = Vad + Vbd + Vcd

Similarly, the potential of conductor e due to conductors a, b and c can be obtained.

�����'�

6.1. Determine the corona characteristics of a 3-phase, 50 Hz, 132 kV transmission line 100 km long
running through terrain at an altitude of 600 metres, temp. of 30°C and barometric pressure
74 cm. The conductors are 1.5 cm diameter and spaced with equilateral spacing of 2.75 metres.
Assume surface irregularity factor of 0.9 and mv = 0.75.

6.2. A 3-phase, 50 Hz, 132 kV transmission line consists of conductors of 1.17 cm dia and spaced
equilaterally at a distance of 3 metres. The line conductors have smooth surface with value for
m = 0.96. The barometric pressure is 72 cm of Hg and temperature of 20°C. Determine the fair
and foul weather corona loss per km per phase.
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6.3. A 3-phase, 50 Hz, 138 kV transmission line has conductors in equilateral formation spaced 2.5
metres apart. The conductor diameter is 1.04 cm and the surface factor is 0.85. The air pressure
and temperature are 74 cm of Hg and 21°C respectively. Determine the critical visual voltage for
corona and the corona loss per km per phase of the line, mv = 0.72.

6.4. A single phase transmission line has conductors of diameter 1.25 cm and spaced 2.5 metres
apart. Derive an expression for the potential gradient at any point on a line joining the centres of
the conductors if the operating voltage of line is 60 kV. Calculate the voltage at which corona will
start.

����������
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The transmission line conductors are supported on transmission line towers. The supports are
of the following types:

1. Steel poles.

2. Reinforced concrete poles.

3. Broad-base steel lattice structure towers.

Normally for short spans and voltages up to 33 kV, the first two types of supports are
used whereas for long spans and higher voltages the broad-base steel lattice structures are
used.

When a perfectly flexible wire of uniform weight is hung between the two horizontal
supports, it will form a catenary.

	
� ���������������

Let the conductor be strung between the supports A
and B (Fig. 7.1) and l is the distance between the
support, w the weight per unit length of the wire, T0
the tension in the wire at the lowest point H of the wire
in kg and OX and OY are the axes drawn from the origin
O. The location of O is c units below the lowest point H
such that T0 = wc or c = T0/w. ψ is the angle subtended
by T with the horizontal axis. Consider the equilibrium
of the small length s of the wire up to point P(x, y).
Three forces are acting on this length of the wire:

(i) The horizontal tension T0 = wc,
���

	
����������	
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(ii) The vertical weight ws,

(iii) The tension T.

From Fig. 7.1 it is clear that

T cos ψ = T0 = wc (7.1)

and T sin ψ = ws (7.2)

From equations (7.1) and (7.2)

tan ψ = 
dy
dx

ws
wc

s
c

= = (7.3)

Now for a differential length

or  ds = dx dy2 2+ (7.4)

ds
dx

dy
dx

= + �
��
�
��

1
2

(7.5)

Substituting for 
dy
dx

 from (7.3) into (7.5),

ds
dx

s
c

c s
c

= + =
+

1
2

2

2 2

or  
cds

c s
dx

2 2+
=

Let  s = c sinh θ, ds = c cosh θ dθ (7.6)

 c c d
c

dx
. cosh .

cosh
θ θ
θ

=

or cdθ = dx

or cθ = x + A

Now for x = 0, s = 0, ∴ θ = 0.

Substituting for x and θ in the equation above,

 0 = A

cθ = x

or θ = 
x
c

From equation (7.6), we obtain

θ = sinh–1 
s
c

∴ sinh–1 s
c

x
c

=

or
s
c

x
c

= sinh
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or s = c sinh 
x
c

(7.7)

Now from equations (7.3) and (7.7), we have

dy
dx

x
c

= sinh

dy = sinh 
x
c

dx

 y = c cosh 
x
c

B+ (7.8)

From Fig. 7.1,  x = 0, y = c

Substituting this condition in equation (7.8) for evaluating B,

c = c + B

∴ B = 0

 y = c cosh 
x
c

(7.9)

Equations (7.7) and (7.9) represent a catenary and they give the relationships between
the length of the wire measured from the lowest point H and the vertical height of any point
P(x, y) as measured above the origin O respectively in terms of the distance x as measured
from O along OX .

Expanding the terms sinh x/c and cosh x/c, the equations (7.7) and (7.9) become

s = c . 
x
c

x
c

x
c

+ + +
3

3

5

53 5! !
... (7.10)

v = c . 1 + 
x

c
x

c

2

2

4

42 4! !
...+ + (7.11)

These expressions can be approximated by taking the first two terms in case the span
length is not large as compared with c.

After approximations the equations (7.10) and (7.11) can be rewritten as

s = x + 
x

c

3

26
(7.12)

y = c + 
x

c

2

2
. (7.13)
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Tension T: To calculate tension T at any point P(x, y) on the wire, use is made of equations (7.1)
and (7.2). Squaring and adding equations (7.1) and (7.2), we get

 T 2 cos2 ψ + T 2 sinh2 ψ = w2c2 + w2s2

 T 2 = w2(s2 + c2 )

= w2 c
x
c

c2 2 2sinh +�
��

�
��
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= w2c2(1 + sinh2 x/c)

= w2c2 cosh2 x/c

  T = wc cosh x/c

  T = wy (7.14)

From equation (7.14) it is clear that the tension in the wire at any point P(x, y) in the
wire is the product of the y-coordinate of the point and the weight per unit length of the wire.

Sag d: The sag d at point P(x, y) is the vertical distance between the point P and the
lowest point H. To calculate the sag, equation (7.13) is used

y = c + 
x

c

2

2

y – c = 
x

c

2

2
 = sag d

Now this sag is maximum when x = l/2.

d = 
l
c

2

8

d = 
l
c

2

8
 = 

wl
T

wl
fA

l
f

2 2 2

8 8 8
= = δ

(7.15)

where  f = stress corresponding to tension T,

A = area of cross section of the conductor, and

δ =
w
A

 constant. δ is the density of the conductor material and is, therefore, constant for

a particular material.

Length L of the Conductor: Using equation (7.12),

   s = x + x

c

3

26
Substituting x = (l/2) to get the length of the conductor between the point H and the

support end A or B,

L l l

c2 2 48

3

2= +

or L = l + l

c

3

224
Substituting for c = fi δ,

L = l + 
l

f

3 2

224
δ

(7.16)

We have used the relation T = wc instead of T0 = wc. This approximation is true for
small values of sag and it can be assumed that when d is small, the tension T is approximately
uniform throughout the wire.
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Having derived the basic equations for a wire strung between two supports we are now
ready to design the transmission lines. An overhead line must be designed from the view point
of worst probable loads rather than the worst possible loads because the cost of the overhead
line will become very large if designed on the basis of worst possible conditions.

The sag to be allowed in a conductor at the time of erection i.e., still air and relatively
higher temperature must be such that in bad weather conditions which are a combination of
wind and lower temperatures (snow or ice coating), a specified maximum tension for the
conductor is not exceeded. The problem can be restated as follows:

Given the maximum tension which must not be exceeded under specified severe
conditions of wind, ice or other loading at a specified temperature, to determine the sag and
tension at some other conditions of loading and temperature, including the still air and higher
temeratures.

Effect of Wind and Ice Loading: As discussed earlier the severe conditions are the wind
and ice loadings. Under this condition the per unit length of the wire experiences the following
loading: (i) the weight of the conductor w acting vertically downwards, (ii) the ice loading wi
acting vertically downwards, and (iii) the wind loading wa acting horizontally.

Ice Loading: Let r be the radius of the conductor and t the thickness
of ice (Fig. 7.2). The volume of ice per unit length

= π{(r + t)2 – r2} . 1

= π(2rt + t2) . 1

If ρ is the density of ice (910 kg/m3), the weight of ice per unit
length of conductor

       wi = πρ(2rt + t2) kg/metre

Wind Loading: Let p be the wind pressure in kg/m2; assuming the
ice coating of thickness t, the projected area per unit length on which the
wind is acting is

(r + t) . 1 sq. metres

∴ Wind loading wa per unit length will be

wa = 2(r + t) . p kg/metre

Total vertical loading = w + wi

Total loading W = ( )w w wi a+ +2 2

The loading factor  q = W/w
Let the two conditions i.e., the severe conditions of wind and ice loading and the still air

be characterised by the following:

Wind and Ice Loading:

L1 = length of the conductor between the supports

W/w = q1 = loading factor

f1 = maximum working stress in the conductor in kg/cm2

t1 = ambient temperature.

���
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Still Air and Higher Temperature:

L2 = length of the conductor between the supports

q2 = loading factor which is unity under these conditions

 f2 = maximum working stress in the conductor in kg/cm2 corresponding to f1 under wind

     and ice loading condition

t2 = ambient temperature

E = modulus of elasticity in kg/cm2

α = coefficient of linear expansion.

The problem now is, given f1 calculate f2 which is required for stringing the conductor
during fair weather (still air) conditions.

Length L2 from equation (7.12),

     s = x + x

c

3

26

for x = l/2
L2

2
 = l l

c2 48

3

2+ or L2 = l + l

c

3

224
Now with loading different from w the value of c = T/W, where W is the total loading in

kg/metre

  c = 
fA
W

 = 
f Aw
Ww

f
q

. =
δ

Substituting this value of c in the expression for L2,

L2 = l + 
l q

f

3
2
2

2
2

2
224

δ

As said earlier under this condition of standstill air and higher temperature, q2 = 1.

Similarly, L1 = l + 
l q

f

3
1
2

1
2

1
224

δ

In order to relate f2 with f1, one possibility is to find out some relation between the
two lengths L1 and L2. Now due to higher temperature the length under standstill condition
is l × α(t2 – t1) metres more than under ice loading conditions but due to increased sag at
higher temperatures the stress in the material is reduced from f1 to f2 and hence there is
contraction of length at higher temperature than lower temperature.

Therefore, L2 = L1 + lα(t2 – t1) – 
f f

E
l1 2−

It is to be noted here that little error is introduced if l is taken instead of L for the last
term on the right hand side of the above equation.

Now substituting for L2 and L1,

l + 
l q

f
l

l q
f

l t t
f f

E
l

3
2
2

2
2

2
2

3
1
2

1
2

1
2 2 1

1 2

24 24
δ δ

α= + + − −
−

( )
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or f1 – 
l q

f
E f

l q
f

E t t E
2 2

1
2

1
2 2

2 2
2
2

2
2 2 124 24

δ δ
α= − + −( )

The quantities on the left hand of the above expression are known so that putting this
equal to K we have

K = f2 – 
l q

f
E t t E

2 2
2
2

2
2 2 1

24

δ
α+ −( )

or      K – α(t2 – t1)E = f2 – l q

f
E

2 2
2
2

2
224

δ
.

Again the quantity on the left hand side is known and let this be equal to N; we have

N = f2 – 
l q

f
E

2 2
2
2

2
224

δ

or f2
2(f2 – N) = 

l q
E

2 2
2
2

24
δ

The quantity on the right hand side of the above expression is known and let this be
equal to M; we then have

f2
2(f2 – N) = M (7.17)

This is a cubic equation in f2. This equation can be solved on a slide rule as follows: Set
the cursor on scale A corresponding to the figure M. Make a suitable guess of the solution and
set the end of the slide at this guessed value on scale D. If the figure on scale B under the
cursor is equal to (f2 – N), where f2 is the guessed value, the guess is correct, otherwise have a
fresh guess and proceed until the requirement is met.

The procedure for evaluating f2 is summarized as follows:

1. Evaluate the loading factors q1 and q2 for the two conditions of load from

q = 
( )w w w

w
i a+ +2 2

2. Calculate K from the expression

K = f1 – 
l q E

f

2 2
1
2

1
224

δ

3. Evaluate N and M from the expressions

N = K – αtE and M = 
l q E2 2

2
2

24
δ

4. Evaluate f2 from the cubic equation

f2
2(f2 – N) = M

5. The sag is then evaluated from the expression

d = 
l q

f

2 2
2
2

28
δ
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Example 7.1: An overhead line has the following data:
Span length 160 metres, conductor dia 0.95 cm, weight per unit length of the conductor

0.65 kg/metre. Ultimate stress 4250 kg/cm2, wind pressure 40 kg/m2 of projected area. Factor
of safety 5.

Calculate the sag.
Solution: Factor of safety = 5

The working stress = 
4250

5
 = 850 kg/cm2

The area of section of the conductor = 
π π
4 4

0 952 2. .d = ×  = 0.7084 sq. cm

The wind pressure per unit length of the conductor = 40 × 0.95 × 10–2 = 0.38 kg/cm
The weight of conductor per unit length = 0.65 kg/metre

The total effective weight = 0 65 0 382 2. .+

= 0 4225 0 1444. .+

= 0 5669.
= 0.7529 kg/metre

Working tension = 850 × 0.7084 = 602.5 kg

   c = 
T
W

= 602 5
0 7529

.
.

 = 800 metres

d = 
l
c

2

8
160 160
8 800

= ×
×

 = 4 metres. Ans.

 Example 7.2: A transmission line conductor having a dia of 19.5 mm weights 0.85 kg/m.
The span is 275 metres. The wind pressure is 39 kg/m2 of projected area with ice coating of 13
mm. The ultimate strength of the conductor is 8000 kg. Calculate the maximum sag if the
factor of safety is 2 and ice weighs 910 kg/m3.

Solution: The overall dia of the conductor with ice coating = 1.95 + 2.6 = 4.55 cm
The projected area per metre length of conductor = 4.55 × 1 × 10–2 sq. metre
The wind load per metre length = 4.55 × 10–2 × 39 = 1.77 kg/metre
The area of section of ice = π[(r + t)2 – r2]

= π[22.752 – 9.752]
= π(517.56 – 95.06)
= 1327.32 sq. mm
= 1.327 × 10–3 sq. metre

∴  Ice weight per metre length = 1.327 × 10–3 × 910 = 1.207 kg/metre

The total weight W = ( . . ) .0 85 1207 1772 2+ +

= 4 23125 3 1329. .+

= 2.71369 kg/metre

The working tension of the conductor = 
8000

2
 = 4000 kg
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∴  c = 
T
W

= 4000
2 71369.

 = 1474 metres

∴ The maximum sag = 
l
c

2 2

8
275

8 1474
=

×
 = 6.4 metres. Ans.

Example 7.3: Determine the sag at 32.2°C and 65.5°C in an 8 SWG copper conductor
erected on a 45.7 metre span length. The wind pressure is 48.82 kg/sq. metre of projected area
at a temperature of 4.5°C, weight of wire is 0.1156 kg/metre. The working stress shall not

exceed 
1
2

 the ultimate tensile strength.

Modulus of elasticity = 1.26 × 104 kg/mm2

Coefficient of linear expansion = 16.6 × 10–6 per °C

Ultimate stress of the conductor = 42 kg/mm2

Dia of conductor = 4.1 mm

Solution:

Cross-section of conductor = 13.2 sq. mm

Projected area of conductor per unit length = 4.1 × 10–3 × 1

Wind loading per metre length = 4.1 × 10–3 × 48.82 = 0.2 kg/m

∴ Effective load per metre length = 0 1157 0 22 2. .+  = 0.23 kg

∴ Loading factor q1 = 
0 23
0 115

.
.

 = 2.0

Now 
w
A

= 0 1157
13 2
.

.
 = 8.765 × 10–3 kg/metre/sq. mm

Working stress f1 = 21 kg/mm2

T1 = f1A = 21 × 13.2 = 277 kg

  c = 
T
W

1 277
0 23

=
.

 = 1205 metres

Sag at this temperature (4.5°C) = 
l
c

2

8
45 7 45 7
8 1205

= ×
×
. .

 = 0.2166 metres

Sag at 32.2°C:

The difference in temperature = 32.2°C – 4.5°C = 27.7°C

K = f1 – 
l q E

f

2 2
1
2

1
224

δ
 = 21 – 

45 7 8 765 10 2 126 10
24 21 21

2 2 6 2 4. . .× × × × ×
× ×

−

   = 21 – 0.764 = 20.236

  αtE = 16.6 × 10–6 × 27.7 × 1.26 × 104 = 579 × 10–2 = 5.790

Now        l q E2 2
2
2 2 2 6 4

24
45 7 8 765 10 126 10

24
δ

=
× × × ×−. . .

   = 84.23
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Writing the equation

f1 – l q E
f

f
l q E

f
tE

2 2
1
2

1
2 2

2 2
2
2

2
224 24

δ δ
α= − +

           20.236 = f2 – 
84 23

5 79
2

2
.

.
f

+

f2
3 – 84.23 – 14.44f2

2 = 0

           f2
2(f2 – 14.44) = 84.23

  f2 = 14.83 kg/mm2

∴ T = 14.83 × 13.2 = 195 kg

∴ c = 
T
w

= 195
0 1157.

 = 1691 metres

∴ d = 
l
c

2

8
45 7 45 7
8 1691

= ×
×
. .

 = 0.1543 metres Ans.

Similarly sag corresponding to 65.5°C can be obtained. The reader will find this to be
equal to 0.264 metre.

	
� ������������������������

When transmission lines are run on steep inclines, the two ends A and B of the towers will not
be at the same height. The shape of the wire strung between the support will form a part of the
catenary and, therefore, the lowest point of the catenary will not lie in the middle of the span.
Referring to Fig. 7.3, A and B are the support ends. To have complete catenary, extend the
curve BHA to A′ such that A′ is at the same level as B. H is the mid-point of A′B and hence is
the lowest point. Let H be at a horizontal distance of a units from A and b units from B. The
difference in levels of supports A and B is h units. The sag d is as shown.

A� B

ba

A
H

h
d

O

���
�	
����,,&�
-�	
����.�	/�/���/�

The objective to begin with is to find out a and b. This is done as follows:

From equation (7.13)

y = c + 
x

c

2

2
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Taking O as the origin,

At A, x = a, y = c + d

At B, x = b, y = c + d + h

Substituting these in equation (7.13),

c + d = 
a

c

2

2
(7.18)

and        c + d + h = 
b

c

2

2
(7.19)

Using these equations,

h = 
b a

c
b a b a

c
l b a

c

2 2

2 2 2
− = + − = −( )( ) ( )

Now       b – a = (a + b – 2a) = (l – 2a)

∴ h = 
l l a

c
( )− 2

2

or        
2ch

l
 = l – 2a

or     2a = l – 
2ch

l

or a = 
l ch

l2
− (7.20)

and b = 
l ch

l2
+ (7.21)

From equation (7.20) it is clear that in case 
ch
l

l>
2

, a becomes negative which can be

illustrated by Fig. 7.4.

A� B

ba

H

O

A

���
�	
����,,&�
-�	
����.�	/�/���/�
��

/

/

*
> �

Having calculated a and b, the sag and the length of the conductor can be calculated
using equations (7.13) and (7.12) respectively.
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   sag d = 
a

c
l ch

l
l
c

l fh
l q

q
f

2 2 2

2 2 2 2 2
= −�
��

�
��

= −
�
��

�
��

. .
δ

δ

= 
q

f
l f h

l q
lfh
lq

δ
δ δ2 4

2 2 2

2 2 2+ −
�

�
	




�
�

= 
q l

f
fh
q l

hδ
δ

2 2

28 2 2
+ − (7.22)

The length LA = a + 
a

c

3

26
 and LB = b + 

b

c

3

26

∴    Total length L = LA + LB = (a + b) + 
a b

c

3 3

26

+

= (a + b) + 
( )( )a b a ab b

c

+ − +2 2

26

= l
a ab b

c
1

6

2 2

2+ − +�

�
	




�
�

= l
q l

f
h

l
+ +

2 2 3

2

2

24 2
δ

Similarly other calculations can be made as for the case when the supports are at the
same height.

Example 7.4: An overhead line at a river crossing is supported from two towers of
heights 30 metres and 90 metres above water level with a span of 300 metres. The weight of
the conductor is 1 kg/metre and the working tension is 2000 kg. Determine the clearance
between the conductor and the water level mid-way between the towers.

Solution: The working tension is 2000 kg and w = 1 kg/metre.

∴ c = 
T
w

= 2000
1

 = 2000 metres

Now h = 90 – 30 = 60 metres

a = 
l ch

l2
−  = 150 – 

2000 60
300

×
 = 150 – 400 = – 250 m

∴ b = 550 metres

 d1 = 
a

c

2

2
250 250
2 2000

= ×
×

 = 15.625 metres.

The sag at 400 metres

 d2 = 
400

2
400 400
2 2000

2

c
= ×

×
 = 40 metres

Therefore, height of the mid-point with respect to A (fig. 7.4)

   = 40 – 15.625 = 24.375 metres
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Therefore, the clearance between the conductor and the water level mid-way between
the towers will be 30 + 24.375 = 54.375 metres. Ans.

	
� ���������������

After calculating f2 from equation (7.17), the value of d2, the sag, can be calculated using
equation (7.15). Various values of f2 and d2 are calculated using equations (7.17) and (7.15)
repeatedly for different temperatures. The curves of tension and sag versus temperature are
called the stringing charts and are useful while erecting the transmission line conductors for
adjusting the sag and tension properly.

	
� ����������

Normally there are two types of supports being used.

(i) The standard or straight run or intermediate tower.

(ii) The angle or anchor or tension tower.

While the straight run towers are used for straight runs and normal conditions, the
angle towers are used at angles, terminals and other points where a considerable amount of
unbalanced pull may be thrown on the supports. The angle towers are, therefore, designed to
withstand heavy loadings as compared to standard towers.

In order to locate the position of the towers, the first step is to know a suitable value for
the support height and if there are no special guiding factors which dictate this choice, several
alternatives may be tried.

A C

B

O

E

H

J

Q

D

G

F

I

O�

O�

K

1

2

���
�	
���	0�
�1,/	
�2�3�4�0�&��'��/�	�	����/5��6

	�'�3*4�
&7���8&&
5�0�/5���

The next step is to plot a sag template on a piece of transparent paper which consists of
a set of curves as shown in Fig. 7.5. The horizontal and vertical distances represent the span
lengths and sags respectively. GHI is the tower footing line (2), i.e., this line gives the location
of the footing of the tower. DEF is the ground clearance line (1) i.e., the minimum clearance of
the power conductor from the ground. This clearance to ground will depend upon the operating
voltage and is given, according to Indian Electricity Rules, in the following table:
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Minimum clearance to ground for overhead lines

Voltage between lines Minimum height (metres) Remarks

Less than 650 d.c. 5.8 Across public roads

or 5.2 Other positions

325 V a.c. 4.6 Inaccessible areas to vehicles

Less than 66 kV 6.0

Between 66 kV and 110 kV 6.3

Between 110 kV and 165 kV 6.6

Exceeding 165 kV 6.9

Curve ABC is such that with a span length of AC, the maximum sag of the conductor
would be O′B and with span JK, the maximum sag is O″B. The curve DEF is obtained from
ABC by subtracting ordinates from ABC equal to the minimum ground clearance required and
curve GHI is obtained from ABC by setting off from ABC a distance representing the height of
the standard tower from the point of attachment of the lowest conductor to the ground level.

It is then clear that if such a transparent template is placed upon a profile map of the
route, as indicated such that the ground clearance line just touches the profile as at Q then
points G and I, where the ‘support foot’ line cuts the profile, will indicate the position of the
towers represented by GA and IC. The curve ABC will represent the actual shape and position
of the lowest conductor, and since JQ represents the correct ground clearance, the conductor
nowhere approaches the ground by more than the safe amount.

In the particular case shown the points of conductor support are upon the same horizontal
level, but the same process applies when the route is a steeply sloping one, and the shape and
position of the conductor will always be represented by the curve ABC as shown in Fig. 7.5.

	
� �������������

It is clear from above that the location of the towers depends upon the profile of the land along
which transmission line is to be run, which means the span lengths between structures may
not be equal. When successive spans are unequal, changes in load or temperature will bring
unequal changes in tension in the different spans.

It is very tedious to make calculation of sag and tension for each and every span and
then to make adjustment while erecting the transmission line, and, in any case the difference
in tensions in the various spans will be automatically equalized by the deflection from the
vertical of the insulator strings in case of suspension type of insulators.

It is, therefore, necessary to have calculations assuming uniform tension in the conductor
between two tension towers. It can be shown mathematically that the variations in the tension
with variation in load or temperature are within reasonable limits, the same as those which
would occur in the same circumstances in a hypothetical span of one particular length, termed
the equivalent span. This span length is calculated from the formula
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Equivalent span length L = 
l l l
l l l
1
3

2
3

3
3

1 2 3

+ + +
+ + +

...
...

where l1, l2, l3, ... are the lengths of the individual spans between the two tension towers. For
preparing a sag template, this value of the span is made use of.

It is to be noted that the method of sag template for locating towers should not be used
for long spans as well as where the slope of the profile is very steep. In such cases it is desirable
to make actual calculations for sag and tension.

	
	 �����������������������

After the transmission line towers of suitable heights are fixed to the ground and the insulator
strings are attached to the cross-arms, the next step is the stringing of the conductors. The
stringing of conductors is divided into three parts:

1. Paying out the conductors from the drums and hauling them over snatch-blocks hung
from the cross-arm on a level with the suspension clamps at the ends of the insulator strings.

2. Pulling up the conductors, still hanging in the snatch-blocks to the correct tension
and adjusting the sag.

3. Transferring the conductors from the snatch blocks to the insulator clamps.

While stringing conductors the tension in the conductor could be recorded with a
dynamometer but it is always desirable to make final adjustments by sag measurements as
the tension recorded by the meter may be substantially higher than the tension in the conductor
at the far end of the section due to friction in the pulley-blocks employed on the cross-arms.

A 1″ × 2″ batten, painted white, is fixed horizontally to each of two adjacent towers at
the desired level of the lowest point of one conductor. A climber on one tower keeps his line of
sight between the battens, and the conductor is slowly let down until he signals that the sag is
correct. Only the lowest conductor need be sagged this way, the others can be adjusted parallel.

	
 ��!�������������!�������������

The overhead transmission lines experience vibrations in the vertical plane and are of two
types. However, these are not to be confused with the much slower swing of the conductors in
the horizontal plane due to simple wind deflection:

1. Aeoline vibrations,

2. Galloping or dancing of conductors (vibration).

The first one is of high frequency and low amplitude. The frequency is of the order of 5
to 40 c/s and the amplitude of the order of 2 cms to 5 cms with a loop length of 1 metre to 10
metres. It appears to be a condition of their formation that the wind velocity shall be quite low,
4 to 15 km/hr, that it shall be steady and free from gusts, uniform over a wide area and  free
from eddies.
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The galloping or dancing of conductors are the low frequency high amplitude vibrations

of the conductors. The frequency is of the order of 1
4

1
21to  cycle/sec and the amplitude is about

6 metres. Whereas the former are forced vibrations, the latter are of the self-excited type.
These vibrations are caused due to the wind when it blows past a non-circular conductor. Once
this starts it builds within itself and the vibrations may become very large and may result in
flexure fatigue in the conductors or there may be flashover between conductors of different
phases. This may lead to outages in the systems.

Aeoline Vibrations: While these vibrations are not of themselves harmful, however, they
may give rise to troubles at points where free vibration is restricted. At a heavy anchor clamp,
e.g., a travelling wave will be reflected back with a momentary bending of the cable about the
mouth of the clamp, and even the provision of a large radius at the mouth is not a complete
safeguard, since the wave will result in impact between the conductor and radius which,
continuously repeated, may damage the wires. A light anchor clamp very freely supported will
reduce this hazard considerably and, in cases where vibration is not severe, will in probability
provide adequate protection at dead-end points. If the clamp has very low inertia so that it can
vibrate with the conductor without substantial time lag, the bending of the conductor as well
as the impact between the conductor and clamp will be greatly diminished, thus resulting in
less danger of conductor failure.

Besides the design of the clamp and accessories, the vibration problem has been solved
by the use of special devices which fall into two groups (a) reinforcement or armour rods, and
(b) dampers.

Within the first group will fall the Varney system of reinforcement, in which the
conductor, where it lies in the suspension clamp, is surrounded by a spiral layer of small round
rods, preferably tapered at each end, and appreciably larger in diameter than the individual
wires of the conductor. These rods, in effect, give at the point of suspension a stranded cable of
much larger diameter than the actual conductor, so that they provide a resistance to bending
equal to that of a much larger conductor; whereas the energy which must be absorbed by this
bending is only that produced by the wind acting on the small conductor itself. Armour rods
also provide excellent protection against flashover and have been used for this purpose in
various cases where no vibration was experienced or anticipated.

A true damper, however, is a device specially designed to absorb the vibrational energy,
and thereby prevent the occurrence of any vibration at all. Many designs have been put forward,
among which is the stock-bridge damper, an extremely simple, nevertheless effective device
for suppressing high frequency vibrations. It consists of two hollow weights of special shape
fixed at either end of a length of flexible steel cable which is itself fastened to the conductor at
its midpoint by means of an aluminium clamp (Fig. 7.6).

���
�	
�����
&�9�:�5'0��'	1,���

www.EngineeringBooksPdf.com



�#) ����������� �!����"�����

The weights are of galvanized iron or in the smaller sizes of zinc and the flexible cable is
protected by enclosing it in a water-tight flexible aluminium tube. Among the special features
of the design is the method by which the clamp is attached to the conductor. An  efficient grip
is obtained by the use of only one bolt, and the ease of application is such that these dampers
may, if necessary, be attached to a line while it is alive, making use of special long handled
tools.

Two dampers are required for each point of suspension of the conductor, one on either
side, clamped to the conductor at appropriate distances, depending on the conductor size. Each
span of conductor will thus contain two dampers and this is ample for normal conditions. For
very long spans, however, it may be desirable to install additional dampers.

The damping action of the stock-bridge device is due to the dissipation of the vibrational
energy of the conductor by hysteresis and inter-strand friction in the flexible damper cable.
Vibration in the main cable causes relative motion between the central clamp and the weights
of the damper, resulting in the bending of the flexible cable through a magnified arc and a
consequent absorption of energy. The damping effect is automatic, the first tremor of vibration
in the conductor being damped out before the amplitude is able to build up to a measurable
magnitude. Some degree of vibration in the conductor must occur before the damper is brought
into operation, but the amount is extremely small, and a conductor fitted with a damper remains
quiescent except for a barely perceptive quiver.

Dancing of Conductors: To damp these oscillations it is required to make the conductor
circular. For stranded conductors PVC tape is wrapped to make the conductor circular. This
method is useful only when sleet formation is not there on the conductor. For this situation,
the sleet or ice coating could be reduced by increasing the I2R loss on the conductor which of
course is not a practical solution to the problem.

���!���

7.1. Derive expressions for sag and tension in a power conductor strung between two supports at
equal heights taking into account the wind and ice loadings also.

7.2. Derive the expressions for sag and tension when the supports are at unequal heights.

7.3. The transmission line is designed based on worst probable conditions and not worst possible
conditions. Why ?

7.4. Derive an expression for the stress in the conductor during fair weather condition in terms of
worst probable conditions using the usual notation for the various quantities.

7.5. What is a stringing chart ? Explain clearly the procedure adopted for stringing the power
conductors on the supports.

7.6. What is a sag-template ? Explain how this is useful for location of towers and stringing of power
conductors.

7.7. Describe the vibration of power conductors and explain the methods used to damp out these
vibrations.

7.8. An overhead line has a conductor of cross-section 2.5 cm2 hard drawn copper and a span length
of 150 metres. Determine the sag which must be allowed if the tension is not to exceed one-fifth
of the ultimate strength of 4175 kg/cm2 (a) in still air, and (b) with a wind pressure of 1.3
kg/metre and an ice coating of 1.25 cms. Determine also the vertical sag in the latter case.
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7.9. An overhead conductor consists of 7 strands of silicon-bronze having an ultimate strength of
10,000 kg/cm2 and an area of 2.5 cm2 when erected between supports 650 metres apart and
having a 20 metre difference in level, determine the vertical sag which must be allowed so that
the factor of safety shall be 5. Assume the wire weighs 2 kg/metre, ice loading 1 kg/metre and
wind loading is 1.75 kg/metre.

7.10. An overhead line has the following data: Span length 185 metres. Difference in levels of supports
6.5 metres, conductor dia 1.82 cm, weight per unit length of conductor 2.5 kg/metre, wind pressure
49 kg/m2 of projected area. Maximum tensile stress of the conductor 4250 kg/cm2. Factor of
safety 5. Calculate the allowable sag in metres at the lower support.

7.11. A transmission line conductor at a river crossing is supported from two towers at heights of 45
metres and 75 metres above water level. The span length is 300 metres. Weight of the conductor
0.85 kg/metre. Determine the clearance between the conductor and water at a point midway
between towers if the tension in the conductor is 2050 kg.

7.12. An overhead line having a conductor of dia 10 mm and a span length of 150 metres has a sag of
3.5 metres at – 5°C with 10 mm thick ice coating and a wind pressure of 40 kg/m2 of projected
area. E = 127 × 104 kg/cm2, α = 16.6 × 10–6/C, ice density 910 kg/m3, copper density 8850 kg/m3.
Determine the temperature at which the sag will remain the same under fair weather conditions.

������
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The insulators for overhead lines provide insulation to the power conductor from the ground.
The insulators are connected to the cross arm of the supporting structure and the power
conductor passes through the clamp of the insulator. These insulators are mainly made of
either glazed porcelain or toughened glass. The materials used for porcelain are silica 20%
feldspar 30% and clay 50%. The porcelain should be ivory white, sound and free from defects.
It should be vitrified because the presence of pores or air in the porcelain will lower down its
dielectric strength. Any sealed air impurity will also lower the dielectric strength of porcelain.
It is, therefore, desirable that porcelain to be used for insulators should be air-free and
impervious to the entrance of liquids and gases. The dielectric  strength of porcelain should be
15 kV to 17 kV for every one-tenth inch thickness. Normally it is difficult to manufacture
homogeneous porcelain and, therefore, for a particular operating voltage two, three or more
pieces construction is adopted in which each piece is glazed separately and then they are
cemented together. Porcelain is mechanically strong, less affected by temperature and has
minimum leakage problem.

Toughened glass is also sometimes used for insulators because it has higher dielectric
strength (35 kV for one-tenth inch thickness) which makes it possible to make use of single
piece construction, whatever be the operating voltage. Glass being transparent, it is very easy
to detect any flaw like trapping of air etc. It has lower coefficient of thermal expansion and; as
a result, the strains due to temperature changes are minimized. The major drawback of glass
is that moisture condenses very easily on its surface and hence its use is limited to about
33 kV.

The design of the insulators is such that the stress due to contraction and expansion in
any part of the insulator does not lead to any defect. It is desirable not to allow porcelain to
come in direct contact with a hard metal screw thread. Normally cement is used between
metal and the  porcelain. It is seen that cement so used does not cause fracture by expansion or
contraction.
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There are three types of insulators used for overhead lines:

(i) Pin type,

(ii) Suspension type, and

(iii) Strain type.

Pin type insulator (Fig. 8.1) consists of a single or multiple
shells (petticoats or rain sheds) adapted to be mounted on a
spindle to be fixed to the cross arm of the supporting structure.
Multiple shells are provided in order to obtain sufficient length
of leakage path so that the flash over voltage between the power
conductor and the pin of the insulator is increased. The design
of the shells is such that when the uppermost shell is wet due
to rain the lower shells are dry and provide sufficient leakage
resistance. It is desirable that the horizontal distance between
the tip of the lowermost shell should be less as compared with
the vertical distance between the same tip and the cross-arm,
otherwise in case of an arc-over, the discharge will take place
between the power conductor and cross-arm rather than power
conductor and the pin of the insulator; thereby, the cross-arm
will have to be replaced rather than the insulator. It is to be
noted that the power conductor passes through the groove at
the top of the insulator and is tied to the insulator by the
annealed wire of the same material as the conductor. The pin
type insulators are normally used upto 33 kV. In any case it is
not desirable to use them beyond 50 kV as the cost of such
insulators then increases much faster than the voltage. The
cost beyond 50 kV is given by

Cost ∝ Vx

where x > 2.

The insulators and its pin should be sufficiently mechanically strong to withstand the
resultant force due to combined effect of the weight of the conductor, wind pressure and ice
loading if any per span length.

The pin type of insulators are uneconomical beyond 33 kV operating voltage. Also the
replacement of these insulators is expensive. For these reasons for insulating overhead lines
against higher voltages, suspension insulators (Fig. 8.2) are used. These insulators consist of
one or more insulator units flexibly connected together and adapted to be hung for the cross-
arm of the supporting structure and to carry a power conductor at its lowest extremity. Such
composite units are known as string insulators. Each insulator is a single disc-shaped piece of
porcelain grooved on the undersurface to increase the surface leakage path between the metal
cap at the top and the metal pin at the bottom of the insulator. The cap at the top is recessed so
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that it can take the pin of another unit and in
this way a string of any required number of
insulators can be built. The cap and the pin are
secured to the insulator by means of cement. The

standard unit is 10″ × 5 3
4 ″ in size. The diameter

is taken as 10″ as it gives optimum spark over to
puncture voltage ratio. Increasing the diameter
further increases the flash over or spark over
voltage but it lowers the above ratio which is
undesirable.

Suspension insulators being free to swing,
the clearances required between the power
conductor and the supporting structure are more
as compared to pin type insulators. This means the length of the cross arm for suspension
insulators is more as compared with the pin type.

The suspension insulators, in addition to being economical as compared to pin type for
voltages more than 33 kV, have the following further advantages:

1. Each insulator is designed for 11 kV and hence for any operating voltage a string of
insulators can be used. For example, for 132 kV transmission, the number of insulators required
is 12 (maximum).

2. In case of failure of one of the units in the string, only that particular unit needs
replacement rather than the whole string.

3. Since the power conductor and string swing together in case of wind pressure, the
mechanical stresses at the point of attachment are reduced as compared with the pin type of
insulator where because of the rigid nature of the attachment fatigue and ultimate brittleness
of the wire result.

4. The operating voltage of the existing transmission can be increased by adding suitable
number of discs in the string instead of replacing all the insulators as is necessary in case of
pin type insulators.

The strain insulators are exactly identical in shape with the suspension insulators. These
strings are placed in the horizontal plane rather than the vertical plane as is done in case of
suspension insulators (discs are in vertical plane in case of string insulators). These are used
to take the tension of the conductors at line terminals, at angle towers, at road crossings and at
junction of overhead lines with cables. These insulators are, therefore, known as tension or
strain insulators. For low voltages of the order of 11 kV, shackle insulators are used. But for
higher voltages a string of insulators is used. Whenever the tension in the conductor is very
high as at long river crossings etc., sometimes two, even three, strings of insulators in parallel
have been used.
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The thumb rule for finding the number of insulator discs for a
particular operating voltage is to have one disc for every 11 kV.
This does not mean that the voltage across the discs of the string
is uniformly distributed. This is because of the capacitances
formed between the metal parts of the insulators and the tower
structure. These capacitances could be made negligibly small
by increasing the distance between the insulators and the tower
structure which requires larger lengths of cross arms. This will
result into bigger size of the towers and hence it becomes
uneconomical. Therefore, in practice the insulators are not very
far from the tower structure and hence these capacitances affect
the voltage distribution across the string. The capacitance of
each unit is known as mutual capacitance. Fig. 8.3 represents
an equivalent circuit for a string of 4 insulator discs.

Let m = 
Mutual capacity

Capacitance to ground
 = 

mC
C

Here capacity to ground is the capacitance of metal part
of the insulator disc to the tower structure.

Since the insulator discs are identical, each disc is represented by its mutual capacity
mC. Let V be the operating voltage and V1, V2, V3 and V4 the voltage drops across the units
starting from the cross arm towards the power conductor.

V = V1 + V2 + V3 + V4 (8.1)

The objective is to find out the voltage across each disc as a multiple of the operating
voltage and to compare the voltage across each unit. From the diagram it is clear that

 I2 = I1 + Ic1

= V1mωC + V1ωC (8.2)

where ω is the supply angular frequency

or I2 = V1Cω(m + 1)

V2mωC = V1Cω(m + 1)

or  V2 = 
V
m

m
m

m
V1

11
1

( )+ = +
(8.3)

Also   I3 = I2 + Ic2

= V2mωC + (V1 + V2)ωC

V3mωC = V2ωC(m + 1) + V1ωC

Substituting for V2 in terms of V1 gives

V3mωC = 
m

m
+ 1

V1ωC(m + 1) + V1ωC
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IC1
C

IC2
C

�C3
C

�1

�2

I3

I4

mC

mC

mC

mC
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= V1ωC 
( )m

m
+ +

�

�
�

�

�
�

1
1

2

= V1ωC 
( )m m

m

2 3 1+ +

or  V3 = V1 
m m

m

2

2
3 1+ +�

�
�

�

�
� (8.4)

Similarly V4 can also be expressed in terms of V1 as follows:

  I4 = I3 + Ic3

V4mωC = V1ωC 
m m

m

2 3 1+ +�

�
�

�

�
�  + ωC [V1 + V2 + V3]

= V1ωC 
m m

m
C V

m
m

V
m m

m
V

2

1 1

2

2 1
3 1 1 3 1+ +�

�
�

�

�
� + + + + + +�

�
�

�

�
�ω

= V1ωv 
m m

m
m m

m

2 2

2
3 1 3 4 1+ + + + +�

�
�

�

�
�

or  V4 = V1 
m m

m
m m

m

2

2

2

3
3 1 3 4 1+ + + + +�

�
�

�

�
� (8.5)

So we have expressed V2, V3 and V4 in terms of V1 and the ratio of the capacities i.e., m.

Now    V = V1 + V2 + V3 + V4

Therefore, since m is known, V1 can be expressed in terms of V and from this V2, V3 and
V4 can be obtained.

Normally the value of m > 1. Let m = 5. With this if there is a string of four insulators as
shown in Fig. 8.3,

 V2 = 
m

m
V V

+ −1 6
51 1

 V3 = 
m m

m
V

2

2 1
3 1+ +

= 
41
25 1V

Similarly  V4 = 
41
25

75 20 1
125 1+ + +�

��
�
��

V

This shows that V1 < V2 < V3 < V4

This means the voltage drop across the unit nearest the cross arm is minimum and it
goes on increasing as we go towards the power conductor. The voltage drop across the unit
nearest the power conductor is maximum.

This conclusion can be drawn looking at the diagram without going into mathematics.
Since the mutual capacity of each disc is same and the current through the topmost unit is
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minimum, the voltage drop across that unit will be minimum. As we go down the unit towards
the power conductor the current goes on increasing being the maximum in the lowest unit; the
voltage drop is maximum there.

It is clear that the lowermost unit in a string of insulators is fully stressed or utilized. As
we go towards the cross arm the units are less stressed as compared to their capacity and
hence they are not utilized fully. String efficiency is a measure of the utilization of material in
the string and is defined as

η = 
Voltage across the string

Voltage across the unit near the power conductorn ×

or η = 
S.O.V. for the string

S.O.V. of one discn ×
where n is the number of insulators in the string and S.O.V. represents the spark over voltage.

The potential distribution across the insulator string can be obtained in an easier way
as follows. Figure 8.4 is modified slightly so as to keep symmetry in writing mathematical
expression.

At junction n,

In+1 = In + ICn

vn+1ωmC = vnωmC + VnωC

   vn+1 = 
V
m

vn
n+ (8.6)

�1

In

In + 1

IC1

ICn

ICn + 1

v1

Vn

Vn + 1

V
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Here Vn is the voltage across n units from the top and vn is the drop across nth unit.
With this formula voltage drop across any unit can be obtained in terms of vn. Since it is known
that the total voltage across the string is the sum of voltages across all the units (which have
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been obtained in terms of vn), the value of vn can be obtained and hence by back substitution
the value of voltage across every unit can be calculated.

The procedure can be explained by the following example:

Let m = 5, no. of units = 5 and total operating voltage is 66 kV line to ground. Using the
relation

  vn+1 = 
V
m

vn
n+

  v2 = 
V
m

v1
1+

Since V1 = v1,

  v2 = v1 1
1

1
1
5 1+�

�	


��

= +�
�	



��m

v  = 1.2v1

= 
V
m

v
v v2

2
1 2

5
+ = +

 + 1.2v1

= 
v v1 112

5
+ .

 + 1.2v1

= 0.44v1 + 1.2v1

= 
8 2
5 1
.

v  = 1.64v1

  v4 = 
V
m

v
V v

m
v3

3
2 3

3+ =
+

+

= 
v v

m
v
m

v1 2 3
3

+
+ +

= 
2 2 164

5
1641 1

1
. .

.
v v

v
+ +

= 
3 84

5
1641 1

.
.v v+

= (0.768 + 1.64) v1

= 2.408v1

  v5 = 
V
m

v4
4+

= 
V v

m
v3 4

12 408
+

+ .

= 
3 84 2 408

5
2 4081 1

1
. .

.
v v

v
+ +

= 
6 248

5
2 4081 1

.
.v v+

= (1.2496 + 2.408)v1

= 3.6576v1
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∴   V = v1 + v2 + v3 + v4 + v5

= v1(1 + 1.2 + 1.64 + 2.408 + 3.6576)

= 9.9056v1

  v1 = 
66

9 9056.
 = 6.67 kV

  v2 = 1.2 × 6.67 = 8 kV

  v3 = 1.64 × 6.67 = 10.92 kV

  v4 = 2.408 × 6.67 = 16.03 kV

  v5 = 3.657 × 6.67 = 24.3 kV

  V = v1 + v2 + v3 + v4 + v5 = 66 kV

∴ % string efficiency = 
66 100
5 24 3

×
× .

 = 54.4%

It can be seen that the voltage drops across various units will tend to be equal in case
the value of m is large. In case of high voltage lines since the clearance between the conductor
and the tower structure should be more to avoid flash over under normal operating condition,
the value of m will go on increasing with operating voltage. This is because mutual capacity
being fixed the ground capacitance goes on decreasing with larger clearances and hence the
ratio of the two capacitances goes on increasing.

	
� ����������������������������������

1. Selection of m: One of the methods for equalising
the potential drop across the various units of the string is to
have a larger value of m which as is said earlier needs longer
cross arms and hence taller supporting structures and hence
it is uneconomical to go beyond certain value of the length of
cross arm. It has been found that the value of m = 10 is about
the maximum which may be obtained.

2. Grading of Units: It can be seen from the Fig. 8.4
that unequal distribution of voltage is due to the leakage
current from the insulator pin to the tower structure. This
current can’t be eliminated. The other possibility is that disc
of different capacities could be used such that the product of
their capacitive reactance and the current flowing through
the respective unit is same. This requires that the unit nearest
the cross arm should have the minimum capacitance
(maximum capacitive reactance) and as we go towards the
power  conductor the capacitance should increase. By this
grading it can be shown that complete equality of voltage
can be obtained. Refer to Fig. 8.5. Here again the capacitance
between the metal work and the power conductor is neglected.
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I1

In

In + 1

�C1

ICn – 1

�Cn

ICn + 1

C1

Cn

Cn + 1 v

v

v

www.EngineeringBooksPdf.com



�,5 ���"��"	�� ��#��� �$���%�

Here the ground capacitances C are of equal value whereas the mutual capacities are
different. Since we assume the equal voltage drop across the various units,

    I
I

nc
cn

1
=

nvωC = Icn

At junction n

   In+1 = In + Icn

 vωCn+1 = vωCn + nvωC

 vωCn+1 = vω(Cn + nC)

or   Cn+1 = Cn + nC (8.7)

From this it is clear that if the capacitance of one unit is fixed the capacitance of other
units can be found for equal distribution of voltage across the units of the string.

This means that in order to carry out unit grading, units of different capacities are
required. This requires large stocks of different sized units, which is uneconomical and
impractical.

Therefore, this method is normally not used except for very high voltage lines.

3. Static Shielding: In case of unit grading we used units of different capacities, so that
the flow of different currents through the respective units produces equal voltage drop. In
static shielding the idea is to cancel exactly the pin to tower charging currents so that the
same current flows through the units of identical capacities to produce equal voltage drops
across each unit. The arrangement is shown in Fig. 8.6. In this method a guard ring or grading
ring is connected round to the power conductor such that this surrounds the bottom unit.

I1

In + 1

IC1

ICn + 1

mC

In

ICn

I�Cn + 1

I�Cn

C

���
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Since identical units are being used their mutual capacities are equal. Similarly the
ground capacitances are equal. The design of the ring should be such that this gives rise to the
capacitances which will cancel exactly the charging current in that particular section, such
that

   In+1 = In

and    Icn
 = I cn

′

nvωC = (V – nv)ωCn

where V is the operating voltage and Cn is the capacitance between the guard ring and the pin
of the nth unit.

Let V = kv, where k is the number of units used. Then
   ωnvC = (k – n)vωCn

or nC = (k – n)Cn

or  Cn = 
n

k n
C

−
(8.8)

In order to obtain perfect equal distribution of voltage the capacitance of the guard ring
with respect to the pins of the insulators can be given by the expression above. In practice it is
very difficult to achieve this condition. Nevertheless this method is normally used and advantage
is gained partially. It has been found that for a 14 unit string the voltage across the bottom
unit without guard ring was 18.3% of the operating voltage and with guard ring it was 11.8%
which is a great improvement.

Grading ring serves two purposes: (i) equalisation of voltage drop across the units, and
(ii) when used with arcing horn (which is fixed at the top end of the string) it protects the
insulator string from flashover whenever an over voltage (under normal or abnormal condition)
appears between the tower structure and the power conductor. The combination of the two
provides path through the air medium to discharge the energy contained in the abnormal
voltage and thus the insulator string is saved.

Whenever a transmission line is seen through the areas where there is lot of smoke or a
chemical industry of where the frequency of lightning strokes is large, special design insulators
are normally used.

Example 8.1: Determine the maximum voltage that the string of the suspension
insulators in Fig. E.8.1 can withstand if the maximum voltage per unit is 17.5 kV.

C�

i1

C
ia

C� ib

C

C

i2

i3

E1

E2

E3

C = —�
C
8

B

A

���
��
	
�
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Solution: Let the voltages across the various units be E1, E2 and E3 as shown such that
E = E1 + E2 + E3, where E is the desired withstand voltage of the string. Applying Kirchhoff’s
current law at A,

 i2 = i1 + ia = E1ωC + E1ω 
C
8

 = E1ωC 1
1
8

+�
�	



��  = 

9
8

 E1ωC

= E2ωC

or  E2 = 
9
8

 E1

Similarly at B,

  i3 = i2 + ib

   E3ωC = E2ωC = 
E C E C1 2

8 8
ω ω+

= E2ωC 1
1
8 8

1+�
��

�
��

+
E Cω

= 
9
8

9
8 81

1× +ω ω
CE

E C

= 
81
64

1
8

89
641 1+�

�	


��

=ω ωCE CE

 E3 = 
89
64 1E

It can be seen that the voltage across the line unit i.e., unit near the power conductor is
maximum.

∴  E3 = 
89
64 1E  = 17.5 kV

or  E1 = 17.5 × 
64
89

 = 12.58 kV

 E2 = 
9
8

9
8

12 581E = × .  = 14.15 kV

∴    E = E1 + E2 + E3 = 12.58 + 14.15 + 17.5 = 44.23 kV. Ans.

Example 8.2: Determine the voltage across each disc of suspension insulators as a
percentage of the line voltage to earth. The self and capacitance to ground of each disc is C and
0.2C respectively. The capacitance between the link pin and the guard ring is 0.1C. (b) If the
capacitance to the line of the lower link pin were increased to 0.3C by means of a guard ring,
determine the redistribution of voltage. Also determine the string efficiency in each case.

Solution: (a) Let E1, E2 and E3 be the voltage drops across the discs as shown in Fig. E. 8.2.
Applying Kirchhoff’s current law at node A, we have

I2 + Ix = I1 + Ia

E2ωC + (E2 + E3)ω0.1C – E1ωC – 0.2E1ωC = 0

      E2 + (E2 + E3) 0.1 – E1 – 0.2E1 = 0
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1.1E2 + 0.1E3 – 1.2E2 = 0

or 1.2E1 – 1.1E2 – 0.1E3 = 0 (1)

Again writing equation at node B

      I3 + Iy – I2 – Ib = 0

E3Cω + E30.1ωC – E2ωC – (E1 + E2) 0.2C = 0

E3 + 0.1E3 – 1.2E2 – 0.2E1 = 0 (2)

        0.2E1 + 1.2E2 – 1.1E3 = 0

There are three unknowns with two equations. We
divide both of them by E3 and rewrite them as

12x – 11y = 1 (1a)

  2x + 12y = 11 (2a)

where  x = 
E
E

1

3
 and y = 

E
E

2

3
 .

12x – 11y = 1

12x + 72y = 66

          83y = 65

  y = 
65
83

0 783 2

3
= =.

E
E

∴ 2x = 11 – 12 ×  
65
83

 = 11 – 9.39 or x = 0.801 = 
E
E

1

3

∴ E2 = 0.783E3 and E1 = 0.801E3

Now total voltage is

 E = E1 + E2 + E3  = 0.801E3 + 0.783E3 + E3 = 2.584E3

∴ E3 = 
E

2 584.
 × 100 = 38.70%

E2 = 0.783 × 38.70 = 30.3%

E1 = 0.801 × 38.7 = 31%

The % string efficiency = 
1

3 0 387× .
 × 100 = 86.1%

(b) If the capacitance to the line of the lower pin is increased to 0.3C the equation at
node A is unchanged whereas that at B now becomes

   0.2E1 + 1.2E2 – 1.3E3 = 0 (3)

or 2x + 12y = 13 (3a)

or   12x – 11y = 1 (1a)

  12x + 72y = 78

  12x – 11y = 1

   83y = 77

���
��
	
�

Ia

Ib

0.2 C

0.2 C

C

C

C

B

I1

0.1 C

0.1 C

I2

I3

A

www.EngineeringBooksPdf.com



�,! ���"��"	�� ��#��� �$���%�

   y = 0.9277

 2x = 13 – 12 × 0.9277

or    x = 0.9337

∴             
E
E

1

3
 = 0.9337 and

E
E

2

3
 = 0.9277

E1 = 0.9337E3 and E2 = 0.9277E3

 E = E1 + E2 + E3 = 0.9337E3 + 0.9277E3 + E3

E3 = 0.3494E or 34.94%

E2 = 0.9277 × 34.94% = 32.42%

E1 = 0.9337 × 34.94 = 32.62%

The % string efficiency = 
1

3 0 3494
100

×
×

.
 = 95.4%.

Example 8.3: A string of eight suspension insulators is to be fitted with a grading ring.
If the pin to earth capacitances are all equal to C, find the values of line to pin capacitances
that would give a uniform voltage distribution over the string.

Solution: For voltage distribution to be uniform (see Fig. E.8.3)

 Ia = IA

 Ib = IB and so on.

Also E1 = E2 = E3 = ... = E8

 Ia = ωC 
E
8

 and IA = C1ω 7
8
E

and        ωC 
E
8

 = ωC1 × 
7
8
E

or C1 = 
C
7

Similarly Ib = IB

Ib = 
2
8
E

 ωC

and   IB = 
6
8
E

 ωC2

ωC = 3C2ω or C2 = 
C
3

Similarly other results can be obtained. It will be

seen that the other values are 
3
5

5
3

C
C

C
, , , 3C and 7C

respectively.

���
��
	
�

Ia

Ib

E = E/81

E2

E3

IA

IB

C7

C2

C1
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8.1. Each conductor of a 33 kV, 3-phase system is suspended by a string of three similar insulators,
the capacitance of each disc is nine times the capacitance to ground. Calculate the voltage across
each insulator. Determine the string efficiency also.

8.2. A string of eight suspension insulators is to be graded to obtain uniform distribution of voltage
across the string. If the capacitance of the top unit is 10 times the capacitance to ground of each
unit, determine the capacitance of the remaining seven units.

8.3. A string of six insulator units has mutual capacitance 10 times the capacitance to ground.
Determine the voltage across each unit as a fraction of the operating voltage. Also determine the
string efficiency.

����������
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All electric cables consist of three essential points.

(a) The conductor for transmitting electrical power.

(b) The insulation, an electrical insulating medium, needed to insulate the conductor
from direct contact with earth or other objects, and

(c) External protection against mechanical damage, chemical or electro-chemical attack,
fire or any other dangerous effects external to the cable.

Copper conductor has extensively been used for cables but of late aluminium is being
used to a considerable extent. To obtain flexibility a number of wires are made up into a strand
which makes it easier to handle, less liable to kink and break and to a large extent eliminates
risk of the conductor breaking through the dielectric. The wires in a stranded conductor are
twisted together to form lays. The successive layers usually are stranded in opposite direction
i.e., if the wires of one layer have a right-handed lay, the next layer has a left-handed lay.
Standard stranding consists of 6 wires around 1, then 12 wires around 6, followed by 18, 24
and so on. A stranded conductor is expressed as 19/0.1 where the first number strands for the
number of strands used and the second number corresponds to the diameter of each strand in
mm. Sometimes the second number given corresponds to the gauge of the strand used e.g. 3/20
which means a cable with three strands each of 20 SWG.

	
� �������������

The main requirements of the insulating materials used for cable are:

1. High insulation resistance.

2. High dielectric strength.

3. Good mechanical properties i.e., tenacity and elasticity.
���

	
���������
������
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4. It should not be affected by chemicals around it.

5. It should be non-hygroscopic because the dielectric strength of any material goes very
much down with moisture content.

Vulcanized Rubber

Rubber in its natural form is highly insulating but it absorbs moisture readily and gets oxidized
into a resinous material; thereby it loses insulating properties. When it is mixed with sulphur
alongwith other carefully chosen ingredients and is subjected to a particular temperature it
changes into vulcanized  rubber which does not absorb moisture and has better insulating
properties than even the pure rubber. It is elastic and resilient.

The electrical properties expected of rubber insulation are high break-down strength
and high insulation resistance. In fact the insulation strength of the vulcanized rubber is so
good that for lower voltages the radial thickness is limited due to mechanical consideration.

The physical properties expected of rubber insulation are that the cable should withstand
normal hazards of installation and it should give trouble-free service.

Vulcanized rubber insulated cables are used for wiring of houses, buildings and factories
for low power work.

There are two main groups of synthetic rubber material : (i) general purpose synthetics
which have rubber-like properties and (ii) special purpose synthetics which have better
properties than the rubber e.g. fire resisting and oil resisting properties. The four main types
are: (i) butyl rubber, (ii) silicon rubber, (iii) neoprene, and (iv) styrene rubber.

Butyl Rubber: The processing of butyl rubber is similar to that of natural rubber but it is
more difficult and its properties are comparable to those of natural rubber. The continuous
temperature to which butyl rubber can be subjected is 85°C whereas for natural rubber it is
60°C. The current rating of butyl insulated cables is approximately same as those of paper or
PVC insulated cables. Butyl rubber compound can be so manufactured that it has low water
absorption and offers interesting possibilities for a non-metallic sheathed cable suitable for
direct burial in the ground.

Silicon Rubber: It is a mechanically weak material and needs external protection but it
has high heat resistant properties. It can be operated at temperatures of the order of 150°C.
The raw materials used for the silicon rubber are sand, marsh gas, salt, coke and magnesium.

Neoprene: Neoprene is a polymerized chlorobutadiene. Chlorobutadiene is a colourless
liquid which is polymerized into a solid varying from a pale yellow to a darkish brown colour.
Neoprene does not have good insulating properties and is used up to 660 V a.c. but it has very
good fire resisting properties and therefore it is more useful as a sheathing material.

Styrene Rubber: Styrene is used both for insulating and sheathing of cables. It has
properties almost equal to the natural rubber.

����������	
���������	�

It is a polymer derived generally from acetylene and it can be produced in different grades
depending upon the polymerization process. For use in cable industry the polymer must be
compounded with a plasticizer which makes it plastic over a wide range of temperature. The
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grade of PVC depends upon the plasticizer. PVC is inferior to vulcanized in respect of elasticity
and insulation resistance. PVC material has many grades.

General Purpose Type: It is used both for sheathing and as an insulating material. In
this compound monomeric plasticizers are used. It is to be noted that a V.R. insulated PVC
sheathed cable is not good for use.

Hard Grade PVC: These are manufactured with less amount of plasticizer as compared
with general purpose type. Hard grade PVC are used for higher temperatures for short duration
of time like in soldering and are better than the general purpose type. Hard grade cannot be
used for low continuous temperatures.

Heat Resisting PVC: Because of the use of monomeric plasticizer which volatilizes at
temperature 80°C–100°C, general purpose type compounds become stiff. By using polymeric
plasticizers it is possible to operate the cables continuously around 100°C.

PVC compounds are normally costlier than the rubber compounds and the polymeric
plasticized compounds are more expensive than the monomeric plasticized ones. PVC is inert
to oxygen, oils, alkalis and acids and, therefore, if the environmental conditions are such that
these things are present in the atmosphere, PVC is more useful than rubber.

Polythene

This material can be used for high frequency cables. This has been used to a limited extent for
power cables also. The thermal dissipation properties are better than those of impregnated
paper and the impulse strength compares favourably with an impregnated paper-insulated
cable. The maximum operating temperature of this cable under short circuits is 100°C.

Cross-linked Polythene: The use of polythene for cables has been limited by its low melting
point. By cross-linking the molecules, in roughly the same way as vulcanising rubber, a new
material is produced which does not melt but carbonizes at 250° to 300°C. By using chemical
process it has been made technically possible to cross-link polythene in conventional equipment
for the manufacture of rubber. This is why the product is said to be ‘‘vulcanised’’ or ‘‘cross-
linked’’ polythene.

The polythene is inert to chemical reactions as it does not have double bonds and polar
groups. Therefore, it was thought that polythene could be cross-linked only through special
condition, e.g., by irradiating polythene with electrons, thereby it could be given properties of
cross-linking such as change of tensile strength and better temperature stability. Many
irradiation processes have been developed in the cable making industry even though large
amounts of high energy radiations are required and the procedure is expensive:

Polythene can also be irradiated with ultraviolet light, after adding to it a smal quantity
of ultraviolet sensitive material such as benzophenone. Under the influence of ultraviolet light
on benzophenone a radical is formed of the same type as in the decomposition of peroxide by
the radical mechanism. Organic peroxides have also been used successfully to crosslink the
polythene.

Impregnated Paper

A suitable layer of the paper is lapped on the conductor depending upon the operating voltage.
It is then dried by the combined application of heat and vacuum. This is carried out in a
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hermetically sealed steam heated chamber. The temperature is 120°–130°C before vacuum is
created. After the cable is dried an insulating compound having the same temperature as that
of the chamber is forced into the chamber. All the pores of the paper cable are completely filled
with this compound. After impregnation the cable is allowed to cool under the compound so
that the void formation due to compound shrinkage is minimized. After this metal sheath is
applied.

In case of pre-impregnated type the papers are dried and impregnated before they are
applied on the conductor.

The compound used in case of impregnated paper is a semifluid and when the cables are
laid on gradients the fluid tends to move from higher to lower gradient. This reduces the
compound content at higher gradients and may result in void formation at higher gradients.
This is very serious for cables operating at voltages higher than 3.3 kV. In many cases the
failures of the cables have been due to the void formation at the higher levels or due to the
bursting of the sheath at the lower levels because of the excessive internal pressure of the
head of compound.

Protective Coverings

A cotton braid is applied over the insulated conductor and is then impregnated with a compound,
which is water and weather proof.

The rubber insulated cables are covered with a lead alloy sheath and is used for fixed
installation inside or outside buildings in place of braided and compound finished cable in
conduit.

Cables are protected against mechanical damage by armouring the cables with steel
tapes or galvanized steel wires. A bedding of compounded fibrous material under the armour
is used to provide a cushion between the sheath and the tapes or wires. Since aluminium is
much stronger than lead and can withstand the rigors normally associated with cable
installation, cables with aluminium sheaths are not armoured. Another exceptions for armouring
are the single core cables for a.c. voltages because of the power loss in the armouring. If at all
armouring is necessary, non-magnetic materials should be used. This reduces the losses but
they still remain quite large. Steel tape is the cheapest material for armouring a cable and is
useful for damage against direct blows or abrasion. This is used normally for cables with
conductor diameter more than half an inch. Galvanized steel wires are used for longer length
of the cables and is therefore more suitable for installation where longitudinal stresses are
involved. Lead sheaths are used where cables are subjected to vibrations.

Both lead and aluminium sheaths are prone to corrosive attack which may be caused by
chemical, bacteriological and/or electrolytic action. In case of slight corrosion hazards serving
consisting of one PVC tape, one self-vulcanized rubber tape, one PVC tape and one bituminized
hessian tape may be used. For severe corrosive conditions the serving used is the same as used
for less corrosive actions except that two self-vulcanizing rubber tapes and two bituminized
hessian tapes are required.
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The dielectric material surrounds the conductor and we know that every dielectric material
has certain dielectric strength which, if exceeded, will result in rupture of the dielectric. In
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general the disruptive failure can be prevented by designing the cable such that the maximum
electric stress (which occurs at the surface of the conductor) is below that required for short
time puncture of the dielectric. In case the potential gradient is taken a low value, the overall
size of the cable above 11 kV becomes relatively large. Also, if the gradient is taken large to
reduce the overall size of the cable the dielectric losses increase very much which may result in
thermal breakdown of the cable. So a compromise between the two has to be made and normally
the value of working stress is taken about one-fifth of the breakdown value for design purposes.

Electrostatic Stresses in Single Core Cable

Let r be the radius of the conductor, R the inner radius of the sheath, ε the permittivity  of the
dielectric, λ the charge per unit length, V the potential of the conductor with respect to the
sheath and g the gradient at a distance x from the centre of the

conductor within the dielectric material. g = 
λ
πε2 x

 = E, where E is

the electric field intensity.

Now V = – 
R

r

r

R
E dx

x� �= λ
πε2

 dx

   = 
λ
πε2

ln
R
r

(9.1)

Since g = 
λ
πε2 x

 ,

∴ g = 
V

x
R
r

ln
(9.2)

From the above equation (9.2) for gradient it is clear that the gradient is maximum
when x = r that is it is maximum at the surface of the conductor and its value is given by

gmax = 
V

r
R
r

ln
(9.3)

and the gradient is minimum at the inner radius of the sheath where it is given by

gmin = 
V

R
R
r

ln
(9.4)

In order to keep a fixed overall size of the cable (R) for a particular operating voltage V,
there is a particular value of the radius of the conductor which gives minimum gradient at the
surface of the conductor. The objective here is to find the minimum value of gmax i.e., to maximise.

f(r) = r ln 
R
r

 since V is fixed.

df r
dr

r
r
R

R

r

R
r

( )
. . ln= − +2  = 0

or  ln 
R
r

 = 1

���
�	
���������������
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R

r

Conductor

Dielectric

Sheath

gmax

g gmin

www.EngineeringBooksPdf.com



�����	
���	���� ��&

or      
R
r

 = e (9.5)

From this it is clear that to have minimum value of gradient at the surface of the conductor
the inner radius of the sheath and the conductor radius are related by the equation (9.5). A
plot of the gradient at the surface of the conductor and the ratio r/R is given in Fig. 9.2.

Stable Unstable
g

p

p� Q

Q�

0.365

r +
a

R

r
R

���
�	
�'!��!��# #("!�!() ���# #(�*�%

Here study is made of the stable operation of the cable for particular ratios r/R i.e.,
what ratio of r/R leads to stable operation of the cable and what ratios will lead to unstable
operation. Say the ratio r/R corresponds to the point Q on the curve in Fig. 9.2. Now due to
some manufacturing defects say a thin film of air surrounding the conductor is trapped. Let
the thickness of this film be a units. Since the working dielectric strength of the insulating
material is taken about 40-50 kV/cm to which now air surrounding the conductor is stressed,
which will get ionized, therefore, the effective radius of the conductor will now be (r + a) units
and the ratio will be (r + a)/R. Corresponding to this ratio the operating point now shifts to Q′
i.e., the stress to which the dielectric material is subjected is increased and this may finally
lead to rupture of the material. This situation will arise for all operating points to the right of
the minimum point on the curve in Fig. 9.2.

Let us now take a cable with ratio r/R such that it corresponds to point P on the curve
i.e., left to the minimum point. Say, again due to similar reasons if the radius becomes (r + a)
and the ratio (r + a)/R the operating point shifts to the point P′ where the dielectric material is
subjected to a relatively smaller electric stress than at point P. Therefore it can be seen that
for all ratios r/R less than the minimum 1/e the cable operates satisfactorily. This means for
satisfactory operation of the cable

r
R e

< 1

or
R
r

 > e

Now if this principle is used for the design of cables then we see that there will be large
difference between the stress at the surface of the conductor and the stress at the inner radius
of the sheath, which means the dielectric material will not be fully utilised.
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Example 9.1: Determine the economic overall diameter of a 1-core cable metal sheathed
for a working voltage of 85 kV if the dielectric strength of the insulating material is 65 kV/cm.

Solution: For economic size the ratio of the outer dia to the conductor dia should be e.

∴   V = r gmax ln 
r
r
1  = r gmax ln e = r gmax

where r is the radius of the conductor in cm.

∴ 85 = 65r

or   r = 
85
65

 = 1.3 cm

∴   dia of the conductor = 2 × 1.3 = 2.6 cm

and   dia of the sheath = 2.6e = 7.07 cm. Ans.
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By grading of a cable is meant the distribution of dielectric material such that the difference
between the maximum gradient and the minimum is reduced, thereby a cable of the same size
could be operated at higher voltages or for the same operating voltage a cable of relatively
smaller size could be used.

There are two methods of grading:

1. Capacitance grading where more than one dielectric material is used.

2. Intersheath grading where the same dielectric material is used but potentials at certain
radii are held to certain values by interposing thin metal sheaths.

Capacitance Grading

Let λ be the charge per unit length. If we have one single dielectric
material the gradient at any radius x will be

g = 
λ
πε2 x

where ε is the permittivity of the material. If we could use an infinite
number of materials with varying permittivities given by

ε = 
k
x

the gradient at any radius x now becomes (Fig. 9.4)

g = 
λ

π

λ
π2 2. .

k
x

x k
=  = constant

i.e., for a particular operating voltage the overall size of the cable is minimum. This looks quite
all right but practically it is impossible to have infinite number of dielectric materials with
varying permittivities as given above. Normally two or three materials are used. Let there be
three materials with permittivities ε1, ε2 and ε3 placed at radii r, r1 and r2 respectively (Fig. 9.5).
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r

R

x
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Let the dielectric strength and working stresses of this material be G1, G2, G3 and g1, g2
and g3 respectively. The objective now is to find out the locations of these materials with respect
to the conductor of the cable. We can’t keep any material anywhere we like. There must be
some criterion, otherwise the results of grading may be offset. There are two possibilities:

(i) The factor of safety for all the materials be same, thereby the working stress of the
various materials different.

(ii) The same working stress for different materials.

(i) The gradient at the surface of the conductor will be

λ
πε2 1

1

r
G
f

=

where f is the factor of safety.

The gradient at radius r1 = 
λ

πε2 2 1

2

r
G
f

=

The gradient at radius r2 = 
λ

πε2 3 2

3

r
G
f

=

From these three relations,

      λ = 2πε1r 
G
f

r
G
f

r
G
f

1
2 1

2
3 2

32 2= =πε πε

or ε1rG1 = ε2r1G2 = ε3r2G3

Since r < r1 < r2, ε1G1 > ε2G2 > ε3G3 (9.6)

This means the material with highest product of dielectric strength and permittivity
should be placed nearest to the conductor and the other layers should be in the descending
order of the product of dielectric strength and permittivity. So this is one arrangement of the
dielectric materials.

(ii) The second alternative as is said earlier is when all the materials are subjected to
the same maximum stress.

With this arrangement,

gmax = 
λ

πε
λ

πε
λ

πε2 2 21 2 1 3 2r r r
= =
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or ε1r = ε2r1 = ε3r2

Again since r < r1 < r2,

ε1 > ε2 > ε3 (9.7)

The dielectric material with highest permittivity
should be placed nearest the conductor and other layers will
be in the descending order of their permittivities.

The distribution of voltage using capacitance grading
(same stress) is shown in Fig. 9.6.

Total operating voltage (hatched area) of the cable if
gmax is the working stress,

V = gmax r ln 
r
r

g1 + max  r1 ln 
r
r

g2

1
+ max  r2 ln 

R
r2

   = g r
r
r

r
r
r

r
R
rmax ln ln ln1

1
2

1
2

2
+ +

�

�
�

�

�
�  volts (9.8)

Intersheath Grading

An auxiliary transformer is used to maintain the metal sheath and the power conductor at
certain potentials; thereby the stress distribution is forced to be different from the one which
it would be without the intersheaths. The objective now here is to show that the gradient with
intersheath will be smaller than the gradient without intersheath for the same overall radius
and the operating voltage. Since a homogeneous material is being used the maximum value of
the stress at various intersheaths is same.

r r1 r2 R

V

V2

V1

0

Metal
sheaths

�

�

�

���
�	
� � ����1�!�1"�!-� "%

Let the thickness of the materials be such that

    
r
r

r
r

R
r

1 2

1 2
= =  = α

With this arrangement, the gradient at the surface of the conductor

gmax = 
V V

r
r
r

− 2

1ln
(9.9)
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x

g

r r1 r2 R
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Similarly gradients at radii r1 and r2 respectively are

V V

r
r
r

V

r
R
r

2 1

1
2

1

1

2
2

−

ln ln
and

Since gmax are same at the various radii,

V V

r
r
r

V V

r
r
r

V

r
R
r

−
=

−
−2

1

2 1

1
2

1

1

2
2

ln ln ln
=

or
V V
r

V V
r

V
r

−
=

−2 2 1

1

1

2ln ln lnα α α
=

or V V
r

V V
r

V
r

−
=

−2 2 1

1

1

2
= (9.10)

We want to compare the gradients under the two conditions; therefore, we must express
them in terms of V, r and α. To find the gradient with intersheath we express V1 in terms of V2
and then V2 in terms of V.

To determine V1 in terms of V2, from equation (9.10) we have

     
V V

r
V
r

2 1

1

1

2

−
=

V
r

V
r r

V
r r

r r
2

1
1

1 2
1

1 2

1 2

1 1= +
�

�
�

�

�
� =

+�

�
�

�

�
�

or V2 = V1 1 1
11

2
1+

�

�
�

�

�
� = +�

��
�
��

r
r

V
α

∴ V1 = V2 
α

α1 +
�

�
�

�

�
� (9.11)

To express V2 in terms of V from equation (9.10) we have

V V
r

V V
r

−
=

−2 2 1

1

or  V – V2 = 
V V2 1−

α

or  V – V2 = 
V

V2
2

1
1α α

α
α

−
+

�

�
�

�

�
�.  = 

V V V2 2 2
21α α α α

−
+

=
+

or   V = V2 + 
V

V2
2 2

21
1α α
α α

α α+
=

+ +
+

�

�
�

�

�
�( )

or        V2 = V . 
α α

α α
( )1

1 2

+
+ +

(9.12)
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Now substituting for V2 in equation (9.9) for gradient, we have

     gmax = 
V V
r

V V

r
−

=
− +

+ +2

2

21
ln

( )
( )

lnα

α α
α α
α

= 
V

r ln
.

α α α
1

1 2+ +
(9.13)

Now the gradient at the surface of the conductor without intersheath

g = 
V

r R r
V

rln / ln
=

3 α
(9.14)

Therefore,       
g

g
max =

+ +
3

1 2α α
(9.15)

From the geometry of the cable α > 1, therefore, the gradient with intersheath is lower
than without intersheath for the same overall size and operating voltage of the cable. This is
what we intended to prove. This means that a cable of a particular size can be operated for
higher voltages or for a particular voltage the size of the cable can be reduced. The voltage of
the cable with this intersheath arrangement is given by

 V = gmax  r
r
r

r
r
r

r
R
r

ln ln ln1
1

2

1
2

2
+ +

�

�
�

�

�
�

= gmax ln α [r + r1 + r2] (9.16)

There can be other arrangements of intersheaths as well e.g., the insulating material
thickness between successive intersheaths is constant, i.e.,

 r1 = r + d, r2 = r + 2d and R = r + 3d

The grading theory is more of theoretical interest than practical for the following reasons.
Capacitance grading is difficult of non-availability of materials with widely varying
permittivities and secondly with time the permittivities of the materials may change as a
result this may completely change the potential gradient distribution and may even lead to
complete rupture of the cable dielectric material at normal working voltage.

In case of intersheath, there is possibility of damage of intersheath during laying
operation and secondly since charging current flows through the intersheath which in case of
a long cable may result in overheating.

For these reasons the modern practice is to avoid grading in favour of oil and gas filled
cables.

Example 9.2: A single core lead covered cable is to be designed for 66 kV to earth. Its
conductor radius is 0.5 cm and its three insulating materials A, B and C have relative
permittivities of 4, 2.5 and 4.0 with maximum permissible stresses of 50, 30 and 40 kV/cm
respectively. Determine the minimum internal diameter of the lead sheath. Discuss the
arrangement of the insulating materials.

Solution: In order to have minimum internal diameter of the lead sheath and consistency
in the electric stresses, it is desired that the material to be placed near the surface of the
conductor should be one which has maximum of the product of electric stress and the permittivity
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r = 0.5

r1

r2

R

�1 = 4

�2 = 4

�3 = 2.5

i.e., in this case the material A has the product 4 × 50 = 200 as
the maximum and will be placed near the surface of the conductor
and material C what has the product 4 × 40 = 160 will be placed
next and then materials B.

Here r = 0.5 cm

Let q be the charge per unit length of the cable. Then

g1 max = 
q

r2 0 1πε ε

g2 max = 
q

r2 0 2 1πε ε

g3 max = 
q

r2 0 3 2πε ε
From these equations

 q = 2πε0ε1rg1 max = 2πε0ε2r1g2 max = 2πε0ε3r2g3 max

or     ε1rg1 max = ε2r1g2 max = ε3r2g3 max

or
r
r

g

g
1 1 1

2 2
=

ε
ε

max

max

or r1 = 
200
160

0 5
2 5
4

× =.
.

 = 0.625 cms

Similarly, r
r

g
g

2

1

2 2

3 3

4 40
2 5 30

= =
×
×

ε
ε

max

max .

or r2 = 0.625 × 
160
75

 = 1.33 cms

Now V = 66 = rg1 max ln 
r
r

r g
r
r

r g
R
r

1
1 2

2

1
2 3

2
+ +max maxln ln

    = 0.5 × 50 ln 0 625
0 5
.
.

 + 0.625 × 40 ln 133
0 625

.
.

 + 1.33 × 30 ln 
R

133.

or  66 = 25 ln 0 625
0 5

25
133

0 625
39 9

133
.

.
ln

.
.

. ln
.

+ + R

    = 5.578 + 18.88 + 39.9 ln R
133.

        39.9 ln 
R

133.
 = 41.54

   ln 
R

133.
 = 1.0411635

or         
R

133.
 = 2.83251

or D = 7.53 cms. Ans.
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r = 0.5

R = 3.5

� = 5

r = 11

Air

Metal
sheath

Example 9.3: A conductor of 1 cm dia passes
centrally through a porcelain cylinder of internal dia 2 cms
and external dia 7 cms. The cylinder is surrounded by a
tightly fitting metal sheath. The permittivity of porcelain
is 5 and the peak voltage gradient in air must not exceed
34 kV/cm. Determine the maximum safe working voltage.

Solution: The configuration is given below:

Let q be the charge per unit length of the conductor.

   g1 max = 
q

r2 0πε

Also    g2 max = 
q

rr2 0 1πε ε
∴  rg1 max = g2max εrr1

or   g2 max = 
rg

rr

1

1

0 5 34
5 1

max .
ε

=
×
×

 = 3.4 kV/cm

         V = rg1max ln 
r
r

r g
R
r

1
1 2

1
+ max ln

= 0.5 × 34 ln 1
0 5

1 3 4
3 5
1.

. ln
.+ ×

= 11.7835 + 4.2594

= 16.04 kV peak

∴  V = 11.34 kV r.m.s. Ans.

Example 9.4: A 66 kV concentric cable with two inter-sheaths has a core diameter
1.8 cm. Dielectric material 3.5 mm thick constitutes the three zones of insulation. Determine
the maximum stress in each of the three layers if 20 kV is maintained across each of the inner
two.

V

V2

V1
r = 0.9

t = 3.5 mm

t = 3.5 mm

t = 3.5 mm
Inter sheaths
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r
R

Solution: Refer to Fig. E.9.4.

The overall radius of the cable

0.9 + 3 × 0.35 = 0.9 + 1.05 = 1.95 cms.

Let  g1 max be the maximum stress on the surface of the conductor,

g2 max the maximum stress on the first intersheath,

g3 max the maximum stress on the second intersheath.

V1 – V2 = g2 max r1 ln 
r
r
2

1
 = 0.3085 g2 max = 20

 V – V1 = g1 max r ln 
r
r

g1
1 0 9

125
0 9

= ×max . ln
.
.

 = 0.2956 g1 max

       V2 = g3 max r2 ln 
r
r
3

2
 = 0.3165 g3 max

Now  V – V1 = 20 kV = 0.2956 g1 max

∴   g1 max = 
20

0 2956.
 = 67.6 kV/cm

Also,      V1 – V2 = 20 kV = 0.3085 g2 max

∴    g2 max = 
20

0 3085.
 = 64.83 kV/cm

and        V2 = 66 – 40 = 26 kV = 0.3165 g3 max

∴    g3 max = 82 kV/cm. Ans.
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The usual load current flows through the core of the cable
whereas leakage current i.e., the current which is not useful
flows radially i.e., from the conductor to the sheath through the
dielectric material (Fig. 9.8). The flow of leakage current is shown
by dotted lines. The resistance of any material is given by

R = ρ
l
A

where ρ is the specific resistance of the material, l the length of
the current path and A is the cross section normal to the flow of
current. In case of a cable since the area of section increases as
we go from the core to the sheath we first write an expression
for the insulation resistance of an annular cylinder with radii x
and (x + dx) units as measured from the centre of the core.

dR = ρ
π
ax
x2 1.

Here unit in the denominator represents the unit length of the cable i.e., dR represents
the differential leakage resistance for unit length of the cable.
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r

dx

R

x

R = 
ρ
π2 r

R dx
x�

   = 
ρ
π2

ln
R
r

 ohms/metre length (9.17)

In case the length of the cable is l unit the leakage resistance

R = 
ρ
π2 l

R
r

ln  ohms

It is to be noted that whereas the resistance of the core of the cable is directly proportional
to the length of the cable, the leakage resistance is inversely proportional to the length of the
cable.
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A single core cable is in effect an electrostatic capacitor because it
has two electrodes, the core of the cable and the sheath separated by
a dielectric material (Fig. 9.9). Let λ be the charge per unit length.
By definition capacitance is the ratio of the charge on one of the
electrodes to the potential difference between the electrodes.

From equation (9.1),

 Voltage V = 
λ
πε2

ln
R
r

∴
λ πε
V

C
R r

= = 2
ln /

 F/metre (9.18)

It is to be noted here that the capacitance of a cable is much more important than that
of an overhead line because of the nearness of the conductors to one another and to the earthed
sheath. Also the permittivity of the dielectric material is higher than that of air.

Capacitance of a 3-Core Cable
If we could assume that the dielectric is uniform between the core and the sheath, it is possible
to calculate the capacitance of a 3-core cable. But normally it is not so and, therefore, it is
desirable to find the capacitance by measurements. In a 3-core cable, sheath is at earth potential
and the three conductors at supply potentials. There are six capacitances formed between
these systems. Three capacitances are between the sheath and the conductors and the other
three capacitances between the conductors (Fig. 9.10).

C1

C2
C2

C2C1 C1

3 C2 3 C2

3 C2
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Let C1 be the capacitance between sheath and the conductor and C2 the capacitance
between each conductor. It is desirable to connect this system of capacitors into an equivalent
star connection. The equivalent star of a delta connection (capacitance between conductors)
will be as shown in Fig. 9.11.

Since the star point is at sheath potential and the other terminals correspond to the
conductors of the cable, the whole system of capacitors can be reduced to the following star
system of capacitors (Fig. 9.12 (a) and (b)).

3 C2

3 C2

3 C2

C1

C1

C1 C + 3C = C1 2 0

C + 3C1 2

C + 3C1 2

(a) (b)

���
�	
��7�8! -7�8�6)�5!�� ��!,!���! ��#(!�4�#���!$��%

There are two unknowns C1 and C2 to find out the capacitance per phase of the cable.
We need to make two measurements: (i) bunch the three cores and measure the capacitance
between the bunched conductors and the sheath. Let this be Cx given by Cx = 3C1 as shown in
Fig. 9.13 (a); and (ii) connect any two cores to the sheath and measure the capacitance between
the remaining conductor and the sheath. Let this be Cy given by Fig. 9.13(b). The equivalent
circuit will be Cy = C1 + 2C2. From these two measurements,

C1 = 
Cx

3

and C2 = 
1
2

 (Cy –  C1)

     = 
1
2 3

C
C

y
x−�

��
�
��

C1

C2C2

C2
C1 C1

Cx
C1

C2C2

C2
C1 C1

Cy

Cy
C1

C2 C2
C1 C2 C2 Cy

(a) (b) (c) (d)
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3.04
F�

Since the capacitance per phase as from Fig. 9.12 (b) is given by

 C0 = C1 + 3C2

= 
C

C
Cx

y
x

3
3
2 3

+ −�
	


�
�

= 
C

C
Cx

y
x

3
3
2 2

+ −

= 
3
2 6

C
C

y
x− (9.19)

In case the test figures are not available, the following empirical formula due to Simon
gives an approximate value of capacitance for circular conductors

C0 = 
0 0299

1 3 84 170 0 52
2

2

.

ln . . .

εr

T t
d

t
T

t
T

+ + − +
�
�
�

�
�
�

�

�
�
�

�

�
�
�

 µF/km (9.20)

where εr = relative permittivity of the dielectric,

d = conductor diameter,

t = belt insulation thickness, and

T = conductor insulation thickness.

all in the same units. The main uncertainty in this formula is that of the value of εr. An average
value of 3.5 may be taken for calculation.

Example 9.5: The capacitance of a 3-core lead sheathed cable measured between any
two of the conductors with sheath earthed is 0.19 µF per km. Determine the equivalent star
connected capacity and the kVA required to keep 16 kms of the cable charged when connected
to 20 kV, 50 Hz supply.

Solution: The equivalent circuit is shown in Fig. E. 9.5.

Since the capacitance measured is 3.04 µF between the
conductors, the capacitance per phase will be

 2 × 3.04 = 6.08 µF

3-phase MVA required

= V 2ωC = 202 × 314 × 6.08 × 10–6

= 0.763 MVA or 763 kVA. Ans.

Example 9.6: A 3-phase, 3-core, metal sheathed cable gave the following results on test
for capacitance:

(i) Capacitance between two conductors bunched with the sheath and the third conductor
0.4 µF per km.

(ii) Capacitance between bunched conductors and sheath 0.625 µF/km.

Determine the capacitance (a) between any two conductors, and (b) between any two
bunched conductors and the third conductor if the sheath is insulated. (c) Also calculate the
charging current per phase per km. when it is connected to 10 kV, 50 Hz supply.

���
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Solution: From Figs. 9.13 (a) and 9.13 (b),

Cx = 3C1 = 0.625

and Cy = C1 + 2C2 = 0.4

and from equation (9.19),

C0 = 
3
2 6

3
2

0 4
0 625

6
C

C
y

x− = −.
.

 = 0.496 µF/km

∴ capacitance between any two conductors = 0.248 µF/km. Ans.

(ii) From the measurement

C1 = 0.208 µF/km

and C2 = 0.096 µF/km

The equivalent circuit for measuring capacitance between two
bunched conductors and the third conductor will be as in Fig. E.9.6.

The equivalent capacitance C will be

C = 2C2 + 
2
3

 C1

Substituting the values for C1 and C2, the capacitor

C = 0.33 µF/km. Ans.

(iii) The charging current per phase per km will be

V
C

3
10

10

3
0

3ω × =amps  × 314 × 0.496 × 10–6 × 103

       = 0.899 A. Ans.
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The temperature rise of a body depends upon the rate of generation and dissipation of heat by
the body. If the rate of generation is greater than the rate of dissipation, the temperature goes
on rising and vice versa.

In case of an underground cable the sources of heat generation are

(i) core loss, i.e., copper loss in the core of the cable,

(ii) the dielectric loss, and

(iii) sheath losses,

and the heat is dissipated through the dielectric to the ground and finally to the atmosphere.

Core Loss: In order to find out the core loss the value of the resistance of the cable is
calculated as follows:

(i) Knowing the resistance of the conductor at ambient temperature, 20°C, the resist-
ance is calculated assuming an operating temperature of 65°C.

R65 = R20 (1 + αt)

���
�
	
�

C2

C1 C1

C1

C2 C
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where α is the temperature coefficient of the conductor material and t is the difference in
temperature which, in this case, is

t = 65°C – 20°C = 45°C

(ii) Since the effective area of section of the cable is smaller than the actual physical
section, the effective resistance of the cable is larger. A factor of 1.02 is multiplied to get the
resitance.

(iii) The length of the outermost strand is greater than the central strand. The effect of
stranding on the resistance is obtained by multiplying the resistance as calculated according
to the length of the central strand by a factor of 1.02.

Having calculated thus the resistance of the cable the core loss is calculated as I2R
where I is the current carried by the cable.

Dielectric Loss. The cable is a sort of capacitor with the core and the sheath forming
the two plates of the condenser separated by dielectric material. The equivalent circuit for this
system is represented by a parallel combination of leakage resistance R and a capacitance C.
The equivalent circuit with its phasor diagram is given in Fig. 9.14. The loss in the dielectric is
due to the loss in the equivalent leakage resistance.

P = 
V
R

2

From phasor diagram,       V R
V C

/
tan

ω
δ=

or    
V
R

 = VωC tan δ

∴ P = V2ωC tan δ
where δ is the dielectric loss angle and ω is the power supply frequency. Since δ is normally
very small,

tan δ = δ
∴      P = V2ωCδ watts, where δ is in radians (9.21)

I

IC

IR

R C

I

V

IC I

VV/R

V C�
�

�

���
�	
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From the phasor diagram, the power factor angle of the dielectric is given by

φ = 90 – δ
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co
s

�

Electric stress

0 20 40 60 80

p.f 1

2

Temperature (degree)

∴       cos φ = cos (90 – δ) = sin δ
The power factor of a dielectric is a function of the temperature of the dielectric and also

depends upon the voltage stress to which the dielectric is stressed.

Variation of Dielectric Power Factor with Temperature

The variation of dielectric power factor with temperature
of a cable operating at normal voltage is given in Fig. 9.15.
The variation roughly follows a V shape, it decreases with
increase in temperature to a minimum value and rises again
with increase of temperature. The minimum point lies
somewhere between 30°C and 60°C depending upon the
type of impregnating compound.

It is said earlier that the operating temperature of a
paper insulated cable is about 65°C which is to the right of
the minimum point on the V curve. Around the operating
temperature, if the temperature is further increased due
to overloads or other reasons, this will increase the dielectric
losses further giving a larger heat generation. The rise in
temperature will also increase the temperature gradient
between the cable and the atmosphere which will result in greater heat dissipation. If the rate
of heat dissipation is less as compared with the heat generation, the temperature will continue
to increase until the dielectric overheats and fails electrically. This is known as thermal
instability.

Fortunately, action taken to reduce loss angle generally flattens the loss angle/
temperature curve as in curve 2 of Fig. 9.15 and reduces the tendency towards thermal
instability.

Variation of Dielectric Power Factor with Voltage

In case of solid type of cables when the stresses are high, dielectric loss does not vary directly
as square of the voltage; rather the losses are more due to the ionization (corona loss) at weak
points in the insulation. As a result there is increase of dielectric power factor. The weak
points may be in the form of moisture in the insulation or more generally the presence of void
formation. A void is a space which may be between the core papers and the conductor or
sheath, or may lie as, more or less, flat films between one layer
of paper and another. This space instead of being filled with
compound contains air or some other gases at low pressures.
Since the dielectric strength of air is smaller than the normal
working stress of the dielectric, such a space is liable to ionization.

Figure 9.16 shows the variation of dielectric power factor
as a function of electric stress. Since the electric stress near the
surface of the conductor is maximum, the voids near the surface
are the first to break down and the ionization then spreads
progressively through the whole insulation; the voids near the
sheath are the last to breakdown.
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Sheath Losses. When single core cables are used for a.c. transmission, the current
flowing through the core of the cable gives rise to a pulsating magnetic field which when links
with the sheath, induces voltage in it. This induced voltage sets up currents under certain
conditions in the sheaths and this results in sheath losses. Since the sheath currents are
proportional to the cable core currents, the sheath losses are also proportional to the conductor
losses. If λ is the ratio of sheath loss to the conductor loss, the equivalent a.c. resistance of the
cable will be Req = R(1 + λ) where R is the resistance of the core of the cable.

According to Cramp and Calder Wood the sheath currents can be divided into two kinds:

1. Sheath eddy currents; these are the currents which flow entirely in the sheath of the
same cable.

2. Sheath circuit currents which flow from the sheath of one cable to the sheath of
another cable.

+
+

+
+

+

+
+

+

+

+

+

+

+

r

rm

d

fsh

Sheath

Conductor
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The first type of currents will flow through the sheath when the sheaths of the two
cables are not connected at both ends or when they are connected only at one end because the
currents do not find a closed path through the sheaths of the two cables, whereas the second
type of currents flow when the sheaths of both the cables are electrically connected at both the
ends. This is known as bonding of the cables.

We first of all derive an expression for the voltage induced in the sheath of individual
cable in a two cable system. Now the voltage induced in the sheath due to a current I in the
core of the cable will be

V = ωMI

where M is the mutual inductance between the core of the cable and the sheath. Mutual
inductance M between the sheath and the core by definition is the flux linkages that link both
the  core and the sheath due to the current I in the core of the cable, per ampere of the current
carried by the core. The flux due to I in one conductor extends upto the centre of the other
conductor and the flux lines that enclose both the core and sheath of the same cable extend
from the centre of the other cable to the mean radius of the sheath of the cable (Fig. 9.17). Any
flux line between r and rm encloses only the conductor and not the sheath.
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Zeq

R L – M Rs

M

M = 2 × 10–7 ln 
d
rm

 H/metre (9.22)

∴ Vs = ωMI = 2ωI
d
rm

ln
�

��
�

��
 × 10–7 volts/metre (9.23)

If the sheaths are bonded at one end, the voltage between the two sheaths at the far end
will be

 2Vs = 2ωMI = 4 × 10–7 wI ln 
d
rm

 volts/metre (9.24)

In case of a short circuit, the currents I are of large magnitude which may result in high
voltages between the sheaths and in case the sheaths are not bonded, these high voltages may
result in sparking between the sheaths and then pitting the surface of the sheaths of the
cables.

Arnold has suggested an approximate formula that gives the sheath losses due to sheath
eddy currents.

Sheath eddy current loss = I 2 
3

10
2 2

18ω
R

r
ds

m�
��
�
��

×
�
�
	


	

�
�
	

	
−  watts/cm/phase (9.25)

where I = current per conductor in amps,

rm = mean radius of sheath,

d = spacing between conductors, and

Rs = sheath resistance.

These losses are usually negligible as they form only about 2% of the core losses.

Sheath Circuit Currents

Because of the high voltages induced between the
sheaths when they are unbonded during short circuit
conditions, it is usually considered good practice to
bond the sheaths at both the ends.

Each cable of a single phase transmission line
can be considered as an air core transformer with loose
magnetic coupling and ratio as 1/1. The core of the
cable acts as the primary and the sheath as the
secondary of the transformer. The equivalent circuit
is given in Fig. 9.18.

Here R is the resistance of the core of the cable, (L – M) the leakage inductance of the
core, M the mutual inductance between the core and the sheath and Rs is the sheath resistance.
The expression for self and mutual inductance in terms of the geometry of the cable is given by
(Fig. 9.17)

L = 2 × 10–7 ln d
r

 H/metre
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M = 2 × 10–7 ln d
rm

 H/metre

∴    L – M = 2 × 10–7 ln 
r
r
m  H/metre (9.26)

Since the leakage flux (the flux that does not link the core) due to the current in the
sheath is zero, therefore, the leakage inductance on the secondary side is not shown. The
secondary side is shorted through the dotted line to represent bonding of the cable sheaths
(secondary of the equivalent air core transformer).

The equivalent impedance Zeq as seen through the primary,

 Zeq = R + jω(L – M) + 
R j M

R j M
s

s

ω
ω+

Zeq = R + jω(L – M) + 
jR M R j M

R M
s s

s

ω ω
ω

( )−
+2 2 2

= R + 
ω

ω
ω ω

ω

2 2

2 2 2

2

2 2 2 1
M R

R M
j L j M

R
R M

s

s

s

s+
+ +

+
−

�
�
	


	

�
�
	

	

= R + 
ω

ω
ω ω

ω

2 2

2 2 2

2 2

2 2 2

M R
R M

j L M
M

R M
s

s s+
+ −

+

�
�
	


	

�
�
	

	
(9.27)

∴  Req = R + 
ω

ω

2 2

2 2 2
M R

R M
s

s +
(9.28)

and Leq = L – M ω
ω

2 2

2 2 2
M

R Ms +
(9.29)

It is seen that by bonding the cable at both the ends the equivalent resistance of the
system is increased whereas the inductance is reduced.

The sheath losses are given by I 2 
ω

ω

2 2

2 2 2
M R

R M
s

s +
.

In order to reduce the sheath losses and thereby if it is required to increase the current
carrying capacity of a cable, sheaths of the three single core cables in a 3-phase system are
cross bonded as shown in Fig. 9.19.

Va Va Va

Vb Vb Vb

Vc Vc Vc

���������
�����
�����
���'�'
�(���� 

www.EngineeringBooksPdf.com



��������	
������ �)

5.
08

cm

2.28 cm
0.152 cm

Since the three voltages are 120° apart and the cable sheaths are cross bonded as shown
above the net voltage will be zero in case the cables are placed at the vertices of an equilateral
triangle. Due to the asymmetry of the cable arrangement, the three voltages in series will not
be quite balanced and some voltage will appear which, no doubt relatively small in magnitude,
drives appreciable current and hence results in sheath losses.

In order to completely eliminate the sheath losses, a successful method is to transpose
the cables as in case of overhead lines along with cross bonding (Fig. 9.20).

Va Vc Vb

Vb Va Vc

Vc Vb Va

Vc Vb

Va

�������	
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The voltage in the sheaths are now balanced and thereby there is no residual voltage
which could circulate sheath currents and therefore they are absent.

Example 9.7: Three single core lead sheathed cables
carry three-phase current of 400 A. The nominal conductor
area of the cores is 1.25 sq. cm, the sheath thickness is 0.152
cm and the diameter over the sheath is 2.28 cms. They are
supported in equilateral formation with a distance between
cable centres of 5.08 cms. Calculate the induced e.m.f. in each
sheath when the cable is 2 km long and supply is 50 Hz.

Solution: From the figure, the mean radius of the
sheath

= 
2 28

2
0 152

2
2 28 0 152

2
. . . .− = −

= 1.06 cm.

∴ The mutual inductance = 2 × 10–7 ln d
rm

 H/metre

= 2 × 10–7 ln 5 08
106
.
.

= 3.134 × 10–7 H/metre

∴ For 2 km length it will be = 2 × 103 × 3.134 × 10–7 H

= 6.268 × 10–4 H

∴ Voltage induced ωIM = 314 × 6.268 × 10–4 × 400 volts

= 78.72 volts. Ans.

����������
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Example 9.8: If the lead sheath resistance in the previous problem is 2.14 ohm per km
and that of the conductor is 0.1625 ohm/km, determine the ratio of sheath loss to core loss of
the cable.

Solution: The ratio of

     
Sheath loss

Core loss
=

+
R M

R R M
s

s

2 2

2 2 2
ω

ω( )

= 
2 2 14 314 6 268 10

2 0 1625 2 2 14 314 6 268 10

2 2 8

2 2 2 8

× × × ×
× × + × ×

−

−
. .

. (( . ) . )
= 0.0277. Ans.
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The capital investment on underground transmission for some countries is in terms of hundreds
of millions of rupees. It is, therefore, of great importance to determine the optimum current
carrying capacity of the cables. The following factors decide the safe continuous current in a
cable:

1. The maximum permissible temperature at which the insulation surrounding the
conductor can be operated.

2. The method of heat dissipation through the cable.

3. The installation conditions and the ambient conditions.

As is said earlier that the temperature of a cable rises when the heat generated is greater
than the heat dissipated. The allowable temperature values are:

VIR and PVC insulated cables 60°C

Impregnated paper insulated cables:

1. Oil filled and gas-pressure cables 85°C

2. 33 kV solid type cables, armoured 65°C

3. 22 kV screened cables, armoured 65°C

4. 11 kV belted cables, armoured 65°C

Heat dissipates through the insulation, metal sheath cable bedding and servings and
finally into the surrounding earth or air. The heat flow due to a three-single-core cable laid
direct into the ground is shown in Fig. 9.21.

Similarly, the mechanism of heat-flow in a 3-phase belted type cable is shown in Fig. 9.22.

It is seen that the heat flow in a cable is similar to the leakage current flow i.e. both of
them flow radially out from the core of the cable through the dielectric material, the sheath,
bedding and serving and finally to the ground.

In an electric circuit, current is given by Ohm’s law

I = 
V
R

= Potential difference in volts
Resistance in ohms
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Similarly heat flow H is given by

H = 
Temperature difference in C

Thermal resistance in thermal ohms
°

(9.30)

One thermal ohm is defined as the difference in degrees °C between opposite faces of a
1 cm cube produced by the flow of 1 watt of heat and is, therefore, expressed in °C/watt/cm

Thermal resistance = g l
A

where g = thermal resistivity of the material,

 l = length of the heat flow path, and

A = section through which heat flows.

The equivalent circuit for heat flow of a 3-phase cable is shown in Fig. 9.23. The three
cores form one pole as they have the same temperature and the earth’s surface, which is again
an isothermal surface, forms another pole so that the total temperature difference is the
difference between the conductor and the ambient temperatures. From the conductors the
heat passes through the individual dielectric materials which will form three parallel paths
S1, S2, S3, where S1, S2, S3 represent the thermal resistances of the dielectric materials. From
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r

dx

x R

this heat flows through the thermal resistance S4 of bedding, S5 of servings and finally G of the
earth to the ambient temperature. Here the metal parts like the metal sheath and armouring
have negligible thermal resistance and they are taken as sources of heat.

S4

S1

S2

S3

Dielectric

Lead sheath

S5 G

Bedding Serving Ground

Cable surface

Conductor ambient temp. drop
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From this it is clear that for determination of current carrying capacity of a cable, we
must know the thermal resistances of the various components.

Thermal Resistance of a Single Core Cable

Here we derive an expression for the thermal resistance of the
dielectric material of a single core cable (Fig. 9.24). Let r be the
radius of the conductor and R the inner radius of the sheath.
Since the heat flow is radial, the thermal resistance of an annulus
of thickness dx and length l metre at a distance x from the centre
of the conductor

dS = g . 
dx
x l2π .

where g is the thermal resistivity of the dielectric,

  S = 
g dx

x
g R

rr2 2π π

R

� = ln  thermal
ohms/m (9.31)

The usual values for g are
Oil filled cable: 4.5 thermal ohm/m
Impregnated pressure cable: 5.5 thermal ohm/m.

Thermal Resistance of a 3-Core Cable
Because of the non-uniformity of the dielectric material it is difficult to derive an expression
for the thermal resistance of a 3-core cable. Simon has suggested an empirical relation based
on the experimental work which gives fairly accurate results.

S = 
g t

T
t

T
T t

r6
0 85

0 2
4 15

11
1

π
.

.
ln .

.
+�

��
�
��

−�
��

�
��

+�
��

�
��

+
�

�
�

�

�
� (9.32)

where T = thickness of conductor insulation,
 t = thickness of belt insulation, and
r = conductor radius.
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One more empirical relation is also available which gives the results accurate within 10
per cent.

S = 
g R a

R a r6 3

6 6

3 2π
ln

−
 thermal ohms/m (9.33)

where a is the radius of the circle at which the centres of the conductor cross sections ‘lie’ and
‘R’ is the outer dielectric radius.

Thermal Resistance of the Ground

The thermal resistivity of the soil is highly dependent on moisture content. The presence of
trees overhanging the cable route will decrease the normal moisture content for the particular
type of soil. Assuming the ground to be an isothermal plane and that the ground is homogeneous
the thermal resistance of the ground is given by

G = 
g h

R2
2

π
ln  thermal ohms/m (9.34)

where g is the thermal resistivity of the ground, h the depth of cable axis below ground, R
radius over the lead sheath. In practice it is found that the value of g determined in the laboratory
must be multiplied by a correction factor of 2/3 in order to obtain the actual value. Therefore,
the amended formula is

G = 
g h

R3
2

ln  thermal ohms/m (9.35)

Calculation of Current Rating

Having known the thermal resistance of the various components it is now possible to calculate
the current rating of the cable under steady state conditions, i.e., when the current load is
continuous or loading which keeps steady state thermal conditions. Neglecting the dielectric
losses, let θm be the maximum permissible temperature of the core of the cable, θs the sheath
temperature and θa the ambient temperature. The heat generated in the core of the cable will
pass through the dielectric medium whereas through the bedding, serving and the ground the
heat flow is sum of the heat generated in the core and the sheath. With these observations, the
following relations hold good

nI2R = 
θ θm s

S
−

1
(9.36)

where θs is sheath temperature, n the number of cores, R the resistance of each core and I is
the current in each core, an expression for which is required here. S1 is the thermal resistance
of the dielectric. In case the ratio of sheath loss to core is λ, the heat flowing through bedding,
serving and the ground will be (1 + λ) nI2R and the following relation will hold good;

 (1 + λ) nI2R = 
θ θs a

S S G
−

+ +4 5
(9.37)

Since normally θs is not known, eliminating θs from the two equations (9.36) and (9.37),

θm – θs = nI2RS1

 θs – θa = (1 + λ) nI2R {S4 + S5 + G}
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Adding the two equations (9.36) and (9.37),

    θm – θa = nI2R {S1 + (1 + λ)(S4 + S5 + G)}

∴ I = 
θ θ

λ
m a

nR S S S G
−

+ + + +{ ( ) ( )}1 4 51
.

��� ���������������������������������������

Electric energy can be transmitted from one place to another through either the overhead
lines or the underground cables. The inductance is more predominant in case of overhead lines
whereas capacitance is in case of underground cables.

1. The large charging current on very high voltage cables limits the use of cable for long
length transmission. Where a long distance transmission is required, overhead transmission
lines are used.

2. The conductor in the overhead line is less expensive than the underground cable. The
size of the conductor for the same power transmission is smaller in case of overhead lines than
the cables because of the better heat dissipation in overhead lines.

3. The insulation cost is more in case of cables than the overhead lines. Overhead lines
use bare conductors supported on steel towers insulated from the towers through the porcelain
insulators. There is sufficient spacing between the conductor depending upon the operating
voltage; the air between the conductors provides insulation. The insulation in underground
cables is provided by various wrappings of high grade paper tapes. A metal sheath is applied
over the insulation to prevent moisture from entering the insulation. Oil or inert gas is
introduced to fill the voids. Storage vessels containing a reservoir of the oil or gas are installed
at intervals along the route of the cable to take up the expansion and contraction of the oil or
gas in the cable. Thus for high voltage underground transmission, the insulation problem is
quite complicated and expensive.

4. The erection cost of an overhead line is much less than the underground cable.

There are certain situations where underground cables are used notwithstanding the
cost. They are:

(i) Underground cables give greater safety to the public, less interference with amenities
and better outlook to the city.

(ii) For power station and substation, connections or a link in overhead lines.

(iii) For submarine crossings.

��� ��������������

Cables are classified depending upon the material used for insulation such as paper, rubber or
asbestos. Paper tapes of about 10 cms to 15 cms thickness can be wound on to a conductor in
successive layers to achieve a required operating voltage and is used for voltages of 10 kV and
above. In the mass-impregnation construction the paper is lapped on in its natural state and is
then thoroughly dried by the combined application of heat and vacuum. It is then impregnated

www.EngineeringBooksPdf.com



��������	
������ �5

A

CB

Sheath

with insulating compound. The cable is heated in a hermetically sealed steam-heated vessel to
a temperature of 120°–130°C before vacuum is applied. The compound to be used for
impregnation is heated to almost 120°C in a separate vessel and is then admitted in the cable
vessel. The compound fills all the pores in the paper and all the spaces in the cable assembly.
After impregnation the cable is allowed to cool down in the compound in order to minimize
void formation due to shrinkage. The metal sheath is then applied.

In case of pre-impregnated construction the papers are dried and impregnated before
application to the conductor and after that there is no drying or impregnation process. The
cables are further subdivided into solid, oil-filled or gas-filled types depending upon how the
paper insulation is impregnated.

For mass impregnated cables when they are laid on a gradient, the compound used for
impregnation tends to migrate from the higher to lower level. Thus voids are formed in the
cable at the higher level and because of higher pressure of oil in the lower level cable, the
compound will try to leak out. For voltages more than 10 kV, it is the void formation which has
been responsible for breakdown.

Three-phase solid paper insulation cables are of two
types: (i) the belted type and, (ii) shielded type. The belted type
consists of three separately insulated conductors with an overall
insulating tape enclosing all the three conductors and finally
the metallic sheath is applied. The major disadvantage of belted
type construction is that the electric stress is not purely radial.
The existence of tangential stresses forces a leakage current
(not the charging current) to flow along the layers of paper and
the loss of power sets up local heating. It is to be noted that the
resistance and dielectric strength of laminated paper is much
less along the layers as compared to that across the layers. The
local heating of the dielectric may result in breakdown of the material. The breakdown
phenomenon due to tangential electric stress is shown in Fig. 9.25.

Conductor

Single wire
armoured

Serving

Metallized paper

Sheath

Compound jute
warmings
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The tangential stresses are eliminated in case of the shielded construction. In this each
conductor is individually insulated and covered with a thin metallic non-magnetic shielding
tape. The three shields are in contact with each other and the three conductors behave as
three single phase conductors. The three conductors are then cabled together with an additional
shield wrapped round them. There is no belt insulation provided but it is lead covered and
armoured. All the four shields and the lead sheath are at earth potential and, therefore, the
electric stresses are radial only; thereby, the tangential stresses are completely eliminated.
The 3-phase shielded construction cable is shown in Fig. 9.26.

The following are the methods for elimination of void formation in the cables:

(i) The use of low viscosity mineral oil for the impregnation of the dielectric and the
inclusion of oil channels so that any tendency of void formation (due to cyclic heating and
cooling of impregnant) is eliminated.

(ii) The use of inert gas at high pressure within the metal sheath and in direct contact
with the dielectric.

The first method is used in oil-filled cables. Oil ducts are provided within the cable itself
and they communicate with oil tanks provided at suitable locations along the cable route so as
to accommodate any changes in the oil volume during heating and cooling process (Fig. 9.27).

1
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Single phase oil filled cables consist of a concentric
stranded conductor built around an open helical spring core
which serves as a channel for the flow of oil. The cable is insulated
and sheathed in the same manner as the solid type cables. The
3-phase cables are normally of the shielded design type and
consist of three oil channels composed of helical springs that
extend through the cable in spaces normally occupied by filler
material (Fig. 9.28). Another design of three-core oil filled cable
is the flat type as shown in Fig. 9.29. The flat sides are reinforced
with metallic tapes and binding wires so that during increase in
pressure of oil, due to heating, the flat side is deformed and the
section of the cable becomes slightly elliptical. Yet another
construction of 3-core oil filled cables uses 3-core paper insulated
cable without a lead sheath. The cable is pulled into a steel pipe which then is filled with oil.
Pumps are then used to maintain a specified oil pressure and allow it to expand and contract
with the loading cycle.
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Leakage or oil in these cables is a very serious problem. Automatic signalling is, therefore,
installed to indicate the fall in oil pressure in any of the phases. Oil filled cables require relatively
smaller amount of insulation as compared to solid type for the same operating voltage and are
recommended for all voltages ranging between 66 kV and 400 kV.

To obviate the disadvantages of oil filled cables in terms of expansion and contraction of
oil during loading cycles, the gas filled cables are used which have a self-contained compensating
arrangement within the confines of the lead sheath. The compression cable is fundamentally a
solid type construction with two important modifications; (i) the cable cross section is non-
circular and (ii) the sheath thickness is reduced to allow the cable to breathe more easily. The
cable is then surrounded with an envelope and the space between the two is filled with an
inert gas at a nominal pressure of 14 kg/cm2 which compresses the cable dielectric via the
diaphragm sheath. During heating, the cable compound expands and travels radially through
the dielectric and a space is provided by it by movement of the sheath, the non-circular shape
becomes circular there. When the cable cools down, the gas pressure acting via the metallic
sheath, forces the compound back into the paper insulation.

Sheath

Conductor

Pipe
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The gas cushion cable consists of stranded conductor, paper insulated, screened, lead
sheathed, metallic reinforced and with a rubber-containing water proof covering. A continuous
gas space throughout the length of the cable is provided. The inert gas introduced is at high
pressure within the lead sheath and in contact with the dielectric in order to suppress gaseous
ionization.

The impregnated pressure cable is similar to solid type except that provision is made for
longitudinal gas flow. The cable has a mass-impregnated insulation design and is maintained
under a gas pressure of 14 kg/cm2. In single core cables the sheath clearance is about 0.175
cm, and in 3-core cables about 0.075 cm. In case of 3-core cables, a lead gas channel pipe is
provided which is located in the space normally occupied by the filler (Fig. 9.30). The object of
this pipe is to provide low resistance path between joints.

Because of the good thermal characteristic and high dielectric strength of the gas SF6, it
is used for insulating the cables also. SF6 gas insulated cables can be matched to overhead
lines and can be operated corresponding to their surge impedance loading. These cables can be
used for transporting thousands of MVA even at UHV whereas the conventional cables are
limited to 1000 MVA and 500 kV.

������"�

9.1. Determine the operating voltage of a single core cable of dia 2 cm and having three insulating
material of permittivities 5, 4, 3. The overall diameter of the cable is 5 cms and the maximum
working stress is 40 kV/cm. Compare the operating voltage with the voltage if the cable were not
graded and the material with same working stress was used.

9.2. A single core cable has an inner diameter of 5 cms and a core diameter of 1.5 cm. Its paper
dielectric has a working maximum dielectric stress of 60 kV/cm. Calculate the maximum
permissible line voltage when such cables are used on a 3-phase power system.

9.3. Show that for a concentric cable of given dimensions and given maximum potential gradient in
the dielectric, the maximum permissible voltage between the core and the sheath is independent
of the permittivity of the insulating material.

9.4. What is ‘void formation’ in a cable ? How does this affect the performance of a cable ? What steps
are taken to prevent the formation of these voids ?

9.5. A 1-phase concentric cable 5 km long has a capacitance of 0.2 µF per km, the relative permittivity
of the dielectric being 3.5. The diameter of the inner conductor is 1.5 cm  and the supply voltage
is 66 kV at 50 Hz. Calculate the inner diameter of the outer conductor, the rms voltage gradient
at the surface of the inner conductor and the rms value of the charging current.

9.6. Describe with a neat sketch, the construction of a 3-core belted type cable. Discuss the limitations
of such a cable.

9.7. The capacitances of a 3-core cable belted type are measured and found to be as follows:

(i) between 3-cores bunched together and the sheath 8 µF.

(ii) between conductor and the other two connected together to the sheath 5 µF.

Calculate the capacitance to neutral and the total charging kVA when the cable is connected to
a 11 kV 50 Hz 3-phase supply.

9.8. An H-type cable, 40 km long has a capacitance per km between any two-conductors of 0.15 µF.
The supply voltage is 3-phase 33 kV at 50 Hz. Determine the charging current.
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9.9. A 3-phase metal sheathed cable one km long gave the following results on a test for capacitance:

(i) Capacitance between two conductors bunched with the sheath and the third conductor 0.5 µF.

(ii) Capacitance between bunched conductors and sheath 1 µF. With the sheath insulated, find
the capacitance (a) between any two cores, (b) between any two bunched conductors and the
third conductor, and (c) calculate the charging current per phase per km when connected to
11 kV, 50 Hz supply.

9.10. A 3-phase underground cable consists of 3 single core cables each of radius 0.75 cm and spaced 5
cm apart in equilateral formation. The diameter of the lead sheath is 2.3 cm and the sheath
thickness 0.15 cm. The specific resistance of lead is 22.0 × 10–6 Ω cm at the  working temperature
and the conductor resistance 0.162 ohm per km at 65°C. For a cable length of 1.6 km and a load
of 200 amps determine (i) the ratio of sheath loss, to core loss and (ii) the induced voltage without
bonding.

9.11. A single core metal sheathed cable operating at 66 kV is to be graded by means of a metallic
intersheath: (a) Determine the diameter of the intersheath and the voltage at which it must be
maintained in order to obtain the minimum overall cable diameter D. The dielectric strength of
the material is 50 kV/cm. (b) Compare the conductor and outside diameters with those of an
ungraded cable of the same material under the same condition.

9.12. Determine the maximum working voltage of a single core lead sheathed cable having a conductor
1 cm dia and sheath of 5 cm dia inside. Two insulating materials with permittivities and maximum
stresses 4, 2.5 and 60 kV/cm and 50 kV/cm respectively are used.

9.13. The inner and outer dia of a cable are 3 cms and 8.5 cms. The cable is insulated with two materials
having permittivities of 5 and 3 respectively with corresponding stresses of 38 kV/cm and 28 kV/
cm. Calculate the radial thickness of each insulating layer and the safe working voltage of the
cable.

���������

1. Cotton, H. The Transmission and Distribution of Electrical Energy.

2. Barnes, C.C., Electric Cables, Pitman, London, 1964.

3. Electrical Transmission and Distribution Reference Book, Westinghouse Electric Corp., Penn-
sylvania, 1964.

4. Waddicor, H., Principles of Electric Power Transmission, Chapman and Hall, 5th ed., 1964.

5. Emanueli, L., High Voltage Cables, Chapman and Hall, London, 1926.

6. D.J. and A. Wright, Induced Voltages in the Sheaths of Cross Bonded a.c. Cables, Rhodes, Proc.
IEE, 113, 1966.

7. Milne, A.G. and K. Mochlinski, Characteristics of Soil Affecting Cable Rating, Proc, IEE, 111,
May, 1964.

8. Eddy Current Losses in Multicore Paper Insulated Lead Covered Cables, JIEE, Vol. 88, Pt. II,
1941.

9. Beever, C.J. and E.L. Davey, The High Pressure Gas Filled Cable, JIEE, Vol. 91, Pt. II, 1944.

10. Whitehead, S. and E.E. Hutchings, Current Ratings of Cables for Transmission and Distribution,
IEE, Vol. 83, 1938.

www.EngineeringBooksPdf.com



This page
intentionally left

blank

www.EngineeringBooksPdf.com



��������	�
����

�

www.EngineeringBooksPdf.com



������������

A power system is said to be well designed if it gives a good quality of reliable supply. By good
quality is meant the voltage levels within the reasonable limits. Practically all the equipments
on the power systems are designed to operate satisfactorily only when the voltage levels on the
system correspond to their rated voltages or at the most the variations are within say 5%. If
the voltage variation is more than a prespecified value, the performance of the equipments
suffers and the life of most of the equipment also is sacrificed. The picture on a television set
starts rolling if the voltage is below a certain level, the fluorescent tube refuses to glow if the
voltage is below a certain level. The torque of an induction motor (which forms about 70% of
the total load on the system) varies as square of the terminal voltage and so on. Thus the
necessity of controlling the voltage on the system is very much strong.

When power is supplied to a load through a transmission line keeping the sending end
voltage constant, the receiving end or load voltage undergoes variations depending upon the
magnitude of the load and the power factor of the load. The higher the load with smaller power
factor the greater is the voltage variation. The voltage variation at a node is an indication of
the unbalance between the reactive power generated and consumed by that node. If the reactive
power generated is greater than consumed, the voltage goes up and vice versa. Whenever the
voltage level of a particular bus undergoes variation this is due to the unbalance between the
two vars at that bus.

Load

V2

P + jQ

V1

jXI

	
������������������	���	��	
��������	
���
��������

���

��
��������	������

www.EngineeringBooksPdf.com



��������������� ���

To understand this problem refer to Fig. 10.1 where node one is a generator node with
reference voltage V1 and node two is the load node with voltage V2. The two bus bars are
interconnected through a short line.

Assuming the interconnector to be lossless (R = 0) and the voltage V1 constant (by
adjusting the excitation of the generator), the following relations hold good:

 V2 = V1 – IZ (10.1)

V1
*I = P – jQ (assuming inductive load) (10.2)

From equation (10.2),

    I = 
P jQ

V

−

1
*

V1
* = V1, V1 being the reference vector

Substituting for I in equation (10.1),

 V2 = V1 – j 
P jQ

V
−

1
 X

      = V
Q
V

X j
P
V

X1
1 1

−
�

��
�

��
− (10.3)

The vector diagram for this relation is given in Fig. 10.2.

— xQ
V1

— xP
V1

V2

V1
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From the above it is clear that the load voltage V2 is not affected much due to the real
component of the load P as it is normal to the vector V1 whereas the drop due to reactive
component of load is directly subtracted from the voltage V1. Assuming the voltage drop due to
real power negligible, the voltage drop is directly proportional to the reactive power Q. The
relation is given by

V2 = V1 – 
Q
V

X
1

(10.4)

In order to keep the receiving end voltage V2 fixed for a particular sending end voltage
V1, the drop (Q/V1)X must remain constant. Since, in this the only variable quantity is Q, it is
this reactive vars which must be locally adjusted to keep this quantity fixed i.e., let Q be the
value of reactive vars which keeps V2 to a specified value, any deviation in Q at node 2 must be
locally adjusted. The local generation can be obtained by connecting shunt capacitors or
synchronous capacitors and/or shunt inductors (for light loads or capacitive loads).
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Referring again to equation (10.4), in order to keep V2 constant for fixed V1, another
possibility is that the product QX be kept constant. This is achieved by introducing series
capacitors which will reduce the net reactance of the system. Since the voltage variation will
be more for larger loads (larger reactive power), the variation could be controlled by switching
in suitable series capacitors.

���� ��������	��������������

The methods for voltage control are the use of (i) Shunt capacitors; (ii) Series capacitors;
(iii) Synchronous capacitors; (iv) Tap changing transformers; and (v) Booster transformers.

The first three methods could also be categorised as reactive var injection methods.

In earlier times the voltage control was done by adjusting the excitation of the generator
at the sending end. The larger the reactive power required by the load the more is the excitation
to be provided at the sending end. This method worked well in small isolated system where
there was no local load at the sending end. Also there are limits for the excitation as well.
Excitation below a certain limit may result in unstability (if this machine is connected to a
synchronous load) of the system and excitation above certain level will result in overheating of
the rotor. Therefore, in any case, the amount of regulation by this method is limited by the
permissible voltage rise at the sending end and by the difficulty of designing efficient generating
plant when the range of excitation is so wide.

Before we discuss the various methods in detail for voltage control it seems imperative
to know the various sources and sinks of reactive power in a power system.

Sources and Sinks (Generation and Absorption) of Reactive Power

Transmission Lines: Let the transmission line be loaded such that the load current is I amperes
and load voltage V volts; assuming the transmission line to be lossless, the reactive power
absorbed by the transmission line will be

I 2ωL

where ω is the supply angular frequency and L the inductance of the line. Due to the shunt
capacitance of the line, the reactive vars supplied by the line are

V 2ωC

where C is the shunt capacitance of the line. In case the reactive vars supplied by the line are
equal to the reactive vars absorbed,

I 2ωL = V 2ωC

or     V
I

L
C

Zn= = (10.5)

Dimensionally the ratio V to I is the impedance and, therefore, Zn is called the natural
impedance of the line and the loading condition in which the vars absorbed are equal to the
vars generated by the line is called the surge impedance loading (SIL) and it is here where the
voltage throughout the length of the line is same i.e. if the transmission line is terminated by
a load corresponding to its surge impedance the voltage at the load is constant. In case I 2ωL >
V 2ωC the voltage will sag and if I 2ωL < V 2ωC (light load condition) the voltage will rise (see
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Fig. 10.3). Normally the loading is greater than the SIL and, therefore, the condition I 2ωL >
V 2ωC exists and the net effect of the line will be to absorb (sink) the reactive vars. Under light
load conditions the effect of shunt capacitors is predominating and the line will work as vars
generator (source).

Transformers: The equivalent circuit of a transformer for power frequency is given in
Fig. 10.4.

I
2 2
� �L < V C

I
2 2
� �L = V C

I
2 2
� �L > V C

V

Distance

R + jXT T

Vp Vs
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It is clear that the transformers always absorb reactive power. Let XT be the per unit
reactance of a transformer with kVA as volt ampere rating and kV as the voltage rating.

Since by definition

  Per unit reactance = 
Actual reactance X I

V

.

Actual reactance     X = XT . 
V
I

Now     I = 
kVA

3 kV

∴           X = 
3 1000XT . .kV

kVA

2

The reactive power loss = 3I2X

= 
3
3

3 1000kVA
kV

kV
kVA

2

2

2. . .XT

= 3  kVA . XT  kVArs (10.6)

The above expression gives the VArs consumed by the transformer when it is loaded to
its full capacity.

Cables: Cables have very small inductance and relatively very large capacitance because
of the nearness of the conductors, larger size of the conductors and the dielectric material used
has a relative permittivity greater than unity. They are, therefore, generators of reactive power.

Synchronous Machines: It is known that the power transmitted from a generator bus to
an infinite bus bar is given by
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Lag Lead

Excitation

A
rm

at
ur

e
cu

rr
en

t

P = 
| || |E V

X
 sin δ (10.7)

where E = generator voltage,

V = infinite bus bar voltage,

X = the reactance of the unit, and

 δ = angle between E and V.

Similar relation for the reactive power for a round rotor machine is given by

Q = 
| || |

cos
| |V E

X
V
X

δ −
2

(10.8)

The above formula tells that if

E cos δ > |V|

then Q > 0 and the generator produces reactive power i.e., it acts as a capacitor. This inequality
is generally satisfied when the generator is over excited. Since cos δ = cos (– δ) the inequality is
true for both as when machine is working as a generator or as a motor. Therefore, it can be
said that an over-excited synchronous machine produces reactive power and acts as a shunt
capacitor.

Similarly when |E| cos δ < |V|, Q < 0 i.e., negative and
the machine consumes reactive power from the system.
Consequently an under-excited machine acts as a shunt coil.
This characteristic of the machine i.e. it draws leading or lagging
current depending upon the excitation is nicely shown as a V
curve in Fig. 10.5.

When the machine is used over-excited it is known as
synchronous capacitor and the special feature of the machine is
that then it is run under no load condition; thereby δ = 0 in the
inequality and |E| > |V| i.e., Q can be continuously and simply
controlled by controlling |E| i.e., by varying the d.c. excitation.
In case the inequality is satisfied both ways during the operation
of the machine, it is then known as synchronous phase modifier.

A synchronous phase modifier has a smaller shaft and bearing and higher speeds as
compared to a synchronous motor used for mechanical loads. A synchronous phase modifier
has a higher overall efficiency as compared with a synchronous motor. Standard machines are
designed for full load output at leading power factor and can carry about 50% of their rated
capacity when the p.f. is lagging. A machine designed to operate at full load for lagging p.f. is
physically larger, is more expensive and has greater losses.

Shunt Capacitors and Reactors

As is said earlier the shunt capacitors are used across an inductive load so as to supply part of
the reactive vars required by the load so that the reactive vars transmitted over the line are
reduced, thereby the voltage across the load is maintained within certain desirable limits.
Similarly, the shunt reactors are used across capacitive loads or lightly loaded lines to absorb
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IXC

IXLE

V IR

�r

I

some of the leading vars again to control the voltage across the load to within certain desirable
limits. Capacitors are connected either directly to a bus bar or through a tertiary winding of
the main transformer and are disposed along the route to minimize the voltage drop and the
losses. The disadvantage of the use of shunt capacitor or reactor is that with the fall of voltage
at a particular node the correction vars are also reduced i.e., when it is most needed, its
effectiveness falls. Similarly, on light loads when the corrective vars required are relatively
less, the capacitor output is large.

Series Capacitors

If a static capacitor is connected in series with the line, it reduces the inductive reactance
between the load and the supply point and the voltage drop is approximately

IR cos φr + I(XL – Xc) sin φr (10.9)

It is clear from the vector diagram (Fig. 10.6)
that the voltage drop produced by an inductive load
can be reduced particularly when the line has a
high X/R ratio. In practice Xc may be so chosen
that the factor (XL – Xc) sin φr becomes negative
and numerically equal to R cos φr so that the
voltage drop becomes zero. The ratio Xc/XL
expressed as a percentage is usually referred to
as the percentage compensation.

If I is the full load current and Xc is the
capacitive reactance of the series capacitor then
the drop across the capacitor is IXc and the VAr
rating is I 2Xc. The voltage boost produced by the
series capacitor

∆V = IXc sin φr (10.10)

One drawback of series capacitors is the high overvoltage produced across the capacitor
terminals under short circuit conditions. The drop across the capacitor is If Xc, where If is the
fault current which is of the order of 20 times the full load current under certain circuit condition.
A spark gap with a high speed contactor is used to protect the capacitor under these conditions.

Comparison between Series and Shunt Capacitors

(i) The voltage boost due to a shunt capacitor is evenly distributed over the transmission
line whereas the change in voltage between the two ends of the series capacitor where it is
connected, is sudden. The voltage drop along the line is unaffected.

(ii) Let Qc′ be the reactive power of the shunt capacitor, Er the receiving end voltage and
X the reactance of the line; the current through the capacitor will be Qc′/Er and the drop due to
this current in the line will be (Qc′/Er)X.

Similarly let Qc be the rating of the series capacitor I, the line current and sin φr the sine
of the power factor angle of the load. The drop across the series capacitor will be (Qc/I) sin φr
since the magnitude of the voltage across the capacitor is Qc/I.

For a typical load with p.f. 0.8 lag, sin φr = 0.6 and assume IX/Er = 0.1.
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For equality of voltage boost with the two applications

Q X
E

Q
I

c

r

c r′
=

sin φ (10.11)

or    
Q
Q IX E

c

c

r

r

′
= =

sin
/

.

.
φ 0 6

0 1
 = 6

It is evident that for the same voltage boost the reactive power capacity of a shunt
capacitor is greater than that of a series capacitor.

(iii) The shunt capacitor improves the p.f. of the load whereas the series capacitor has
little effect on the p.f.

(iv) For long transmission lines where the total reactance is high, serves capacitors are
effective for improvement of system stability.

Synchronous Capacitors

A great advantage of the synchronous capacitor is its flexibility for use for all load conditions
because it supplies vars when over-excited, i.e. during peak load conditions and it consumes
vars when under-excited during light load conditions.

There is smooth variation of reactive vars by synchronous capacitors as compared with
step by step variation by the static capacitors.

Synchronous machines can be overloaded for short periods whereas static capacitors
cannot. For large outputs the synchronous capacitors are much better than the static capacitors
from economic viewpoint because otherwise a combination of shunt capacitors and reactors is
required which becomes costlier and also the control is not smooth as is achieved with
synchronous capacitors.

The main disadvantage of the synchronous capacitor is the possibility of its falling out
of step which will thus produce a large sudden change in voltage. Also these machines add to
the short circuit capacity of the system during fault condition.

A transmission line is said to be a constant voltage or a regulated line if its receiving end
voltage is controlled by varying the reactive power at the receiving end when the sending end
voltage is kept constant. Other systems where the reactive power available at the receiving
end corresponds to the reactive power requirements of the load are termed as unregulated
systems.

Tap Changing Transformers

The main job of a transformer is to transform electric energy from one voltage level to another.
Almost all power transformers on transmission lines are provided with taps for ratio control
i.e., control of secondary voltage. There are two types of tap changing transformers:

(i) Off-load tap changing transformers.

(ii) On-load (under-load) tap changing transformers.

The tap changing transformers do not control the voltage by regulating the flow of reactive
vars but by changing the transformation ratio, the voltage in the secondary circuit is varied
and voltage control is obtained. This method is the most popular as it can be used for controlling
voltages at all levels.
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Figure 10.7 refers to the off-load tap changing transformer which requires the dis-
connection of the transformer when the tap setting is to be changed. The modern practice is to
use on-load tap changing transformer which is shown in Fig. 10.8. In the position shown the
voltage is a maximum and since the currents divide equally and flow in opposition through
the coil between Q1 and Q2, the resultant flux is zero and hence minimum impedance. To
reduce the voltage, the following operations are required in sequence : (i) open Q1; (ii) move
selector switch S1 to the next contact; (iii) close Q1; (iv) open Q2; (v) move selector switch S2 to
the next contact; and (vi) close Q2.

V

× ×
Q1 Q2

S1 S2

Winding

Line

Winding

Neutral
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Thus six operations are required for one change in tap position. The voltage change
between taps is often 1.25 per cent of the nominal voltage where nominal voltages are the
voltages at the ends of the transmission line and the actual voltages are tsV1 and trV2 where ts
and tr are the fractions of the nominal transformation ratios, i.e., the tap ratio/nominal ratio.

Consider the operation of a radial transmission line with tap changing transformers at
both the ends as shown in Fig. 10.9. It is desired to find out the tap changing ratios required to
completely compensate for the voltage drop in the line. We assume here that the product of ts
and tr is unity as this ensures that the overall voltage level remains of the same order and that
the minimum range of taps on both transformers is used.

From Fig. 10.9, we have

tsV1 = trV2 + IZ (10.12)

We know that the approximate line drop is given as

  IZ = ∆V = vr cos φ + vx sin φ (10.13)

      = IR cos φ + IX sin φ
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= R . I cos φ + X . I sin φ

= 
R P
V

X Q
Vr r

. .
+

= 
RP XQ

t Vr

+

2
(10.14)

V1

Is

Vs

Vr

I
R + j = Z�

V2

Ir

Load
P + jQ

1 : ts t :1r
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∴ tsV1 = trV2 + 
RP XQ

t Vr

+

2
(10.15)

    ts = 
1

1
2

2V
t V

RP XQ
t Vr
r

+ +�

�
	




�
� (10.16)

Now as  tstr = 1 (10.17)

   ts = 
1

1

2

2V
V
t

RP XQ
V ts s

+ +�

�
	




�
�/

or   ts
2 = 

V
V

RP XQ
V V

2

1 2 1
+ +�

��
�

��
 ts

2

or   ts
2 1

1 2

2

1
− +�

�
	




�
� =RP XQ

V V
V
V

(10.18)

From the equation (10.18), for particular values of V2 and V1 and the load requirements
P and Q, the value of ts can be obtained.

The tap changing operation is normally motor operated. A closed loop control of the
secondary voltage level is possible.

Booster Transformers: The two-winding load tap changing transformer performs two
functions, transforming the voltage and bucking or boosting the voltage whereas the booster
transformer performs the latter function only. It can be installed at a sub-station as an additional
equipment if voltage regulation is further found to be necessary or it can be installed as a
separate piece of equipment at any intermediate point in the line. The latter application may
be desirable on economical or technical grounds to increase the voltage at an intermediate
point in a line rather than at the ends as with tap changing transformer.
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For small outputs and voltages upto 2000 volts, the simplest booster consists of an auto
transformer with necessary tappings, whereas for higher voltages and larger sizes it is necessary
to utilize on-load tap changing gear and also to perform the switching in an isolated circuit,
the voltage of which is only a fraction of the line voltage. One method is to energize the primaries
of the boosting transformers by means of a regulating transformer, the secondary of which is
provided with tappings along with tap changing gear as shown in Fig. 10.10. The voltage
changes are made by means of a motor operated controller and arrangements are made to
reverse the connections to the primaries of the regulating transformers so that both buck and
boost can be obtained. The sensing device for voltage variation should be sensitive to current
rather than voltage as the current varies 100% from no load to full load whereas the voltage
varies only by 10% or so.

Line

R
eg

ul
at

in
g

tr
an

sf
or

m
er

Booster
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The following are the advantages of booster transformer:

(i) The transformer can be used at any intermediate point in the system.

(ii) When it is used along with a fixed ratio transformer it can be taken out for inspection
or overhaul without affecting much the system.

(iii) The rating of the booster is the product of the current and the injected voltage and is
hence only about 10% of that of a main transformer.

The disadvantages of the booster, when it is used in conjunction with the main
transformer, are

(i) The two are more expensive than a transformer with on-load tap changing gear.

(ii) They are less efficient due to the losses in the booster.

(iii) They take more floor space.

The booster transformers are normally used in distribution feeders where the cost of
tap changing transformer is very high.

Example 10.1: In the radial transmission system shown in Fig. E.10.1 all per unit
values are referred to the voltage bases shown and 100 MVA. Determine the total power,
active and reactive, supplied by the generator and the p.f. at which the generator must operate.
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Vs Vr

1 : ts t : 1r

Z = 30 + j80

DE C B A0.1 pu 0.05 pu 0.15 pu 0.08 pu

0.1 pu 0.05 pu 0.15 pu 0.08 pu

11 kV275 kV

132 kV
Load
50 MW
at 0.8 pf

150 MW
at 0.6 pf

	
��������

Solution: Nominal voltages are assumed and voltage drops in the circuits are neglected.

To find out the total power active and reactive we add up all the active powers connected
to the system and reactive power connected to the system plus the reactive power losses in the
lines and the transformers. Taking voltage as 1.0 p.u. everywhere,

Power at bus A = Active power 0.5 p.u. and reactive power 0.375 p.u.

The total reactance between bus C and A = 0.075 + 0.04 = 0.115 p.u.

∴ I2X loss = 
P Q

V
X

2 2

2

2 2

2
0 5 0 375

1

+
=

+. .
 × 0.115 = 0.0449 p.u.

Active power tapped at bus C = 1.5 p.u. and reactive power 2.0 p.u.

Total active power between E and C = 0.5 + 1.5 = 2.0 p.u.

Reactive power between E and C = 0.375 + 0.0449 + 2.0

= 2.4199 p.u.

Total reactance between E and C = 0.05 + 0.025 = 0.075 p.u.

∴ I 2X loss = 
2 2 4199

1

2 2

2
+ .

 × 0.075 = 0.73919 p.u.

∴ Total active power supplied by the generator = 200 MW

and the reactive power supplied = 315.9 MW

and the p.f. of the generator = 0.5349. Ans.

Example 10.2: A 230 kV line is fed through
33/230 kV transformer from a constant 33 kV
supply. A single line diagram of the 3-phase system
is shown in Fig. E.10.2. The impedance of the line
and transformers at 230 kV is (30 + j80) ohms. Both the transformers are equipped with tap
changing facilities which are so arranged that the product of the two off nominal settings is
unity. If the load on the system is 150 MW at 0.9 p.f., determine the settings of the tap changers
required to maintain the voltage of the load bus bar at 33 kV.

Solution: It is desired to have Vs = Vr and tstr = 1.0.

The load is 150 MW and 72.65 MVAr
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From equation (10.18) we have

ts
2 1 − +�

��
�

��
=RP XQ

V V
V
Vs r

r

s
 = 1.0

Substituting the values we have

ts
2 1

30
150

3
10 80

72 65
3

10

230
3

10

6 6

2
6

−
× × + × ×

�
��

�
��

×

�

�

�
�
�
��

�

�

�
�
�
��

.

 = 1.0

or ts = 1.11 p.u. Ans.

���� ��������������	� ���������!��������	�����!���� 

Consider the generalized equation

Vs = AVr + BIr (10.19)

where Vs and Vr are the sending and receiving end voltages, Ir the receiving end current and A,
B are the system constants which may include the transformers also. The equation above is
represented by the phasor diagram (Fig. 10.11).

�

Vs

BIr

� �– r

AVr

Vr

Ir

�r

�

�s
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Taking Vr as the reference the above equation is re-written as

 Vs ∠δs = AVr ∠α + BIr ∠(β – φr) (10.20)

= AVr cos α + jAVr sin α + BIr cos (β – φr) + jBIr sin (β – φr) (10.21)

     Vs
2 = A2Vr

2 + B2Ir
2 + 2ABVrIr cos α cos (β – φr) + 2ABVrIr sin α sin (β – φr)

= A2Vr
2 + B2Ir

2 + 2ABVrIr cos (α – β + φr)

= A2Vr
2 + B2Ir

2 + 2ABVrIr [cos (α – β) cos φr – sin (α – β) sin φr] (10.22)
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Now since Pr = VrIr cos φr and Qr = VrIr sin φr, substituting these in the expression above,

Vs
2 = A2Vr

2 + B2Ir
2 + 2ABPr cos (α – β) – 2ABQr sin (α – β) (10.23)

Also since

Ir = Ip – jIq, Ir
2 = Ip

2 + Iq
2

and Ip = 
P
V

I
Q
V

r

r
q

r

r
, =

∴    V A V B
P
V

Q
V

s r
r

r

r

r

2 2 2 2
2

2

2

2= + +
�

��
�

��

+ 2ABPr cos (α – β) – 2ABQr sin (α – β) (10.24)
In a certain system normally A, B, α, β, Pr, Qr and Vr are known; it is required to find out

the sending end voltage. The above expression (10.24) can be made use of for the purpose.

Or sometimes the sending end and receiving end voltages are fixed and A, B, α, β, Pr and
Qr (load) are given; it is required to find out the capacity of the phase modifier. In this case the
required quantity is Qr. It is to be noted here that for this problem Qr is the net reactive power
at the receiving end and not the reactive power for the load as in the first type of problem as
stated above. So if the net reactive power required to maintain certain voltages at the two ends
is known, the capacity of the phase modifier can be determined.

Graphical Method (Power Circle Diagram)

In the previous section we have studied analytical method of determining the capacity of phase
modifiers for certain system conditions. We will here discuss graphical methods which are
easier to work with for such problems. First of all we will describe here receiving, end power
circle diagram.

Receiving End Power Circle Diagram: Consider again equation in general circuit
constants

Vs = AVr + BIr

The phasor diagram for this expression is given in Fig. 10.11.

In this phasor diagram except for Ir all other phasors represent voltages. We are interested
in studying the power diagram, that too receiving end power diagram. The voltage phasor
diagram must be multiplied by suitable value of current. If we multiply equation (10.19) by
Vr/B we get as

V V
B

AV
B

V Is r r
r r= +

2

(10.25)

We find that the last term in the expression represents the volt-amperes at the receiving
end; this is what is required. Since Vr is taken as the reference, the effect of multiplying the
equation (10.19) by Vr/B will be to change the magnitude of all the phasors in Fig. 10.11 by
|Vr|/|B| and rotate them clockwise through an angle ∠(0 – β°) i.e., – β°. As a result of this,
Fig. 10.11 becomes Fig. 10.12. In Fig. 10.12 the origin is shifted from 0 to n for the reason
which is clear from the Fig. 10.12 itself.

Now when origin is shifted to n and phasor BIr is to be rotated through – β°, this phasor
will subtend an angle – φr with the horizontal axis. Vr

2/B will subtend an angle – β with the
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horizontal axis. Now with respect to Vr
2/B other phasors AVr

2/B and VsVr/B are drawn as shown
in Fig. 10.12.

PP� n

Vr r�

� �–
�

O
bs

AVr
2

B
V Vs r

B
Vr

2

B
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The horizontal component VrIr cos φr of VrIr along np gives the active component of
power and the vertical component VrIr sin φr the reactive component.

The phasor diagram in Fig. 10.12 corresponds to an inductive load. Let Vr subtend an
angle θ1 and Ir an angle θ2 with respect to some reference axis as shown in Fig. 10.13.

Vr

�r

	2

	1
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 Vr = |Vr| ∠θ1 and Ir = |Ir| ∠θ2

 VrIr
* = |Vr| |Ir| ∠(θ1 – θ2)

= |Vr| |Ir| [cos (θ1 – θ2) + j sin (θ1 – θ2)]

= P + jQ

So we see that when the load is inductive the reactive power is positive. Of course if the
product of conjugate of Vr and Ir is taken then it willl be

Vr
*Ir = P – jQ

But most power system engineers prefer to use positive sign to indicate lagging vars
and we will follow this convention here. In order to follow this convention the phasor diagram
in Fig. 10.12 will have to be rotated through 180° along pp′ and thus will now become as in
Fig. 10.14.

However, it is to be noted that the phasor diagram of current and voltage are not affected
by the convention used for the sign of reactive power.
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Let us now understand some properties of this power diagram. For a particular receiving
end voltage the location of point O is fixed and this forms the centre of the receiving end power
circle diagram. The radius of the circle corresponds to Om and has different values for different
sending end voltages. Therefore, for a particular receiving end voltage and different sending
end voltages we get concentric circles with centre at O. Point m corresponds to the operating
point at the receiving end of the transmission line. From the diagram it is seen that angle δs is
between VsVr/B and Vr

2/B i.e., the angle is between Vs and Vr as Vr/B is common in both VsVr/
B and Vr

2/B. This angle δs is known as the load angle or torque angle.

For different receiving end voltage, it can be seen that the diagrams will be eccentric
circles.

As is said earlier, the following two types of problems can be solved using receiving end
power circle diagram:

1. Given Pr, φr, Vr and line constants, determine sending end voltage. For this problem
proceed as follows:

Normally in a 3-phase system, 3-phase power is specified and L-L voltage is given. The
power circle diagram that we have obtained we started with phase quantities. We could make
use of 3-phase quantities also and in that case the power will be 3-phase power and voltage
line to line. The procedure we are going to describe is say on per phase basis.

(a) Let P be the 3-phase power and VL the line to line voltage at the receiving end, then

Pr = 
P

V
V

r
L

3 3
and =

(b) Calculate 
| || |

| |
A V

B
r
2

 .
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(c) Now looking at the relative values of Pr and 
| || |

| |
A V

B
r
2

 choose a suitable scale.

(d) Draw a horizontal line and fix a point n on this line. From this point draw a line
subtending an angle φr as shown in Fig. 10.14. Then after reducing Pr to scale cut the horizontal
line at l by an amount equal to Pr. Draw a vertical line such that it cuts the slanted line (at
angle φr) at m. Thus the operating point m is obtained.

(e) Now from the point n, draw a line no equal to | || |
| |

A V
B

r
2

 (reduced to scale) at angle

(β – α) in the third quadrant.
(f) Measure the length Om. Convert this to MVA or kVA depending upon the scale chosen.

Then

Om × scale = 
| || |

| |
V V

B
s r

Here |Vr| and |B| are known, |Vs| can be obtained. This |Vs| is the line to neutral

voltage. The sending end line to line voltage will be 3 Vs.

The first problem as we see corresponds to an unregulated system where sending end
voltage can take any value depending upon the load condition.

In case we want to fix up both the sending end and receiving end voltages it becomes a
constant voltage or a regulated system in which we have to instal some reactive power injecting
device at the receiving end. The second problem is then defined as follows:

2. Given Vs, Vr, Pr, φr and line constants, determine the capacity of the phase modifier
(Fig. 10.15).

For this problem repeat the procedure from (a) to (c) as in the previous problem.

Calculate 
| || |

| |
V V

B
s r  and draw to scale an arc of a circle with centre at O. This arc can

intersect the vertical load line ml at any one of the three positions m′ as shown in Fig. 10.15
i.e., above m or in between m and the horizontal line or below the horizontal line.

If m′ lies above m the phase modifier is said to be under-excited and if it lies below m,
the phase modifier is said to be over-excited. In all cases m′ gives the condition at the receiving
end.

The capacity of the phase modifier in all cases will be mm′. The VArs requirements of
the load are fixed and are equal to ml. Therefore, the division of VArs in the three situations is
as follows:

(i) When m′ is above m. The capacity of the phase modifier is mm′. The VArs transmit-
ted over the line are m′l, i.e., in order to have sending end voltage corresponding to this oper-
ating point, transmission line has to transmit not only the VArs required by the load but it has
to supply VArs to the synchronous phase modifier equal to mm′ i.e., the phase modifier takes
the lagging VArs from the system which means it is under-excited.

(ii) When m′ lies between m and l. In order to meet the VArs requirements of the load
mm′ is supplied by the phase modifier and m′l have to be transmitted over the line. The phase
modifier is over-excited.
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(iii) When m′ lies below the horizontal axis. The capacity of the phase modifier is mm′.
Here the phase modifier not only supplied VArs to the load but it supplies lm′ VArs to the
transmission line also to get this operating point. The phase modifier is over-excited.

The power factor of the load is fixed and is given by cos φr. The power factor of the
transmission line at the receiving end will depend upon the position of the operating point m′
with respect to the horizontal axis. The power factor angle in all cases is the angle between the
line nm′ and the horizontal axis. If the point m′ lies above the horizontal axis the power factor
is lagging and if it lies below the horizontal axis it is leading.

To find out the load angle or torque angle δs, draw a horizontal line passing through O
and then from O draw a line subtending an angle β. This line corresponds to |Vr

2|/|B|. Cut
this line to scale equal to |Vr

2|/|B|. The angle between Ok and Om′ gives the torque angle for
regulated systems and for unregulated systems the angle between Ok and Om is the torque
angle δs.

Example 10.3: The generalized circuit constants
of a transmission line are as follows:

A = D = 0.895 ∠1.4°, B = 182.5 ∠78.6° ohms

(i) If the line supplies a load of 50 MW at 0.9 p.f.
and 215 kV, find the sending end voltage and hence the
regulation of the line.

(ii) For a load of 80 MW at 0.9 p.f. lag, 215 kV, deter-
mine the reactive power supplied by the line and by the
synchronous capacitor if the sending end voltage is 236 kV.
Also determine the p.f. of the line at the receiving end.

(iii) Determine the maximum power that can be
transmitted if the sending and receiving end voltages are
as in (ii).

	
��������
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�s

DVS

Vs– BIs

Vr

Is

Solution: (i) 
AV

B
r

2 20 895 215
182 5

= ×.
.

 = 226.7 MVA

Assume a scale of 1 cm = 50 MW.

      β – α = 78.6 – 1.4 = 77.2°

cos–1 0.9 = 25.84°

To scale,     
AV

B
r
2 226 7

50
=

.
 = 4.5 cm

    
V V

B
s r  = 5.3 cm = 265 MW (from the diagram)

Since Vr = 215 kV and B = 182.5,

∴          Vs = 
265 182 5

215
× .

 = 224.9 kV

∴         Vr′ = 
V
A

s =
224 9
0 895

.
.

 = 251 kV

∴     % regulation = 
251 215

215
−

 × 100 = 16.74%. Ans.

(ii) When load is 80 MW at 0.9 p.f. and sending end voltage is 236 kV

80 MW = 1.6 cm

  
V V

B
s r =

×236 215
182 5.

 = 278 MVA = 5.56 cms

RQ from Fig. E.10.3 is the total reactive MVArs required by the load. Out of total RQ,
PR is supplied by the line and QP is supplied by the phase modifier.

QP = 0.25 cm = 12.5 MV Ar

PR = 0.50 cm = 25 MV Ar

          cos θ = 0.958. Ans.

(iii) The maximum power that can be transmitted corresponds to MN which is 4.55 cms
and therefore the maximum power that can be transmitted is 227.5 MW.

���� ����������!�"���������������

The sending end power circle diagram is developed on the same
line as the receiving end. The voltage equation for this is

Vr = DVs – BIs (10.26)

Taking Vs as the reference, the phasor diagram (Fig. 10.16)
to express the above equation is as follows:

Multiplying equation (10.26) by – Vs/B the equation becomes

       
−

=
−V V

B
DV
B

r s s
2

 + VsIs (10.27)
	
���������
����������
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This operation results in changing the magnitude of all the phasors in Fig. 10.16 by an
amount |Vs|/|B| and rotating them through

−
=

∠ °
∠β

= ∠ − °
V
B

V
B

V
B

s s s| |
| |

| |
| |

( )
180

180 β

(180 – β)° clockwise. This results in Fig. 10.17.

For the same reasoning as for the receiving end power circle diagram this diagram in
Fig. 10.17 is rotated through 180° along the horizontal axis and results into Fig. 10.18.

n

| V |s
2

B

m
Vs sI

V Vs r

B

| D || V |s
2

B

O

�
�–

�s

| V |s
2

B

� �–
Vs sI

m

n

O

� �s

| V || V |s r

B

DVs
2

B
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Here O is the centre of the sending end power circle and Om is the radius of length
(|Vs| |Vr|)/|B|. For a fixed sending end voltage since the location of the centre is fixed, there
will be concentric circles for different values of receiving end voltages.

It is possible to find out the maximum power that can be transmitted over the line both
at the receiving end and sending end using the receiving end and sending end power  circle
diagrams respectively. The difference in power at the two ends is known as transmission loss
and is due to the losses on the overhead line.

For finding out the maximum power that can be transmitted at the receiving end refer
to Fig. 10.15.

Example 10.4: A 3-phase overhead line has per phase resistance and reactance of 6
ohm and 20 ohm respectively. The sending end voltage is 66 kV while the receiving end voltage
is maintained at 66 kV by a synchronous phase modifier. Determine the KV Ar of the modifier
when the load at the receiving end is 75 MW at p.f. 0.8 lagging; also determine the maximum
load that can be transmitted.

Solution: α = 0°, β = 73.3°

A = 1, B = 20.88 Ω
Using equation (10.24) and substituting 3-phase quantities, we have

662 = 662 + 20.882 
75
66 66

2 2
�
��
�
��

+ �
��
�
��

�

�
	
	




�
�
�

Qr

+ 2 × 1 × 20.88 × 75 cos 73.3 + 2 × 1 × 20.88 × Qr sin 73.3
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0 = 436 129
66

2

. + �
��
�
��

�

�
	
	




�
�
�

Qr  + 3132 cos 73.3

or 0 = 562.44 + 0.1Qr
2 + 900 + 40 Qr

or 0 = 0.1 Qr
2 + 40 Qr + 1462.44

or Qr
2 + 400 Qr + 14624 = 0

        b ac2 4 160000 4 14624− = − ×

= 318.6

        Qr = 
− +400 318 6

2
.

        Qr = – 40.7

Since Qr is negative, the phase modifier supplies 40.7 MV Ar in addition to the MV Ar
requirements of the load i.e., the phase modifier capacity is

= 40.7 + 
75
0 8.

 × 0.6

= 40.7 + 56.25

= 96.95 MV Ar. Ans.

Now maximum power transmitted is given as

V V
B

AV
B

s r r−
2

 cos (β – α)

Here Pmax = 
V
B
r
2

 (1 – cos β) = 148.67 MW. Ans.

!��#����

10.1. A 3-phase induction motor delivers 500 HP at an efficiency of 90% when the operating p.f. is 0.8
lag. A loaded synchronous motor with a power consumption of 120 kW is connected in parallel
with the induction motor. Calculate the necessary kVA and the operating p.f. of the synchronous
motor if the overall p.f. is to be unity.

10.2. A 3-phase line having an impedance of (5 + j20) ohm per phase delivers a load of 30 MW at a p.f.,
of 0.8 lag and voltage 33 kV. Determine the capacity of the phase modifier required to be installed
at the receiving end if the voltage at the sending end is to be maintained at 33 kV.

10.3. Determine the tap ratio in problem 2 if the receiving end voltage is to be maintained at 0.92 p.u.
of the sending end voltage. The line is fed through a 33/220 kV transformer. Assume tstr = 1.

10.4. Determine the transformer tap ratios when the receiving end voltage is equal to the sending end
voltage, the high voltage line operates at 230 kV and transmits 80 MW at 0.8 p.f. and the
impedance of the line is (40 + j150) ohms. Assume tstr = 1.

Vs Vr

	
��!�����
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10.5. A 132 kV line is fed through 33 kV/132 kV transformer from a constant 33 kV supply as shown in
Fig. P.10.5. The total impedance of the line and transformers at 132 kV is (25 + j60) ohms. Both
the transformers are equipped with tap changing facilities which are so arranged that the product
of the two off-nominal settings is unity. If the load on the system is 100 MW at 0.6 p.f. lag,
calculate the setting of the tap changer required to maintain the voltage of the load bus bars at
33 kV.

VS

1 : ts t : 1r

V = 132 kV1

VR

V = 132 kV2

P, Q

Z

	
��!�����

10.6. A 3-phase line has an impedance of (20 + j60) ohm per phase. The sending end voltage is 142 kV
while the receiving end voltage is maintained at 132 kV for all loads by an automatic phase
modifier. If the kV Ar of the modifier has the same value for zero load as for a load of 50 MW,
determine the rating of the modifier and the p.f. of this load.

10.7. A typical line has the following parameters:

A = D = 0.96 ∠1.0°, B = 100 ∠80°.

(i) If the line supplies a load of 30 MW at 0.8 p.f. lag and 110 kV, find the sending end voltage
and hence the regulation of the line.

(ii) For a load of 50 MW at 0.8 p.f. lag, 110 kV, find the reactive power supplied by the line and by
the synchronous capacitor if the sending end voltage is 120 kV. Also, determine the p.f. of the
line at the receiving end.

(iii) Find the maximum power that can be transmitted if the sending and receiving end voltages
are as in (ii).

(iv) Find the power and p.f. of the load if the voltages at the two ends are 110 kV with a phase
difference of 20°.

��	�������
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The neutral grounding is an important aspect of power system design because the performance
of the system in terms of the short circuits, stability, protection etc. is greatly affected by the
state of the neutral. In most of the modern high voltage systems the neutral of the system is
solidly grounded i.e., the neutral is connected directly to the ground without any intentional
impedance between the neutral and the ground. Generally the neutral of the generator is
connected through resistance to limit the stator short circuit current and also for stability
reasons. The advantages of neutral grounding are:

(i) Voltages of the phases are limited to phase to ground voltages.

(ii) The high voltages due to arcing grounds or transient line to ground faults are elimi-
nated.

(iii) Sensitive protective relays against line to ground faults can be used.

(iv) The over voltages due to lightning are discharged to ground, otherwise there will be
positive reflection at the isolated neutral of the system.

The following are the advantages of operating with isolated neutral:

(i) It is possible to maintain the supply with a fault on one line.

(ii) Interference with communication lines is reduced because of the absence of zero se-
quence currents.

		
	 ��������������������������

The term effectively grounded is now used instead of the old term solidly grounded system for
reason of definition. The AIEE Standard No. 32, May 1947, defines the effective grounding as
follows:

A system or a portion of a system can be said to be effectively grounded when for all
points on the system or specified portion thereof the ratio of zero sequence reactance to positive

���

		
��������	��������
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sequence reactance (X0/X1) is not greater than three and the ratio of zero sequence resistance
to positive sequence reactance is not greater than one for any condition of operation and for
any amount of generator capacity. The effective grounded systems are less expensive than any
other type of grounding for all operating voltages because for such a system the maximum line
to ground voltage during a fault does not exceed 80% of the line voltage whereas for all other
groundings the voltage of the healthy phases rises to about 100% line-to-line voltage.

		
� �����������������

The system has been analysed in Chapter 12. A summary of this is given here.

Under balanced conditions the potential of the neutral is held at ground due to the
presence of the shunt capacitance of the system (Fig. 11.1 (a)). Under balanced condition the
vector diagram is given in Fig. 11.1 (b).

�3 Ic

�3 Ic

3 Ic

a

b

c
0

3 Ic

(a)

Icb

Va

Ica

Vc

Icc

Vb

(b)

60°
N

Va

Vb

Vc
E

3 Ic

�3 Ic

(c)

�3 Ic

���
�		
	������������������������������ ��������!"�����#�����$"������%�&���� ���"����"��������#
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In case of a line to ground fault on phase c vector diagram becomes as shown in
Fig. 11.1 (c). A charging current of three times the per phase charging current flows. The voltage

of the healthy phases rise to 3 Vph. The presence of inductance and capacitance in the system
leads to what is known as Arcing Grounds and the voltage of the system may rise to dangerously
high values as explained in Chapter 12. These voltages can be eliminated by connecting an
inductance of suitable value between the neutral and the ground. If the value of the inductive
reactance is such that the fault current IL balances exactly the charging current, then the
grounding is known as resonant grounding or ground fault neutralizer or Peterson coil.

		
� ������������������

It is desired here to calculate the value of inductance such that 3IC = IL so that theoretically
there is no current in the fault or it is so small that the arc will not maintain itself and the fault
is extinguished (Fig. 11.2).
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�3 IC

�3 IC

a

b

c
0

3 IC

IL

3
=

I
I

C
L

(a)

N

Va

VbVc

E

3 Ic �3 Ic

�3 Ic

90°

I1

(b)
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Let Vph be the line to ground voltage of the system. The voltage of the healthy phases

during L-G fault on one of the phases will be 3Vph . If C is the capacitance to ground of each

phase, then the charging current will be 3VphωC.

If L is the inductance to be connected between the neutral and the ground, then

 IL = 
V

L
ph

ω
For balance condition

IL = 3VphωC = 
V

L
ph

ω

or L = 
1

3 2ω C
The use of the resonant grounding will reduce the line interruption due to transient line

to ground faults which will not be possible with other forms of grounding. Also the tendency of
a single phase to ground fault developing into a two or 3-phase fault will be decreased.

Ground fault neutralizers should not be used where

(i) Fully graded insulation transformers are used as the neutrals of such transformers
are not sufficiently well insulated.

(ii) Auto-transformers having a ratio greater than 0.95 to 1 are used.

The coils of the ground fault neutralizers are ten-minutes time-rated on system where
permanent ground faults can be located and removed promptly by ground relays or other
suitable means. Otherwise, continuous time-rated neutralizers are used on all other systems.
However, if for any reason more current flows through the fault neutralizer a circuit breaker
closes after a certain time-lag and the earth-fault current flows through the parallel circuit by-
passing the arc suppression coil (Fig. 11.3).
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a

b

c
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coil C.B.

Generator

Relay

Trip-coil

R
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Circuit breaker (C.B.) is normally open but is closed by the trip coil when the relay
operates after a predetermined time. With this the fault current is by-passed through the
resistor branch.

Example 11.1: A 132 kV, 3-phase, 50 Hz transmission line 192 km long consists of
three conductors of effective diameter 20 mm, arranged in a vertical plane with 4 m spacing
and regularly transposed. Find the inductance and kVA rating of the arc suppressor coil in the
system.

Solution: The capacitance per phase is given by

   
2 0πε

ln
d
r

 F/metre

= 
2

1
36

10 9π
π

× × −

ln
d
r

 F/metre

= 
10

18

10

18
4 4 8

10 10

9 9

3

3

− −

−

=
× ×
×

ln ln
d
r

= 
10

18
109 10− −

×
=

×6.2 1.8 6.2
 = 0.896 × 10–11 F/m

or  0.896 × 10–11 × 192 × 103 = 172 × 10–8 F = 1.72 µF
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Now   ωL = 
1

3ωC

or L = 
1

3
10

3 3142

6

2ω C
=

× × 1.72

= 
10 106 4×

×

−

5.16 9.86

= 
100

5.16 9.86×
= 1.97 henry.

∴ MVA rating of the suppressor coil is

  
V

L

2

3
132 132

3 314ω
= ×

× × 1.97
= 9.389 MVA per coil. Ans.

Example 11.2: A 50 Hz overhead line has line to earth capacitance of 1 µF. It is decided
to use an earth fault neutralizer. Determine the reactance to neutralise the capacitance of
(i) 100% of the length of the line, (ii) 90% length of the line, and (iii) 80% of the length of the
line.

Solution: (i) The inductive reactance of the coil for 100% neutralizer will be

ωL = 
1

3
1

3 314 1 10
10

3 3146

6

ωC
=

× × ×
=

×−

= 1061 ohms.

(ii) The inductive reactance for neutralizing 90% of the capacitance

ωL = 1
3

10
3 314 1

6

ωC
=

× × × 0.9
 = 1179 ohms

(iii) For 80% neutralization the inductive reactance is

 
1061
0.8

 = 1326 ohms. Ans.
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There are various methods of grounding the neutral of the system. They are: (i) Solid grounding;
(ii) Resistance grounding; (iii) Reactance grounding; (iv) Voltage transformer grounding; and
(v) Zig-zag transformer grounding.

Solid Grounding or Effective Grounding (Fig. 11.4): Consider L-G fault on phase c. The
neutral and terminal c are at earth potential. The reversed vector is shown at Vc. The voltage
of the healthy phases remains unchanged i.e., phase to ground voltages and the currents are
as shown in Fig. 11.4 (b). The charging current will be fully eliminated. Since in this system of
grounding the voltage of the healthy phases in case of a line to ground fault does not exceed
80% of the L-L and is much less as compared to other forms of grounding, the equipments for
all voltage classes are less expensive. An 84% lightning arrester instead of 105% can be used.
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On system 115 kV and above additional savings are possible because of the transformers with
the insulation graded towards the neutral are less costly.

IC IC

IF IC

(a)

Va

Vc
Vb

90°

Ic Ic

Ic

IF

E
N

(b)

���
�		
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Resistance Grounding (Fig. 11.5): The value of the resistance commonly used is quite
high (in order to limit power loss in resistor during L-G fault) as compared with the system
reactance. With the increase in operating voltage the value of resistance required for grounding
also increases (decreases with capacity) so as to limit (25% of full load current) the short circuit
current during line to ground faults. Resistance grounding is normally used where the charging
current is small i.e., for low voltage short length overhead lines.

Resistance grounding reduces the arcing ground hazards and it permits ready relaying
of ground faults. In certain situations resistance grounding has helped in improving the stability
of the system during ground fault by replacing the power dropped, as a result of low voltage,
with an approximately equal power loss in the resistor, thus reducing the advance in phase of
the generators.

�3 IC

a

b

c

0

3 IC

IF

IF

�3 IC
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N

Va

Vb
Vc

E

3 Ic
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�
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Reactance Grounded System: A reactance grounded system is one in which the neutral
is grounded through impedance which is highly reactive. In fact whether a system is solidly
grounded or reactance grounded depends upon the ratio of X0/X1.

For reactance grounded system 
X
X

0

1
 > 3.0.

For solid grounded system 
X
X

0

1
 < 3.0.

When a neutral is solidly grounded, but if X0/X1 > 3, the system is presumed to be
reactance grounded rather than solidly grounded. Reactance grounding lies between effective
grounding and resonant grounding. The value of reactance required is to keep currents within
safe limits. This method of grounding may be used for grounding the neutral of synchronous
motors and capacitors and also for circuits having large charging currents.

Earthing Transformers: If a neutral point is required which otherwise is not available
(e.g., delta connection, bus bar points etc.), a zig-zag transformer is used. These transformers
do not have secondary winding (Fig. 11.6). Each limb of the transformer has two identical
windings wound differentially such that under normal conditions that total flux in each limb is
negligibly small and, therefore, the transformer draws very little magnetising current. The
grounding transformers are of short time rating usually 10 seconds to 1 minute. Therefore, the
sizes of such transformers are small as compard to the power transformers of the same ratings.

Zig-zag
transformer

Generator

R

���
�		
��5%&06�&������ ������ �����������&�����%�&'

If a zig-zag transformer is not available, a star delta transformer can be used without
loading the delta side as shown in Fig. 11.7.
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When a line to ground fault occurs the generator armature and field circuit breakers are tripped
and the input to the prime mover is shut off. With these operations the current through the
fault does not necessarily stop immediately because a certain time is required for the generator
field flux to decay. The fault current can be reduced to a very low value (as determined by
capacitance effects) immediately after the fault, if a generator neutral breaker is employed
and it is also tripped simultaneously along with the field and armature breakers (Fig. 11.8). In
case the value of the neutral impedance is very high and the fault current is limited, there is
no need for a neutral breaker.

E
xc

ite
r Breaker

���
�		
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(i) One grounding is normally provided at each voltage level. Between generation and
distribution, there are various voltage levels; it is desirable to have ground available at each
voltage level.

(ii) The generators are normally provided with resistance grounding and synchronous
motors or synchronous capacitors are provided with reactance grounding.

(iii) Where several generators are connected to a common neutral bus, the bus is connected
to ground through a single grounding device. Disconnect switches can be used to ground the
desired generators to the neutral bus.

(iv) Where several generators are operating in parallel, only one generator neutral is
grounded. This is done to avoid the interference of zero sequence currents. Normally two grounds
are available in a station but only one is used at a time. The other is used when the first
generator is out of service.

(v) For low voltages up to 600 volts and for high voltages above 33 kV solid grounding is
used whereas for medium voltages between 3.3 kV and 33 kV resistance or reactance grounding
is used.

!�������

11.1. What are the various methods of neutral grounding ? Compare their performance with respect to
(i) protective relaying, (ii) fault levels, (iii) stability, (iv) voltage levels of power systems.

11.2. Explain the phenomenon of ‘Arcing grounds’ and suggest the method to minimise the effect of this
phenomenon.

11.3. Discuss the advantages of (i) grounding the neutral of the system, (ii) keeping the neutral isolated.

11.4. A transmission line has a capacitance of 0.1 µF per phase. Determine the inductance of Peterson
coil to neutralize the effect of capacitance of (i) complete length of line, (ii) 97% of the line, (iii) 90%
length of the line. The supply frequency is 50 Hz.

11.5. A 132 kV, 50 Hz, 3-phase, 100 km long transmission line has a capacitance of 0.012 µF per km per
phase. Determine the inductive reactance and kVA rating of the arc suppression coil suitable for
the line to eliminate arcing ground phenomenon.

11.6. A 132 kV, 3-phase, 50 Hz overhead line of 100 km length has a capacitance to earth of each line of
0.01 µF per km. Determine inductance and kVA rating of the arc suppression suitable for this line.

����������

1. The Transmission and Distribution Reference Book, Westinghouse Elect. Corp., Pennsylvania,
1964.

2. B.M. Weedy, Electric Power Systems, John Wiley & Sons, 1974.
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Transients phenomenon is an aperiodic function of time and does not last longer. The duration
for which they last is very insignificant as compared with the operating time of the system. Yet
they are very important because depending upon the severity of these transients, the system
may result into black out in a city, shut down of a plant, fires in some buildings, etc.

The power system can be considered as made up of linear impedance elements of
resistance, inductance and capacitance. The circuit is normally energized and carries load
until a fault suddenly occurs. The fault, then, corresponds to the closing of a switch (or switches,
depending upon the type of fault) in the electrical circuit. The closing of this switch changes
the circuit so that a new distribution of currents and voltages is brought about. This
redistribution is accompanied in general by a transient period during which the resultant
currents and voltages may momentarily be relatively high. It is very important to realize that
this redistribution of currents and voltages cannot take place instantaneously for the following
reasons:

1. The electromagnetic energy stored by an inductance L is 1
2

2LI , where I is the
instantaneous value of current. Assuming inductance to be constant the change in magnetic
energy requires change in current which an inductor is opposed by an e.m.f. of magnitude L

dI
dt

. In order to change the current instantaneously dt = 0 and therefore L 
dI
0

 is infinity, i.e., to

bring about instantaneous change in current the e.m.f. in the inductor should become infinity
which is practically not possible and, therefore, it can be said that the change of energy in an
inductor is gradual.

2. The electrostatic energy stored by a capacitor C is given by 1
2

2CV , where V is the
instantaneous value of voltage. Assuming capacitance to be constant, the change in energy
requires change in voltage across the capacitor.

���

	

��������������	������������
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Since, for a capacitor, 
dV
dt

I
C

= , to bring instantaneous change in voltage, i.e., for dt = 0

the change in current required is infinite which again cannot be achieved in practice and,
therefore, it can be said that change in energy in a capacitor is also gradual.

There are only two components L and C in an electrical circuit which store energy and
we have seen that the change in energy through these components is gradual and, therefore,
the redistribution of energy following a circuit change takes a finite time. The third component,
the resistance R, consumes energy. At any time, the principle of conservation of energy in an
electrical circuit applies, i.e., the rate of generation of energy is equal to the rate of storage of
energy plus the rate of energy consumption.

It is clear that the three simple facts, namely,

1. the current cannot change instantaneously through an inductor,

2. the voltage across a capacitor cannot change instantaneously, and

3. the law of conservation of energy must hold good, are fundamental to the phenomenon
of transients in electric power systems.

From the above it can be said that in order to have transients in an electrical system the
following requirements should be met:

1. Either inductor or capacitor or both should be present.

2. A sudden change in the form of a fault or any switching operation should take place.

There are two components of voltages in a power system during transient period:
(i) Fundamental frequency voltages, and (ii) natural frequency voltages usually of short duration
which are superimposed upon the fundamental frequency voltages. There is third component
also known as harmonic voltages resulting from unbalanced currents flowing in rotating
machines in which the reactances in the direct and quadrature axes are unequal.

Natural frequency voltages appear immediately after the sudden occurrence of a fault.
They simply add to the fundamental frequency voltages. Since resultant voltages are of greater
importance from a practical viewpoint it will be preferable to speak of the fundamental frequency
and natural frequency components simply as a transient voltage. The transient voltages are
affected by the number of connections and the arrangements of the circuits.

Transients in which only one form of energy—storage, magnetic or electric is concerned,
are called single energy transients, where both magnetic and electric energies are contained in
or accepted by the circuit, double energy transients are involved.

	
�	 �������������������������

For analysing circuits for transients we will make use of Laplace transform technique which is
more powerful and easy to handle the transient problems than the differential equation
technique. We will assume here lumped impedances only. The transients will depend upon the
driving source also, i.e., whether it is a d.c. source or an a.c. source. We will begin with simple
problems and then go to some complicated problems.
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(a) Resistance only (Fig. 12.1 (a)): As soon as the switch S is closed, the current in the circuit
will be determined according to Ohm’s law.

I = 
V
R

Now transients will be there in the circuit.

V

S

R

t

— = i
V
R

�����	
�	��������������������� 

(b) Inductance only (Fig. 12.1 (b)): When switch S is closed, the current in the circuit will
be given by

 I(s) = 
V s
Z s

V
s Ls

V
L s

( )
( )

. .= =
1 1

2

i(t) = 
V
L

t

V

S

L

t

i(t)

i

�����	
�	� ����	!"�������������� 

This shows that when a pure inductance is switched on to a d.c. source, the current at
t = 0+ is zero and this increases linearly with time till for infinite time it becomes infinity. In
practice, of course, a choke coil will have some finite resistance, however small; the value of
the current will settle down to the value V/R, where R is the resistance of the coil.

(c) Capacitance only (Fig. 12.1 (c)): When switch S is closed, the current in the circuit is
given by

 I(s) = V s
Z s

V
s

( )
( )

=  . Cs = VC

which is an impulse of strength (magnitude) VC.
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V
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C

t

i

vC
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(d) R-L circuit (Fig. 12.1 (d)): When switch S is closed, the current in the circuit is given
by

 I(s) = 
V s
Z s

V
s R Ls

V
s

L
s R L

( )
( )

. .
/

/
=

+
=

+
1 1

= 
V
L s s R L

L
R

1 1
−

+
�

�
�

�

�
�/

.

= 
V
R s s R L

1 1
−

+
�

�
�

�

�
�/

i(t) = 
V
R

R
L

t1− −�
�	



��

�

�
�

�

�
�exp

V

S

L

t

i(t)

i

R
V/R

�����	
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The variation of current is shown in Fig. 12.1(d). It can be seen from the expression that
the current will reach V/R value after infinite time. Also it can be seen that the inductor just
after closing of the switch behaves as an open circuit and that is why the current at t = 0+ is
zero. When t = L/R,

i(t) = 
V
R

I
e

−�
�	



��

1

= Im I
e

−�
�	



��

1

= 0.632 Im

At time t = L/R, the current in the circuit is 63.2% of the maximum value reached in the
circuit. This time in seconds is called the time-constant of the circuit. The larger the value of
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inductance in the circuit as compared with resistance the slower will be the build up of current

in the circuit. The energy stored in the inductor under steady state condition will be 1
2

2LIm ,

where Im = V/R.

(e) R-C circuit (Fig. 12.1(e)): After the switch S is closed, current in the circuit is given by

 I(s) = 
V s
Z s

V
s R Cs

( )
( )

.
/

=
+
1
1

= 
V
s

RC Cs
s RC

V
R s RC

.
( / )

/
.

/
1

1
1
1+

=
+

i(t) = 
V
R

 . e–t/CR

V

S

C

t

i(t)

R

V/R

�����	
�	������	�������� 

It is seen that at t = 0, the capacitor acts as a short-circuit to the d.c. source and the
current is V/R limited only by the resistance of the circuit. At t = ∞ the current in the circuit is

zero and the capacitor is charged to a voltage V. The energy stored by the capacitor is 1
2

2CV .

(f) R-L-C circuit (Fig. 12.1(f )): After the switch S is closed, the current in the circuit is
given by

 I(s) = 
V
s R Ls Cs

.
1

1+ +

= 
V
s

Cs

RCs LCs
.

+ +2 1

= 
V
s

L

s
R
L

s
LC

.
/1

12 + +

= 
V
L

s
R
L

R
L LC

s
R
L

R
L LC

.
1

2 4
1

2 4
12

2

2

2+ − −
�

�
		




�
��


�
�

��

�
�
�

��
+ + −
�

�
		




�
��


�
�

��

�
�
�

��

Let
R
L2

 = a and R

L LC

2

24
1−  = b; then

 I(s) = 
V
L s a b s a b

.
( )( )

1
+ − + +

V

S

L

i

R C

�����	
�	�
������	

������� 

V

S

L

i

R C
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= 
V
bL s a b s a b2

1 1
( ) ( )+ −

−
+ +


�
�

�
�
�

i(t) = 
V
bL2

 {e–(a – b)t – e–(a + b)t}

There are three conditions based on the value of b:

(i) If R

L LC

2

24
1> , b is real.

(ii) If R

L LC

2

24
1= , b is zero.

(iii) If 
R

L LC

2

24
1< , b is imaginary.

Case I: When b is real.

The expression for current will be

i(t) = 
V

R
L LC

L

R
L

R
L LC

t
R
L

R
L LC

t

2
4

1 2 4
1

2 4
1

2

2

2

2

2

2

−

− + −
�

�
		




�
��


�
�

��

�
�
�

��
− − − −

�

�
		




�
��


�
�

��

�
�
�

��

�

�

�
�

�

�

�
�

.

exp exp

and the variation of current is given in Fig. 12.1(g).

Case II: When b = 0.

The expression for current becomes

i(t) = 
V
bL2

 {e–at – e–at} which is indeterminate.

C
ur

re
nt

Time
(g) (h)

C
ur

re
nt

Time

�����	
�	�����$��'(�)�*+�!��������$,������$��'(�)�*+�!���-�� 

Therefore, differentiating i(t) with respect to b gives

i(t) = 
V
L2

 . t{e–(a – b)t + e–(a + b)t}

Now at b = 0

 i(t) = 
V
L

te
V
L

at− = te–(R/2L)t

The variation of current is given in Fig. 12.1(h).
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v = V sin( t + )m � �

Case III: When b is imaginary.

i(t) = 
V
bL2

 {e–at . ejkt – e–at . e–jkt} = 
V
bL2

 e–at . 2 sin kt

= 
V

L
R
L LC

e
R
L LC

tat

2
4

1
2

4
1

2

2

2

2

−

− +
�

�
		




�
��

− . sin

The wave shape of the current is shown in Fig. 12.1(i).

When b is positive or zero, the variation of current is non-oscillatory whereas it is
oscillatory when b is imaginary. Because of the presence of the capacitance, the current in all
the three cases dies down to zero value with d.c. source in the circuit.

C
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time
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R-L circuit (Fig. 12.2): When switch S is closed, the current in the circuit is given by

 I(s) = V s
Z s

V
s

s

s R Lsm
( )
( )

cos sin
.=

+
+

+


�
�

�
�
� +

ω φ
ω

φ
ω2 2 2 2

1

= 
V
L s

s

s s R L
m ω φ

ω
φ
ω

cos sin
.

/2 2 2 2
1

+
+

+


�
�

�
�
� +

Let   
R
L

 = a; then
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V
L s a s
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s
s+ +
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+
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s s
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Therefore L–1I(s) = 
V

a L
e

a
t tm at

( )
cos sin cos2 2+
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�
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�

�

�
�

−

ω
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The equation can be further simplified to

 i(t) = 
V

L a

m

2 2+ ω
 {sin (ωt + φ – θ) – sin (φ – θ) e–at}

= 
V

R L
m

( )2 2 2 1/2+ ω
 {sin (ωt + φ – θ) – sin (φ – θ) e–at}

where θ = tan–1 
ωL
R

.

The variation of current is shown in Fig. 12.3.

time

� �–

i(t) Steady-state term

Transient
component

Resultant current (t)i

�����	
�����0))�����$,�$,���!$��!/������!� 

The first term in the expression above is the steady state sinusoidal variation and the
second term is the transient part of it which vanishes theoretically after infinite time. But
practically, it vanishes very quickly after two or three cycles. The transient decay as is seen

depends upon the time constant 
1
a

L
R

=  of the circuit. Also at t = 0 it can be seen that the

transient component equals the steady state component and since the transient component is
negative the net current is zero at t = 0. It can be seen that the transient component will be
zero in case the switching on of the voltage wave is done when θ = φ, i.e., when the wave is

passing through an angle φ = tan–1 ωL

R
. This is the situation when we have no transient even

though the circuit contains inductance and there is switching operation also. On the other
hand if φ – θ = ± π/2, the transient term will have its maximum value and the first peak of the
resulting current will be twice the peak value of the sinusoidal steady state component.
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The study of 3-phase short circuit of an alternator is almost the same as the previous article
except for the fact that in the previous case we assumed the voltage source to be of constant
magnitude; here in this case the flux linkages vary and therefore the source is of varying
magnitude. This being a 3-phase circuit, the switching angles in the different phases are 120°
apart. So there is a good chance that the conditions of φ – θ = ± π/2 may occur where the d.c.
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decaying component may have its maximum value at t = 0 and the total current in some phase
may be twice the peak value of the steady state current.

Whenever a 3-phase short circuit occurs at the terminals of an alternator, the current in
the armature circuit increases suddenly to a large value and since the resistance of the circuit
then is small as compared to its reactance, the current is highly lagging and the p.f. is
approximately zero. Due to this sudden switching, as analysed in the previous section, there
are two components of currents:

(i) a.c. component,

(ii) d.c. component (decaying).

a
b

c

O

�����	
�� �+��(���,,(/�$)�('� �����!�� �$��$��(!�$��$� '�!���(!�('� ��)��$'���� $�&1%+$��� '$�,�

�$2���%,$���$�� �+�� ���)�!$,��('�$!�$,���!$�(� ��+��" � ��()%(!�!�� ���!(���+(*! 
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The current oscillogram is shown in Fig. 12.4. The rotor rotates at zero speed with respect
to the field due to a.c. component of current in the stator whereas it rotates at synchronous
speed with respect to the field due to the d.c. component of current in the stator conductors.
The rotor winding acts as the secondary of a transformer for which the primary is the stator
winding. Similarly in case the rotor has the damper winding fixed on its poles, the whole
system will work as a three winding transformer in which stator is the primary and the rotor
field winding and damper windings form the secondaries of the transformer. It is to be noted
that the transformer action is there with respect to the d.c. component of current only. The a.c.
component of current being highly lagging tries to demagnetise i.e., reduce the flux in air gap.
This reduction of flux from the instant of short circuit to the steady state operation cannot take
place instantaneously because of the large amount of energy stored by the inductance of the
corresponding system. So this change in flux is slow and depends upon the time-constant of
the system. In order to balance the suddenly increased demagnetising m.m.f. of the armature
current, the exciting current, i.e., the field winding current must increase in the same direction
of flow as before the fault. This happens due to the transformer action. At the same time, the
current in the damper and the eddy currents in the adjacent metal parts increase in obedience
to Lenz’s law, thus assisting the rotor field winding to sustain the flux in the air gap.

At the instant of the short-circuit there is mutual coupling between the stator winding,
rotor winding and the damper winding and the equivalent circuit is represented in Fig. 12.5(a).
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Since the equivalent resistance of the damper winding when referred to the stator is
more as compared to the rotor winding, the time constant of damper winding is smaller than
the rotor field winding. Therefore, the effect of damper winding and the eddy current in the
pole faces disappears after the first few cycles. Accordingly, the equivalent circuit after first
few cycles reduces to the one shown in Fig. 12.5(b). After a few more cycles depending upon the
time constant of the field winding the effect of the d.c. component will die down and steady
state conditions will prevail for which the equivalent circuit is shown in Fig. 12.5(c).

The reactance in the initial stage corresponding to Fig. 12.5(a) is called the subtransient
reactance; corresponding to Fig. 12.5(b) it is called as the transient reactance and the steady
state reactance is the synchronous reactance (Fig. 12.5(c)). It can be seen from the equivalent
circuit that the inductance increases as from the initial stage to the final steady state i.e.,
synchronous reactance > transient reactance > subtransient reactance.
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The system (Fig. 12.6) consists of an alternator connected
to a busbar. The load is removed after a short circuit
occurs. It is required to determine the voltage across the
circuit breaker during the opening period.

The generator is represented by a constant voltage
source behind the internal inductance L. The capacitance
to ground of the busbars, the bushings etc., is lumped and
is represented by C. The following assumptions are made,
in addition, for the analysis of the system:

(i) The fault is a solid one i.e., there is no arcing.

(ii) The magnitude of the positive sequence impedance is assumed to be constant for the
period in which the overvoltage is to be determined.

(iii) The effects of saturation and corona are neglected which will tend to reduce the over-
voltages.

(iv) The charging current of the transmission line before the fault, and load currents are
neglected.

(v) The current interruption takes place at current zero when the voltage passes through
maximum value.

(vi) The system is assumed to be lossless.
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L1

C1V C2 L2

v(t)

2 Vm

timet = LC��

The method used for analysis is known as current cancellation method which means the
voltage across the C.B. contact after it opens is the product of the current during the fault and
the impedance of the network between the circuit breaker contacts shorting the voltage sources.

The fault current = I(s) = 
V s
Z s

( )
( )

 = 
V
s Ls
m .

1

Here we have taken Vm, instead of Vm sin ωt, because the fault interruption takes place
at current zero when the voltage is passing through maximum value Vm.

Now the impedance between the circuit breaker contacts after shortcircuiting the voltage
source will be the impedance of the parallel combination of L and C, i.e.,

Z0(s) = 
Ls Cs
Ls Cs

Ls
LCs

s C
s LC

. /
/

/
/

1
1 1 12 2+

=
+

=
+

v(s) = I(s)Z0(s) = 
V
s sL

s C

s LC
m . .

/
/

1
12 +

= 
V
s LC s LC

V
s

s

s LC
m

m. .
/ /

1 1
1

1
12 2+

= −
+

�

�
�

�

�
�

v(t) = Vm[1 – cos ω0t]

where ω0 = 
1

LC
 or f0 = 

1
2π LC

f0 is the natural frequency of oscillation.

This variation of voltage across the circuit breaker is
shown in Fig. 12.7. The voltage v(t) is called the restriking
voltage and it has its first peak value when

ω0t = π

or  
1

LC
t  = π

or  t = π LC

and the value is 2Vm .

At t = 0 the value of the voltage is zero.

This type of transient is known as single frequency or energy transient.

Double Frequency Transient

The simplest circuit to demonstrate the double
frequency transients is given in Fig. 12.8. Here L1
and C1 are the inductance and stray capacitance
on the source side of the breaker and L2 and C2 on
the load side.

When the circuit breaker operates, the load
is completely isolated from the generator and the

�����	
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two halves of the circuit behave independently. Before the switch operates, the voltage across
the capacitors is given by

 Vc = V . 
L

L L
2

1 2+
Normally L2 > L1 and therefore the capacitor voltage is a little less than the source

voltage at any time. When the current passes through zero value, the voltage is at its maximum.
When the circuit breaker interrupts the current at its zero, the capacitor C2 will oscillate with
L2 at a natural frequency of

f2 = 
1

2 2 2π L C

and C1 will oscillate with L1 at a natural frequency

f1 = 
1

2 1 1π L C

So opening of the switch will result in double frequency transients in this circuit.

	
�� ���"�����!�&�"�������������������

So far, we have analysed the transient behaviour of various circuits with lumped parameters.
However, there are some parts of a power system where this approach is inadequate. The most
obvious example is the transmission line. Here the parameters L, C and R are uniformly
distributed over the length of the line. For steady state operation of the line the transmission
lines could be represented by lumped parameters but for the transient behaviour of the lines
they must be represented by their actual circuits i.e., distributed parameters. We say that for
a 50 Hz supply and short transmission line the sending end current equals the receiving end
current and the change in voltage from sending end to receiving end is smooth. This is not so
when transmission line is subjected to a transient.

L1

C1V C2 C3 Load

L2 L3S

+

(b)

V

+

S

–

(a)

Load
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To understand the travelling wave phenomenon over transmission line consider
Fig. 12.9 (a). The line is assumed to be lossless. Let L and C be the inductance and capacitance
respectively per unit length of the line. The line has been represented in Fig. 12.9 (b) by a large
number of L and C π-sections. The closing of the switch is similar to opening the valve at the
end of a channel, thereby admitting water to the channel from some reservoir behind. When
the valve is opened the channel does not get filled up instantaneously. We observe the water
advancing down the channel. At any instant the channel ahead of the wave front is dry while
that behind is filled with water to the capacity. Similarly, when the switch S is closed the
voltage does not appear instantaneously at the other end. When switch S is closed, the
inductance L1 acts as an open circuit and C1 as short circuit instantaneously. The same instant
the next section cannot be charged because the voltage across the capacitor C1 is zero. So
unless the capacitor C1 is charged to some value whatsoever, charging of the capacitor C2
through L2 is not possible which, of course, will take some finite time. The same argument
applies to the third section, fourth section and so on. So we see that the voltage at the successive
sections builds up gradually. This gradual build up of voltage over the transmission line
conductors can be regarded as though a voltage wave is travelling from one end to the other
end and the gradual charging of the capacitances is due to the associated current wave.

Now it is desired to find out expressions for the relation between the voltage and current
waves travelling over the transmission lines and their velocity of propagation.

Suppose that the wave after time t has travelled through a distance x. Since we have
assumed lossless lines whatever is the value of voltage and current waves at the start, they
remain same throughout the travel. Consider a distance dx which is travelled by the waves in
time dt. The electrostatic flux is associated with the voltage wave and the electromagnetic flux
with the current wave. The electrostatic flux which is equal to the charge between the conductors
of the line up to a distance x is given by

 q = VCx (12.1)

The current in the conductor is determined by the rate at which the charge flows into
and out of the line.

I = 
dq
dt

VC
dx
dt

= (12.2)

Here dx/dt is the velocity of the travelling wave over the line conductor and let this be
represented by v. Then

 I = VCv (12.3)

Similarly the electromagnetic flux linkages created around the conductors due to the
current flowing in them up to a distance of x is given by

ψ = ILx (12.4)

The voltage is the rate at which the flux linkages link around the conductor

V = IL 
dx
dt

 = ILv (12.5)

Dividing equation (12.5) by (12.3), we get

V
I

ILv
VCv

I
V

L
C

= = .
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or V

I

L
C

2

2 =

or V
I

L
C

=  = Zn (12.6)

The expression is a ratio of voltage to current which has the dimensions of impedance
and is therefore here designated as surge impedance of the line. It is also known as the natural
impedance because this impedance has nothing to do with the load impedance. It is purely a
characteristic of the transmission line. The value of this impedance is about 400 ohms for
overhead transmission lines and 40 ohms for cables.

Next, multiplying equations (12.3) with (12.5), we get

 VI = VCv . ILv = VILCv2

or  v2 = 
1

LC

or  v = 
1

LC
(12.7)

Now expressions for L and C for overhead lines are

L = 2 × 10–7 ln 
d
r

 H/metre

C = 
2πε

ln
d
r

 F/metre

Substituting these values in equation (12.7), the velocity of propagation of the wave

 v = 
1

2 10
27

1/2

×
�
�	



��

− ln .
ln /

d
r d r

πε

= 
1

4 10

1

4
1

36
10 10

7 9 7πε π
π

. .
− − −

=
× ×

= 3 × 108 metres/sec.

This is the velocity of light. This means the velocity of propagation of the travelling
waves over the overhead transmission lines equals the velocity of light. In actual practice
because of the resistance and leakance of the lines the velocity of the travelling wave is slightly
less than the velocity of light. Normally a velocity of approximately 250 m/µ sec is assumed. It
can be seen from the expression that the velocity of these waves over the cables will be smaller
than over the overhead lines because of the permittivity term in the denominator.

Since ε = ε0εr for overhead lines εr = 1 whereas for cables where the conductor is
surrounded by some dielectric material for which εr > 1, the term ε is greater for cables than for
overhead lines and therefore the velocity of the waves over the cables is smaller than over the
overhead lines.

Let us study the behaviour of these lines to the travelling waves when they reach the
other end of the lines or whenever they see a change in the impedance (impedance other than
characteristic impedance of the line).
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Open-End Line

Consider a line with the receiving end open-circuited as shown in Fig. 12.10.

V

+

S

–

dx

�����	
�	(��$���('�$!�(%�!1�!"�"�,�!� 

When switch S is closed, a voltage and current wave of magnitudes V and I respectively
travel towards the open-end. These waves are related by the equation:

 
V
I

Z=

where Z is the characteristic impedance of the line. Consider the last element dx of the line,
because, it is here where the wave is going to see a change in impedance, an impedance different
from Z (infinite impedance as the line is open-ended).

The electromagnetic energy stored by the element dx is given by 1
2 LdxI2 and electrostatic

energy in the element dx, 1
2 CdxV2. Since the current at the open-end is zero, the electromagnetic

energy vanishes and is transformed into electrostatic energy. As a result, let the change in
voltage be e; then

1
2 LdxI2 = 1

2 Cdxe2

or
e
I

L
C

�
�	


��

=
2

or e = IZ = V

This means the potential of the open-end is raised by V volts; therefore, the total potential
of the open-end when the wave reaches this end is

  V + V = 2V

The wave that starts travelling over the line when the switch S is closed, could be
considered as the incident wave and after the wave reaches the open-end, the rise in potential
V could be considered due to a wave which is reflected at the open-end and actual voltage at
the open-end could be considered as the refracted or transmitted wave and is thus

Refracted wave = Incident wave + Reflected wave

We have seen that for an open-end line a travelling wave is reflected back with positive
sign and coefficient of reflection as unity.

Let us see now about the current wave.

As soon as the incident current wave I reaches the open-end, the current at the open
end is zero, this could be explained by saying that a current wave of I magnitude travels back
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over the transmission line. This means for an open-end line, a current wave is reflected with
negative sign and coefficient of reflection unity. The variation of current and voltage waves
over the line is explained in Fig. 12.11.

V

V

I

I

I

2 V

V

– I

2 V
I = 0

t = 2 l

2 Vt = 2 l
+

– V

V

V

V

t = 3 l

t = 3 l
+

I

– I

– I– V

I = 0V = 0t = 4 l

– I

Voltage Current

�����	
�		�9$��$��(!�('��(,�$/��$!"������!���!�$!�(%�!1�!"�"�,�!� 

After the voltage and current waves are reflected back from the open-end, they reach
the source end, the voltage over the line becomes 2V and the current is zero. The voltage at
source end cannot be more than the source voltage V therefore a voltage wave of –V and current
wave of –I is reflected back into the line (Fig. 12.11). It can be seen that after the waves have
travelled through a distance of 4l, where l is the length of the line, they would have wiped out
both the current and voltage waves, leaving the line momentarily in its original state. The
above cycle repeats itself.

Short-circuited Line

Consider the line with receiving end short-
circuited as shown in Fig. 12.12.

When switch S is closed, a voltage wave of
magnitude V and current wave of magnitude I start
travelling towards the shorted end. Consider again
the last element dx, where the electrostatic energy �����	
�	
��$���('�$��+(��1��������"�,�!� 

V

+

S

–

dx
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stored by the element is 1
2 CdxV 2 and electromagnetic energy 1

2 LdxI 2. Since the voltage at the
shorted end is zero, the electrostatic energy vanishes and is transformed into electromagnetic
energy. As a result, let the change in the current be i; then

1
2 CdxV 2 = 1

2 Ldxi2

or V = iZ

or i = 
V
Z

 = I

This means the increase in current is I amperes. As a result the total current at the
shorted end, when the current wave reaches the end is (I + I) = 2I amperes. This could be
considered due to a reflected current wave of magnitude I amperes. Therefore for a short-
circuited end the current wave is reflected back with positive sign and coefficient of reflection
as unity. Since the voltage at the shorted end is zero, a voltage wave of – V could be considered
to have been reflected back into the line, i.e., the current wave in case of short-circuited end is
reflected back with positive sign and with coefficient of reflection as unity, whereas the voltage
wave is reflected back with negative sign and unity coefficient of reflection. The variation of
voltage and current over the line is explained in Fig. 12.13.

V

V

I

I

I

V = 0t = 2 l

t = 2 l
+

V

V

t = 3 l

t = 3 l
+

– V

V = 0t = 4 l

t = 0
+

Voltage Current

t = l

– V

Vt = l
+

2 I

I

V

I

3 I 2 I

3 I

3 I

4 I

I

2 I

4 I
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R

ZV

It is seen from above that the voltage wave periodically reduces to zero after it has
travelled through a distance of twice the length of the line whereas after each reflection at
either end the current is built up by an amount V/Zn = I. Theoretically, the reflection will be
infinite and therefore the current will reach infinite value. But practically in an actual system
the current will be limited by the resistance of the line and the final value of the current will be
I′ = V/R, where R is the resistance of transmission line.

Line Terminated Through a Resistance

Let Z be the surge impedance of the line terminated through
a resistance R (Fig. 12.14). It has been seen in the previous
sections that whatever be the value of the terminating
impedance whether it is open or short circuited, one of the
two voltage or current waves is reflected back with negative
sign. Also, since the reflected wave travels along the overhead
line or over the line along which the incident wave travelled,
therefore, the following relation holds good for reflected voltage
and current waves.

 I′ = – 
V
Z
′

where V′ and I′ are the reflected voltage and current waves. Also,

Refracted or transmitted wave = Incident wave + Reflected wave

Let V″ and I″ be the refracted voltage and current waves into the resistor R, when the
incident waves V and I reach the resistance R. The following relations hold good:

I = 
V
Z

I′ = – 
V
Z
′

I″ = 
V
R
″

Since I″ = I + I′ and V″ = V + V′, using these relations, we have

 
V
R

V
Z

V
Z

″ = − ′
(12.8)

= 
V
Z

V V
Z

− ″ −
 = 

2V
Z

V
Z

− ″

or  V″ = 
2VR
Z R+

(12.9)

and current   I″ = 
2 2V

R Z
V
Z

Z
R Z+

=
+

.  = I . 
2Z

R Z+ (12.10)

Similarly substituting for V″ in terms of (V + V′), equation (12.8) becomes

V V
R

V
Z

V
Z

+ ′ = − ′
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or V′ = V . 
R Z
R Z

−
+ (12.11)

and  I′ = – V
Z

V
Z

R Z
R Z

′ = − −
+

.
( ) (12.12)

From the relations above, the coefficient of refraction for current waves

= 2Z
R Z+

and for voltage waves = 
2R

R Z+

Similarly, the coefficient of reflection for current waves

= – 
R Z
R Z

−
+

and for voltage waves = + 
R Z
R Z

−
+

Now the two extreme cases can be derived out of this general expression. For open
circuit,

  R → ∞
and coefficient of refraction for current waves

  
2

0
Z

Z∞ +
=

and coefficient of refraction for voltage waves

= 
2 2

1
2

1
R

R Z Z R Z+
=

+
=

+ ∞/ /
 = 2

Similarly, coefficient of reflection for current waves

= – 
R Z
R Z

Z R
Z R

−
+

= − −
+

1
1

/
/

 = – 1

and coefficient of reflection for voltage waves

= 
R Z
R Z

−
+

 = 1

Similarly, to find out the coefficients of reflection and refraction for current and voltage
waves for the short circuit case, the value of R = 0 is to be substituted in the corresponding
relations as derived in this section.

It is, therefore, seen here that whenever a travelling wave looks into a change in
impedance, it suffers reflection and refraction. It is shown below that in case Z = R i.e., the line
is terminated through a resistance whose value equals the surge impedance of the line (i.e., no
change in the impedance) there will be no reflection and the wave will enter fully into the
resistance, i.e., the coefficient of refraction will be unity whereas the coefficient of reflection
will be zero.
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When R = Z, substituting this, the coefficient of reflection for current wave

= – 
R Z
R Z

Z Z
Z Z

−
+

= −
+

 = 0

and for voltage wave = 
R Z
R Z

−
+

 = 0

The coefficient of refraction for current wave

= 
2 2

2
Z

R Z
Z
Z+

=  = 1

and for voltage wave = 
2R

R Z+
 = 1

It is seen that when a transmission line is terminated through a resistance equal to its
surge impedance the wave does not suffer reflection and, therefore, such lines could be said to
be of infinite length. Such lines are also called as matched lines and the load corresponding to
this is known as surge impedance loading or natural impedance loading. Detailed idea about
this kind of loading is given in Chapter 4.

Line Connected to a Cable

A wave travels over the line and enters the cable
(Fig. 12.15). Since the wave looks into a different
impedance, it suffers reflection and refraction at the
junction and the refracted voltage wave is given by

 V″ = V . 
2 2

1 2

Z
Z Z+

The other waves can be obtained by using the relations (12.10–12.12). The impedance of
the overhead line and cable are approximately 400 ohms and 40 ohms respectively. With these
values it can be seen that the voltage entering the cable will be

 V″ = V . 
2 40

40 400
2
11

×
+

= V

i.e., it is about 20% of the incident voltage V. It is for this reason that an overhead line is
terminated near a station by connecting the station equipment to the overhead line through a
short length of underground cable. Besides the reduction in the magnitude of the voltage wave,
the steepness is also reduced because of the capacitance of the cable. This is explained in the
next section. The reduction in steepness is very important because this is one of the factors for
reducing the voltage distribution along the windings of the equipment. While connecting the
overhead line to a station equipment through a cable it is important to note that the length of
the cable should not be  very short (should not be shorter than the expected length of the wave)
otherwise successive reflections at the junction may result in piling up of voltage and the
voltage at the junction may reach the incident voltage.

Reflection and Refraction at a T-junction

A voltage wave V is travelling over the line with surge impedance Z1 as shown in Fig. 12.16.
When it reaches the junction, it looks a change in impedance and, therefore, suffers reflection

�������������������������

�����������

Z1

Z2
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Z1

Z2

Z3

and refraction. Let V2″, I2″ and V3″, I3″ be the voltages and currents in the lines having surge
impedances Z2 and Z3 respectively. Since Z2 and Z3 form a parallel path as far as the surge
wave is concerned, V2″ = V3″ = V″. Therefore, the following relations hold good:

 V + V′ = V″

 I = 
V
Z1

, I′ = – 
V
Z

′

1

I2″ = 
V
Z

″

2
 and I3″ = 

V
Z

″

3

and I + I′ = I2″ + I3″ (12.13)

Substituting in equation (12.13) the values of currents

 
V
Z

V
Z

V
Z

V
Z1 1 2 3

− ′ = ″ + ″

Substituting for V′ = V″ – V,

V
Z

V V
Z

V
Z

V
Z1 1 2 3

−
″ −

=
″

+
″

2 1 1 1

1 1 2 3

V
Z

V
Z Z Z

= ″ + +
�

�
�

�

�
�

or  V″ = 
2

1 1 1
1

1 2 3

V Z

Z Z Z

/

+ +
(12.14)

Similarly other quantities can be derived.

Example 12.1: A 3-phase transmission line has conductors 1.5 cms in diameter spaced
1 metre apart in equilateral formation. The resistance and leakance are negligible. Calculate
(i) the natural impedance of the line, (ii) the line current if a voltage wave of 11 kV travels
along the line, (iii) the rate of energy absorption, the rate of reflection and the state and the
form of reflection if the line is terminated through a star connected load of 1000 ohm per
phase, (iv) the value of the terminating resistance for no reflection and (v) the amount of
reflected and transmitted power if the line is connected to a cable extension with inductance
and capacitance per phase per cm of 0.5 × 10–8 H and 1 × 10–6 µF respectively.

Solution: The inductance per unit length

= 2 × 10–7 ln 
d
r

 H/metre

= 2 × 10–7 ln 
100
0.75

= 2 × 10–7 ln 133.3

= 2 × 10–7 × 4.89

= 9.78 × 10–7 H/m

The capacitance per phase per unit length

= 
2πε

ln /d r
 F/metre
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 = 
2 10
36

9π
π
× −

ln /d r

 = 
1

18
10 9

×
−

4.89
 = 1.136 × 10–11

∴  The natural impedance = 
L
C

 ohms

 = 
9.78 10

1.136 10

7

11

×
×

−

−  = 294 Ω. Ans.

(ii) The line current = 
11000

3 294×
 = 21.6 amps. Ans.

(iii) Since the terminating resistance is of higher value as compared to the value of the
surge impedance of the line, the reflection is with a positive sign.

The voltage across the terminating resistance

 E″ = 
2 2

1 2

Z E
Z Z+

where Z1 = line surge impedance, Z2 = terminating impedance, and E = incident voltage.

E″ = 2 × 
11000

3

1000
1294

 = 9.8 kV

∴ The rate of power consumption = 
3 2E

R
″

MW

 = 
3 × ×9.8 9.8

1000
 × 1000 kW

 = 288 kW. Ans.

The reflected voltage E′ = 
Z Z
Z Z

E2 1

2 1

1000 294
1294

11
3

−
+

= − ×  kV

 = 
706
1294

11

3
×  = 3.465 kV

∴  The rate of reflected energy = 
3

294

2× 3.465
 × 1000 kW

= 121.8 kW. Ans.

(iv) In order that the incident wave when reaches the terminating resistance, does not
suffer reflection, the terminating resistance should be equal to the surge impedance of the
line, i.e., 294 ohms. Ans.

(v) The surge impedance of the cable = 
L
C

=
× −

−
0.5 10

10

8

12

  = 70.7 ohm

The refracted voltage = 
2 70.7 11

3

×
+

×
294 70.7
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  = 
2 70.7

3 364.7

× ×
×

11
 = 2.46 kV

The reflected voltage  = 
70.7 294

364.7
11

3

− ×

   = 
− ×

×
2233 11

3 364 7

.

.
 = – 3.9 kV

∴ The refracted and reflected powers are respectively.

3
70.7

2× 2.46
 × 1000 = 256 kW and

3 2× 3.9
294

 × 1000 = 155 kW. Ans.

Example 12.2: A surge of 15 kV magnitude travels along a cable towards its junction
with an overhead line. The inductance and capacitance of the cable and overhead line are
respectively 0.3 mH, 0.4 µF and 1.5 mH, 0.012 µF per km. Find the voltage rise at the junction
due to the surge.

Solution: In this problem the surge travels from the cable towards the overhead line
and hence there will be positive voltage reflection at the junction.

The natural impedance of the cable = 
0.3 10
0.4 10

3

6

×
×

−

−

= 
3 10

10

4

6

×
×

−

−0.4
 = 27.38

The natural impedance of the line = 
1.5

0.012 10 6

×
×

−

−
10 3

= 
1.5

0.12 10 7

×
×

−

−
10 3

 = 353 ohms.

The voltage rise at the junction is the voltage transmitted into the overhead line as the
voltage is zero before the surge reaches the junction.

E″ = 
2 353 15

353 27
2 353 15

380
× ×

+
= × ×

 = 27.87 kV. Ans.

Example 12.3: A surge of 100 kV travelling in a line of natural impedance 600 ohms
arrives at a junction with two lines of impedances 800 ohms and 200 ohms respectively. Find
the surge voltages and currents transmitted into each branch line.

Solution: The problem deals with a reflection at a T-joint. The various natural
impedances are: Z1 = 600 ohms, Z2 = 800 ohms, Z3 = 200 ohms. The surge magnitude is 100 kV.

The surge as it reaches the joint suffers reflection and here the two lines are in parallel;
therefore, the transmitted voltage will have the same magnitude and is given by

 E″ = 
2

1 1 1
2 100 600

1
600

1
800

1
200

1

1 2 3

E Z

Z Z Z

/ /

+ +
= ×

+ +
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C

Z

V

= 
0.333

(1.67 1.25 5.0) 10
0.333

+ + ×
= ×

−3

310
7 92.

= 
33.3
7.92

 × 10 = 42.04 kV. Ans.

The transmitted current in line Z2 = 
42.04 1000

800
×

 amps = 52.55 amps. Ans.

The transmitted current in line Z3 = 
42.04 1000

200
×

 amps = 210.2 amps. Ans.

Line Terminated Through a Capacitance

We consider here that a d.c. surge of infinite length travels
over the line of surge impedance Z and is incident on the
capacitor as shown in Fig. 12.17. We are interested in finding
out the voltage across the capacitor i.e., the refracted voltage.
The refracted voltage, using equation (12.9),

 V″(s) = 
2.1/

/
. .

Cs
Z Cs

V
s

V
s ZCs+

=
+1

2 1
1

= 
2 1

1
2

1 1
1

V
s

ZC
s ZC

V
s s ZC

.
/

/ /+
= −

+
�

�
�

�

�
�

 v″(t) = 2V[1 – e–t/ZC] (12.15)

The variation of voltage is shown in Fig. 12.18(b).

t

V

t

v(t)

(a) (b)

���������
�%�&�	��������'����(������%�&�)����(����!�**���+�����!�

It is to be noted that since terminating impedance is not a transmission line, therefore,
V″(s) is not a travelling wave but it is the voltage across the capacitor C.

Capacitor Connection at a T

The voltage across capacitor is given by the equation

 V″(s) = 
2

1 1
2 11

1 2

2 1 2

1 2

1 2

V Z s

Z Z
Cs

VZ
s

Z Z C
Z Z
Z Z C

s

/
.

( / )
( )+ +

= + +

���������������� ��!,������

�-!� (-��� ��+���������
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�

V

– V

C

Z1 Z2= 
2 1

1 1 2

1 2

V
sZ C s

Z Z
Z Z C

.
+ +

Let      
Z Z
Z Z C

1 2

1 2

+
 = α; then

V″(s) = 
2 1 1V
s

Z C
s

.
/
+ α

or V″(s) = 
2 2

1 2

1 2 1 2V
s

Z
Z Z

Z Z Z Z C
s

. .
( )/

( )+
+

+ α

= 
2 2 1 12

1 2

2

1 2

V
s

Z
Z Z s

VZ
Z Z s s

. .
+ +

=
+

−
+

�

�
�

�

�
�

α
α α

or  v″(t) = 
2

12

1 2

1 2

1 2

V Z
Z Z

Z Z
Z Z C

t
.

exp
+

− −
+�

�	



��
�

�
�
�

�

�
�
�

(12.16)

The variation of the wave is shown in Fig. 12.20.

Time

v (t)�

2 VZ2

Z + Z1 2

�����������)�!����������'����(����!�**��-����+�����!�

We have assumed in the derivation of the expression
for voltage across the capacitor in the previous section that
the travelling surge is of infinite length. Let us now derive
the expression when the surge is of finite duration say τ
(Fig. 12.21). Also, let the magnitude of this wave be V units.
The wave could be decomposed into two waves.

Here f(t) = Vu(t) – Vu(t – τ)

Vu(t – τ) = V for t ≥ τ
= 0 for t < τ

With this, voltage across the capacitor is given by

 V″(s) = L{f(t)} . 
2

1 1
2

1 1
2
1 1

1

1 2

1

1 2

1

1 2

/ / ( / ) .Z

Z Z
Cs

V Z s

Z Z
Cs

V Z s e

Z Z
Cs

s

+ +
=

+ +
−

+ +

−τ

������������+�����!

���������������

������������ !(���������������(�-�τ.
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3000 pF

350 �

t

v (t)�

�

v″(t) = 2V . 
Z

Z Z
Z Z
Z Z C

t2

1 2

1 2

1 2
1

+
− −

+�

�	



��
�

�
�
�

�

�
�
�

exp

– 
2

12

1 2

1 2

1 2

VZ
Z Z

Z Z
Z Z C

t
+

− −
+

−

�
�

�
�
�

�

�
�
�

�

�
�
�

exp ( )τ

The variation of voltage is shown in Fig. 12.22.

Thus for time 0 < t < τ only the first term in the
expression is active and for t ≥ τ both the terms are active.
The rise in voltage is maximum at t = τ when the value will
be

 v″(t) = 
2

1
22

1 2

1 2

1 2

2

1 2

VZ
Z Z

Z Z
Z Z C

VZ
Z Z+

− −
+�

�	



��
�

�
�
�

�

�
�
�

−
+

exp τ  [1 – e0]

= 
2

12

1 2

1 2

1 2

VZ
Z Z

Z Z
Z Z C+

− −
+�

�	



��
�

�
�
�

�

�
�
�

exp τ (12.17)

It is, therefore, clear that the attenuation in the magnitude of voltage for a short wave is
much more rapid than for long wave.

We have seen that the effect of a shunt capacitor is to reduce the steepness and magnitude
of the wave reaching an equipment. Since an inductor is dual to a capacitor, an inductor in
series of the lines should give the same effect.

Example 12.4: A 500 kV 2 µ sec rectangular surge on a line having a surge impedance
of 350 ohms approaches a station at which the concentrated earth capacitance is 3000 pF.
Determine the maximum value of the transmitted wave.

Solution: The diagram corresponding to the problem is as follows:

The maximum value of voltage will be

 E″ = 2E 1 − −�
�	



��

�

�
�

�

�
�exp

τ
ZC

= 2 × 500 1
2 10 10

350 3000

6 12

− − × ×
×

�

�	



��
�

�
�
�

�

�
�
�

−
exp

= 2 × 500 1
2 10
350 3

3

− −
×

×
�

�	



��
�

�
�
�

�

�
�
�

exp

= 2 × 500[1 – e–1.9]

= 2 × 500[1 – 0.15]

= 850 kV. Ans.

Example 12.5: An inductance of 800 µH connects two sections of a transmission line
each having a surge impedance of 350 ohms. A 500 kV 2 µs rectangular surge travels along the
line towards the inductance. Determine the maximum value of the transmitted wave.

�����������)�!����������'����(�

��!�**��-����+�����!�/��-�������

� !������ ��������� * !(��

�����������
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R x� L x�

G x� C x�

V, I

� x

Solution: The maximum value of the transmitted surge is given by

 E″ = E 1
2

− −�
�	



��

�

�
�

�

�
�exp

Z
L

τ

= 500 1
2 350

800
2− −

×
×�

�	


��

�

�
�

�

�
�exp

= 500[1 – e–0.875 × 2]

= 500[1 – e–1.750]

= 500[1 – 0.173]

= 413.5 kV. Ans.

���� �������������������������������

Let R, L, C and G be the resistance, inductance, capacitance and conductance respectively per
unit length of a line (Fig. 12.23). Let the value of voltage and current waves at x = 0 be V0 and
I0. Our objective is to find the values of voltage and current waves when they have travelled
through a distance of x units over the overhead line. Let the time taken be t units when voltage
and current waves are V and I respectively. To travel a distance of dx, let the time taken be dt.
The equivalent circuit for the differential length dx of the line is shown in Fig. 12.24.

�x

x

x = 0

V ,0 I0

V, I

������������!�'�����(�/�'���������**1������

The power loss in the differential element is

dp = I 2R dx + V 2G dx (12.18)

Also power at a distance x . VI = p = I 2Zn

Differential power,    dp = – 2IZndI (12.19)

where Zn is the natural impedance of the line. Here negative
sign has been assigned as there is reduction in power as the
wave travels with time.

Equating the equations (12.18) and (12.19),

  – 2IZndI = I 2R dx + V 2G dx

= I 2R dx + I 2Zn
2G dx

or  dI = – 
I R GZ

Z
dxn

n

( )+ 2

2

�����������2����!����������,���

��� �!��*,�**���� �����
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or  dI

I

R GZ

Z
dxn

n

= −
+( )2

2

or ln I = – R GZ
Z

n

n

+�

�	



��
2

2
 x + A

At x = 0, I = I0,  ∴ A = ln I0.

or  ln 
I
I

R GZ
Z

xn

n0

2

2
= −

+
 = – ax

where a = 
R GZ

Z
n

n

+ 2

2
.

∴    I = I0e
–ax. (12.20)

Similarly it can be proved that V = V0e–ax. This shows that the current and voltage
waves get attenuated exponentially as they travel over the line and the magnitude of attenuation
depends upon the parameters of the line. Since the value of resistance depends not only on the
size of the conductors but also on the shape and length of the waves. An empirical relation due
to Foust and Menger takes into account the shape and length of the wave for calculating the
voltage and current at any point on the line after it has travelled through a distance x units
and is given as

V = 
V
KxV

0

01 +
(12.21)

where x is in kms, V and V0 are in kV and K is the attenuation constant, of value

K = 0.00037 for chopped waves

= 0.00019 of short-waves

= 0.0001 for long-waves.

Example 12.6: A travelling wave of 50 kV enters an overhead line of surge impedance
400 ohms and conductor resistance 6 ohm per km. Determine (i) the value of the voltage wave
when it has travelled through a distance of 50 km, and (ii) the power loss and the heat loss of
the wave during the time required to traverse this distance. Neglect the losses in the insulation
and assume a wave velocity of 3 × 105 km per second. Determine the corresponding values for
a cable having surge impedance of 40 ohms and relative permittivity 4.

Solution: (i) Since the line has some specific resistance, the wave as it travels gets
attenuated in magnitude.

The magnitude of the wave is given by

 e = e0ε–1/2(R/Z + GZ)x

where e = the value of voltage when travelled through a distance of x kilometres, R, G the
resistance and leakance per kilometre length of the line and Z is the surge impedance,
e0 = initial magnitude of the surge voltage, ε the Naperian base.

Here in this problem e0 = 50 kV, x = 50 km, R = 6 ohm and Z = 400 ohm and G = 0.0 mhos.
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Substituting these values,

 e = 50ε–1/2 
6

400
50×�

�	


��

 = 50 × ε–0.375 = 50 × 0.69 = 34.5 kV

(ii) The power loss is the instantaneous quantity and is required to be calculated when
the wave travels the distance of 50 km where the voltage magnitude is 34.5 kV.

The power loss =
34.5 34.5

400
×

 × 1000 kW = 2975 kW

The heat loss is the integrated value of power over the distance (or time) the wave has
travelled.

Heat loss = 
0

t
ei dt�

Now e = e0ε–1/2 
Rx
Z

 and similarly, i = i0ε–1/2 
R
Z

x. Now,

 x = vt

∴  e = e0 . ε–1/2 
R
Z

vt and i = i0ε–1/2 R
Z

vt

Substituting these values, we get

Heat loss = 
0

0 0

t
R Z vte i dt� −ε ( / )

where v = the velocity of the wave

t = 
x
v

=
×
50

3 105  = 16.67 × 10–5 sec

and i0 = 
e
Z
0 50 1000

4000
=

×  = 125 amps.

∴ Heat loss = – 
0

16.67 10 5

50 125
× −

−

� × ε ( / )R Z vt dt

= – 50 × 125 × 
400

6 3 105× ×
 [e–0.75 – 1]

= 0.736 kJ or 176 cal. Ans.

���	 ���������������������

The switching of a capacitance such as disconnecting a line or a cable or a bank of capacitor
poses serious problems in power systems in terms of abnormally high voltages across the circuit
breaker contacts. Under this situation the current leads the voltage by about 90°. Assuming
that the current interruption takes place when it is passing through zero value the capacitor
will be charged to maximum voltage. Since the capacitor is now isolated from the source, it
retains its charge as shown in Fig. 12.25 (c) and because of trapping of this charge, half a cycle
after the current zero the voltage across the circuit breaker contact is 2V which may prove to
be dangerous and may result in the circuit breaker restrike. This is equivalent to closing the
switch suddenly which will result into oscillations in the circuit at the natural frequency
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f = 
1

2π LC
The circuit condition corresponds to Fig. 12.6. The only difference between the two circuits

is that whereas in Fig. 12.25 the capacitor is charged to a voltage V, in Fig. 12.6 it is assumed
to be without charge. Therefore, the voltage across the capacitor reaches 3V. Since the source
voltage is V, the voltage across the breaker contacts after another half cycle will be 4V which
may cause another restrike. This phenomenon may theoretically continue indefinitely,
increasing the voltage by successive increments of 2V. This may result into an external flashover
or the failure of the capacitor. This is due to the inability of the circuit breaker to provide
sufficient dielectric strength to the contacts to avoid restrikes after they are opened first.

V

L

C

Voltage

Current

t

t

t

2 V

(d)

(c)

(b)

V

(a)

���������� %�&��4 �'��������!� �����!���+�����!�*/���-��(5�%�&��1*��,�'����(������� !!���5

%�&���+�����!�'����(�5�%�&�)����(����!�**��-��*/���-�

This problem is practically solved by using air blast circuit breakers or multibreak
breakers.
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Figure 12.26 shows a 3-phase system with isolated neutral. The shunt capacitances are also
shown. Under balanced conditions and complete transposed transmission lines, the potential
of  the neutral is near the ground potential and the currents in various phases through the
shunt capacitors are leading their corresponding voltages by 90°. They are displaced from
each other by 120° so that the net sum of the three currents is zero (Fig. 12.26(b)). Say there is
line-to-ground fault on one of the three phases (say phase ‘c’). The voltage across the shunt
capacitor of that phase reduces to zero whereas those of the healthy phases become line-to-line
voltages and now they are displaced by 60° rather than 120°. The net charging current now is
three times the phase current under balanced conditions (Fig. 12.26(c)). These currents flow
through the fault and the windings of the alternator. The magnitude of this current is often
sufficient to sustain an arc and, therefore, we have an arcing ground. This could be due to a
flashover of a support insulator. Here this flashover acts as a switch. If the arc extinguishes
when the current is passing through zero value, the capacitors in phases a and b are charged
to line voltages. The voltage across the line and the grounded points of the post insulator will
be the superposition of the capacitor voltage and the generator voltage and this voltage may be
good enough to cause flashover which is equivalent to restrike in a circuit breaker. Because of
the presence of the inductance of the generator winding, the capacitances will form an oscillatory
circuit and these oscillations may build up to still higher voltages and the arc may reignite
causing further transient disturbances which may finally lead to complete rupture of the post
insulators.

Icb Ica

a

b

c

(a)

Ib

Va

Ia

Vc

Ic

Vb

(b)

60°

Vc

E, Vc

3 Ic

Vbc

Vac

V

(c)

���������	 %�&�.6+-�*��*1*��,�/��-��*��������� �!��5�%�&��-�*�!����(!�,� ���!
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Lightning has been a source of wonder to mankind for thousands of years. Schonland points
out that any real scientific search for the first time was made into the phenomenon of lightning
by Franklin in 18th century.

Before going into the various theories explaining the charge formation in a thunder
cloud and the mechanism of lightning, it is desirable to review some of the accepted facts
concerning the thunder cloud and the associated phenomenon.

1. The height of the cloud base above the surrounding ground level may vary from 500
to 30,000 ft. The charged centres which are responsible for lightning are in the range of 1000 to
5000 ft.

2. The maximum charge on a cloud is of the order of 10 coulombs which is built up
exponentially over a period of perhaps many seconds or even minutes.

3. The maximum potential of a cloud lies approximately within the range of 10 MV to
100 MV.

4. The energy in a lightning stroke may be of the order of 250 kWhr.

5. Raindrops:

(a) Raindrops elongate and become unstable under an electric field, the limiting diameter
being 0.3 cm in a field of 10 kV/cm.

(b) A free falling raindrop attains a constant velocity with respect to the air depending
upon its size. This velocity is 800 cm/sec for drops of the size 0.25 cm dia. and is zero for spray.
This means that in case the air currents are moving upwards with a velocity greater than 800
cm/sec, no rain drop can fall.

(c) Falling raindrops greater than 0.5 cm in dia become unstable and break up into
smaller drops.

(d) When a drop is broken up by air currents, the water particles become positively
charged and the air negatively charged.

(e) When an ice crystal strikes with air currents, the ice crystal is negatively charged
and the air positively charged.

Wilson’s Theory of Charge Separation

Wilson’s theory is based on the assumption that a large number of ions are present in the
atmosphere. Many of these ions attach themselves to small dust particles and water particles.
It also assumes that an electric field exists in the earth’s atmosphere during fair weather
which is directed downwards towards the earth (Fig. 12.27(a)). The intensity of the field is
approximately 1 volt/cm at the surface of the earth and decreases gradually with height so
that at 30,000 ft it is only about 0.02 V/cm. A relatively large raindrop (0.1 cm radius) falling in
this field becomes polarized, the upper side acquires a negative charge and the lower side a
positive charge. Subsequently, the lower part of the drop attracts –ve charges from the
atmosphere which are available in abundance in the atmosphere leaving a preponderance of
positive charges in the air. The upwards motion of air currents tends to carry up the top of the
cloud, the +ve air and smaller drops that the wind can blow against gravity. Meanwhile the
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falling heavier raindrops which are negatively charged settle on the base of the cloud. It is to
be noted that the selective action of capturing –ve charges from the atmosphere by the lower
surface of the drop is possible. No such selective action occurs at the upper surface. Thus in the
original system, both the positive and negative charges which were mixed up, producing
essentially a neutral space charge, are now separated. Thus according to Wilson’s theory since
larger negatively charged drops settle on the base of the cloud and smaller positively charged
drops settle on the uper positions of the cloud, the lower base of the cloud is negatively charged
and the upper region is positively charged (Fig. 12.27(b)).
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Simpson’s and Scarse Theory

Simpson’s theory is based on the temperature variations in the various regions of the cloud.
When water droplets are broken due to air currents, water droplets acquire positive charges
whereas the air is negatively charged. Also when ice crystals strike with air, the air is positively
charged and the crystals are negatively charged. The theory is explained with the help of
Fig. 12.28.
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Let the cloud move in the direction from left to right as shown by the arrow. The air
currents are also shown in the diagram. If the velocity of the air currents is about 10 m/sec in
the base of the cloud, these air currents when collide with the water particles in the base of the
cloud, the water drops are broken and carried upwards unless they combine together and fall
down in a pocket as shown by a pocket of positive charges (right to bottom region in Fig. 12.28).
With the collision of water particles we know the air is negatively charged and the water
particles positively charged. These negative charges in the air are immediately absorbed by
the cloud particles which are carried away upwards with the air currents. The air currents go
still higher in the cloud where the moisture freezes into ice crystals. The air currents when
collide with ice crystals the air is positively charged and it goes in the upper region of cloud
whereas the negatively charged ice crystals drift gently down in the lower region of the cloud.
This is how the charge is separated in a thundercloud. Once the charge separation is complete,
the conditions are now set for a lightning stroke.

Mechanism of Lightning Stroke

Lightning phenomenon is the discharge of the cloud to the ground. The cloud and the ground
form two plates of a gigantic capacitor and the dielectric medium is air. Since the lower part of
the cloud is negatively charged, the earth is positively charged by induction. Lightning discharge
will require the puncture of the air between the cloud and the earth. For breakdown of air at
STP condition the electric field required is 30 kV/cm peak. But in a cloud where the moisture
content in the air is large and also because of the high altitude (lower pressure) it is seen that
for breakdown of air the electric field required is only 10 kV/cm. The mechanism of lightning
discharge is best explained with the help of Fig. 12.29.

After a gradient of approximately 10 kV/cm is set up in the cloud, the air surrounding
gets ionized. At this a streamer (Fig. 12.29(a)) starts from the cloud towards the earth which
cannot be detected with the naked eye; only a spot travelling is detected. The current in the
streamer is of the order of 100 amperes and the speed of the streamer is 0.5 ft/µ sec. This
streamer is known as pilot streamer because this leads to the lightning phenomenon. Depending
upon the state of ionization of the air surrounding the streamer, it is branched to several paths
and this is known as stepped leader (Fig. 12.29(b)). The leader steps are of the order of 50 m in
length and are accomplished in about a microsecond. The charge is brought from the cloud
through the already ionized path to these pauses. The air surrounding these pauses is again
ionized and the leader in this way reaches the earth (Fig. 12.29(c)).

Once the stepped leader has made contact with the earth it is believed that a power
return stroke (Fig. 12.29(c)) moves very fast up towards the cloud through the already ionized
path by the leader. This streamer is very intense where the current varies between 1000 amps
and 200,000 amps and the speed is about 10% that of light. It is here where the –ve charge of
the cloud is being neutralized by the positive induced charge on the earth (Fig. 12.29(d)). It is
this instant which gives rise to lightning flash which we observe with our naked eye. There
may be another cell of charges in the cloud near the neutralized charged cell. This charged cell
will try to neutralize through this ionised path. This streamer is known as dart leader
Fig. 12.29(e). The velocity of the dart leader is about 3% of the velocity of light. The effect of the
dart leader is much more severe than that of the return stroke.
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The discharge current in the return streamer is relatively very large but as it lasts only
for a few microseconds the energy contained in the streamer is small and hence this streamer
is known as cold lightning stroke whereas the dart leader is known as hot lightning stroke
because even though the current in this leader is relatively smaller but it lasts for some
milliseconds and therefore the energy contained in this leader is relatively larger.

It is found that each thunder cloud may contain as many as 40 charged cells and a heavy
lightning stroke may occur. This is known as multiple stroke.
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The severity of switching surges for voltage 400 kV and above is much more than that due to
lightning voltages. All the same it is desired to protect the transmission lines against direct
lightning strokes. The object of good line design is to reduce the number of outages caused by
lightning. To achieve this the following actions are required:

(i) The incidence of stroke on to power conductor should be minimised.

(ii) The effect of those strokes which are incident on the system should be minimized.

To achieve (i) we know that, lightning normally falls on tall objects; thus tall towers are
more vulnerable to lightning than the smaller towers. In order to keep smaller tower height
for a particular ground clearance, the span lengths will decrease which requires more number
of towers and hence the associated accessories like insulators etc. The cost will go up very
high. Therefore, a compromise has to be made so that adequate clearance is provided, at the
same time keeping longer span and hence lesser number of towers.

With a particular number of towers the chances of incidence of lightning on power
conductors can be minimized by placing a ground wire at the top of the tower structure. Refer
to article 16.3 for ground wires.

Once the stroke is incident on the ground wire, the lightning current propagates in both
the directions along the ground wire. The tower presents a discontinuity to the travelling
waves; therefore they suffer reflections and refraction. The system is, then, equivalent to a
line bifurcated at the tower point.

We know that, the voltage and current transmitted into the tower will depend upon the
surge impedance of the tower and the ground impedance (tower footing resistance) of the
tower. If it is low, the wave reflected back up the tower will largely remove the potential
existing due to the incident wave. In this way the chance of flash over is eliminated. If, on the
other hand, the incident wave encounters a high ground impedance, positive reflection will
take place and the potential on the top of the tower structure will be raised rather than lowered.
It is, therefore, desired that for good line design high surge impedances in the ground wire
circuits, the tower structures and the tower footing should be avoided. Various methods for
lowering the tower footing resistances have been discussed in article 16.3.

���"��!�

12.1. Given an RL circuit with a sudden 50 Hz sinusoidal voltage applied where R = 20 ohms, L =
0.36 H and voltage V = 220 V.

(a) The switch is closed at such a time as to permit maximum transient current. What is the
instantaneous value of V upon closing the switch ?

(b) What is the maximum value of current in part (a) ?

(c) Let the switch be closed so as to yield minimum transient current. What instantaneous val-
ues of V and α correspond to this instant of closing the switch ?

12.2. Determine the relative attenuation occurring in two cycles in the over voltage surge set up on a
132 kV cable fed through an air blast breaker when the breaker opens on a system short circuit.
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The breaker uses critical resistance switching. The network parameters are R = 10 ohms, L = 8
mH and C = 0.08 µF.

12.3. Explain with neat diagrams two different theories of charge generation and separation in a
thunder cloud.

12.4. Explain with neat sketches the mechanism of lightning discharge.

12.5. Differentiate between a hot lightning stroke and a cold lightning stroke.

12.6. Show that a travelling wave moves with a velocity of light on the overhead line and its speed is

proportional to 1/ εr  on a cable with dielectric material of permittivity εr.

12.7. Explain the variation of current and voltage on an overhead line when one end of the line is
(i) short-circuited, and (ii) open-circuited and at the other end a source of constant e.m.f. V is
switched in.

12.8. What is a travelling wave ? Explain the development of such a wave on an overhead line.

12.9. An overhead transmission line with surge impedance 400 ohms is 300 km long. One end of this
line is short-circuited and at the other end a source of 11 kV is suddenly switched in. Calculate
the current at the source end 0.005 sec after the voltage is applied.

12.10. Explain why a short length of cable is connected between the dead end tower and the terminal
apparatus in a station. An overhead line with surge impedance 400 ohms is connected to a termi-
nal apparatus through a short length of cable of surge impedance 40 ohms.

A travelling wave of constant magnitude 100 kV and infinite duration originates in the overhead
line and travels towards the junction with the cable. Calculate the energy transmitted into the
cable during a period of 5 µ sec after the arrival of the wave at the junction.

12.11. An overhead line with inductance and capacitance per km of 1.24 mH and 0.087 µF respectively
is connected in series with an underground cable having inductance and capacitance of 0.185
mH/km and 0.285 µF/km. Calculate the values of transmitted and reflected waves of voltage and
current at the junction due to a voltage surge of 110 kV travelling to the junction (i) along the
line towards the cable, and (ii) along the cable towards the line.

12.12. An overhead line with surge impedance 400 ohms bifurcates into two lines of surge impedance
400 ohms and 40 ohms respectively. If a surge of 20 kV is incident on the overhead line, deter-
mine the magnitudes of voltage and current which enter the bifurcated lines.

12.13. A long overhead line has a surge impedance of 500 ohms and an effective resistance of 6 ohms
per km. If a surge of 400 kV enters the line at a certain point, calculate the magnitude of this
surge after it has traversed 100 km and calculate the power loss and heat loss of the wave over
this distance. Assume velocity of wave as 3 × 108 m/sec.

12.14. A rectangular surge of 2 µ sec duration and magnitude 100 kV travels along a line of surge
impedance 500 ohms. The latter is connected to another line of equal impedance through an
inductor of 500 µH. Calculate the maximum value of surge transmitted to the second line.

12.15. The effective inductance and capacitance of a faulted system as viewed from the contacts of a
breaker are 2.5 mH and 600 pF respectively. Determine the restriking voltage across the breaker
contacts when a fault current of 150 amps is chopped.

12.16. What is arcing ground ? Explain its effect on the performance of a power system.

12.17. What is “capacitance switching” ? Explain its effect on the performance of the circuit breaker.

12.18. Derive an expression for the restriking voltage across the circuit breaker contacts. The system
consists of an unloaded alternator with neutral solidly grounded.

12.19. Explain clearly the variation of current and impedance of an alternator when a 3-phase sudden
short-circuit takes place at its terminals.
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In 1918, Dr. C.L. Fortescue presented a paper entitled ‘‘Method of Symmetrical Coordinates
Applied to Solution of Polyphase Networks’’ at AIEE in which he proved that ‘‘a system of n
vectors or quantities may be resolved, when n is prime, into n different symmetrical groups or
systems, one of which consists of n equal vectors and the remaining (n – 1) systems consist of
n equi-spaced vectors which with the first mentioned group of equal vectors forms an equal
number of symmetrical n-phase systems’’.

The method of symmetrical components is a general one applicable to any polyphase
system.

Because of the widespread use of 3-phase systems and the greater familiarity which
electrical engineers have with them, symmetrical component equations will be developed for
3-phase systems.

	
�	 
�������������

Any three coplanar vectors Va, Vb and Vc can be expressed in terms of three new vectors V1, V2
and V3 by three simultaneous linear equations with constant coefficients. Thus

Va = a11V1 + a12V2 + a13V3 (13.1)
Vb = a21V1 + a22V2 + a23V3 (13.2)
Vc = a31V1 + a32V2 + a33 V3 (13.3)

Each of the original vectors has been replaced by a set of three vectors making a total of
nine vectors. This has been done to simplify the calculations and to have better understanding
of the problem. With this in mind, two conditions should be satisfied in selecting systems of
components to replace 3-phase current and voltage vectors:

1. Calculations should be simplified by the use of the chosen systems of components.
This is possible only if the impedances (or admittances) associated with the components of
current (or voltage) can be obtained readily by calculation or test.

���

	

��������������������� 
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2. The system of components chosen should have physical significance and be an aid in
determining power system performance.

According the Fortescue’s theorem, the three unbalanced vectors Va, Vb and Vc can be
replaced by a set of three balanced systems of vectors. Therefore, the solution of equations
(13.1)–(13.3) is unique. A balanced system of three vectors is one in which the vectors are
equal in magnitude and are equi-spaced. The three symmetrical component vectors replacing
Va, Vb and Vc are:

1. Positive sequence component which has three vectors of equal magnitude but displaced
in phase from each other by 120° and has the same phase sequence as the original vectors.

2. Negative sequence component which has three vectors of equal magnitude but displaced
in phase from each other by 120° and has the phase sequence opposite to the original vectors.

3. Zero sequence component which has three vectors of equal magnitude and also are in
phase with each other.

Vc1

(a) (b) (c)

Va1

Vb1
Vc2

Vb2

Va2

Va0
Vb0
Vc0

�����	
�	�������������������� �� �!"�����#�������$%����������� �
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The components have been shown in Fig. 13.1. The voltage vectors have been designated
as Va, Vb and Vc and the phase sequence is assumed here as a, b, c. The subscripts 1, 2 and 0 are
being used to represent positive, negative and zero sequence quantities respectively.

	
�� ���������������������������������������������������
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By a positive sequence system of vectors is meant the vectors are equal in magnitude and 120°
apart in phase, in which the time order of arrival of the phase vectors at a fixed axis of reference
corresponds to the generated voltages. This really means that if a set of positive sequence
voltages is applied to the stator winding of the alternator, the direction of rotation of the stator
field is the same as the rotor or alternatively if the direction of rotation of the stator field is the
same as that of the rotor, the set of voltages are positive sequence voltages. On the contrary if
the direction of rotation of the stator field is opposite to that of the rotor, the set of voltages are
negative sequence voltages. The zero sequence voltages are single phase voltages and, therefore,
they give rise to an alternating field in space. Since the 3-phase windings are 120° apart in
space, at any particular instant the three vector fields due to the three phases are 120° apart
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and, therefore, assuming complete symmetry of the windings, the net flux in the air gap will
be zero.

From Fig. 13.1, the following relations between the original unbalanced vectors and
their corresponding symmetrical components, can be written:

Va = V V Va a a1 2 0
+ + (13.4)

Vb = V V Vb b b1 2 0
+ + (13.5)

Vc = V V Vc c c1 2 0
+ + (13.6)

Assuming phase a as the reference as shown in Fig. 13.1 the following relations between
the symmetrical components of phases b and c in terms of phase a can be written. Here use is
made of the operator λ which has a magnitude of unity and rotation through 120°, i.e., when
any vector is multiplied by λ, the vector magnitude remains same but is rotated anticlockwise
through 120°. Thus

λ = 1∠120°

In the complex form λ = cos 120° + j sin 120°

  = – 0.5 + j0.866

Similarly  λ2 =  – 0.5 – j0.866

 λ3 = 1.0 = 1∠360°

or      λ3 – 1 = 0

or    (λ – 1) (λ2 + λ + 1) = 0

Since λ ≠ 1 as λ is a complex quantity as defined above,

∴ λ2 + λ + 1 = 0

In fact λ is a number which when doubly squared remains λ itself, i.e., λ4 = λ.

So the important relations that will be frequently required in power system analysis are

 λ = – 0.5 + j0.866 = 1.0∠120°

λ2 = – 0.5 – j0.866 = 1.0∠–120°

λ3 = 1.0∠0°

λ4 = λ
λ2 + λ + 1 = 0

Now we go back to deriving relations between the symmetrical components of phases b
and c in terms of the symmetrical components of phase a.

From Fig. 13.1, V Vb a1 1

2= λ

This means in order to express Vb1
 in terms of Va1

, Va1
 should be rotated anti-clockwise

through 240°.

Similarly V Vc a1 1
= λ
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For negative sequence vectors

V Vb a1 2
= λ , V Vc a2 2

2= λ

For zero sequence vectors
V V Vb a c0 0 0

= =

Substituting these relations in equations (13.4)–(13.6),
 Va = V V Va a c1 2 0

+ + (13.7)

 Vb = λ λ2
1 2 0

V V Va a a+ + (13.8)

 Vc = λ λV V Va a a1 2 0

2+ + (13.9)

Compare equations (13.1)–(13.3) with equations (13.7)–(13.9),
a11 = a12 = a13 = 1
a21 = λ2, a22 = λ, a23 = 1
a31 = λ, a32 = λ2, a33 = 1

The coefficients have been uniquely determined for the 3-phase systems. Equations
(13.7)–(13.9) express the phase voltages Va, Vb and Vc in terms of the symmetrical components
of phase a i.e., in case Va1

, Va2
 and Va0

 are known, the phase voltages Va, Vb and Vc can be

calculated.
Similar relations between the phase currents in terms of the symmetrical components

of currents taking phase a as reference hold good and are given below:
Ia = I I Ia a a1 2 0

+ + (13.7a)

Ib = λ λ2
1 2 0

I I Ia a a+ + (13.8a)

Ic = λ λI I Ia a a1 2 0

2+ + (13.9a)

Normally the unbalanced phase voltages and currents are known in a system; it is
required to find out the symmetrical components. The procedure is as follows:

The problem is: given Va, Vb, Vc, find out Va1
, Va2

 and Va0
. To find out positive sequence

component Va1
, multiply equations (13.7), (13.8) and (13.9) by 1, λ and λ2 respectively and

adding them up, it gives

Va + λVb + λ2Vc = Va1
(1 + λ3 + λ3) + Va2

(1 + λ2 + λ4) + Va0
(1 + λ + λ2)

= 3Va1
 + Va2

(1 + λ2 + λ) + 0

= 3Va1

Since   1 + λ + λ2 = 0

∴ Va1
 = 1

3 (Va + λVb + λ2Vc)

For negative sequence component Va2
 multiplying equations (13.7), (13.8) and (13.9) by

1, λ2 and λ respectively and adding,
Va + λ2Vb + λVc = Va1

(1 + λ4 + λ2) + Va2
(1 + λ3 + λ3) + Va0

(1 + λ2 + λ)

= 3Va2

∴ Va2
 = 1

3 (Va + λ2Vb + λVc)
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For zero sequence component Va0
, add equations (13.7), (13.8) and (13.9)

Va + Vb + Vc = Va1
(1 + λ2 + λ) + Va2

(1 + λ + λ2) + 3Va0

or   Va0
 = 1

3 (Va + Vb + Vc)

Rewriting these equations,

Va1
 = 1

3
(Va + λVb + λ2Vc) (13.10)

Va2  = 1
3 (Va + λ2Vb + λVc) (13.11)

Va0
 = 1

3
(Va + Vb + Vc) (13.12)

Similarly these relations for currents are given as

Ia1
 = 1

3
(Ia + λIb + λ2Ic)

Ia2
 = 1

3
(Ia + λ2Ib + λIc)

Ia0
 = 1

3
(Ia + Ib + Ic) (13.13)

In the equations above Va, Vb  and Vc may be the line to ground voltages, line to neutral
voltages, line to line voltages at a point in the network or they may be the generated or induced
voltages, in fact any set of three voltages revolving at the same rate which may exist in the
3-phase system. Similarly, the three currents could be, phase currents, line currents, the
currents flowing into a fault from the line conductors etc.

Example 13.1: The line-to-ground voltages on the high voltage side of a step-up
transformer are 100 kV, 33 kV and 38 kV on phases a, b and c respectively. The voltage of
phase a leads that of phase b by 100° and lags that of phase c by 176.5°. Determine analytically
the symmetrical components of voltage

Va = 100∠0°

Vb = 33∠–100°

Vc = 38∠176.5°.

Solution:  Va1
 = 1

3 (Va + λVb + λ2Vc)

= 1
3 [100∠0° + 33∠– 100° . ∠120° + 38∠176.5°∠– 120°]

= 1
3 [100 + j0.0 + 33∠20° + 38∠56.5°]

= 1
3 [151.97 + j42.97] = 50.65 + j14.32. Ans.

   Va2
 = 1

3 [Va + λ2Vb + λVc]

= 1
3 [100 + j0.0 + 33∠– 220° + 38∠296.5°]

= (30.55 – j4.26). Ans.

Similarly,

Vc0
 = 1

3 (Va + Vb + Vc)

= 1
3 [100 + j0.0 + 33∠– 100° + 38∠176.5°]

= 1
3 [56.37 – j30.18]

= 18.79 – j10.06. Ans.
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Example 13.2: The line currents in amperes in phases a, b and c respectively are 500 +
j150, 100 – j600 and – 300 + j600 referred to the same reference vector. Find the symmetrical
component of currents.

Solution: The line currents are
  Ia = 500 + j150, Ib = 100 – j600 and Ic  = – 300 + j600 amps

Ia0
 = 1

3 (Ia + Ib + Ic)

= 1
3 [500 + j150 + 100 – j600 – 300 + j600]

= 100 + j 50 amps. Ans.

Ia1
 = 1

3 [Ia + λIb + λ2Ic]

= 1
3 [500 + j150 + (– 0.5 + j0.866) (100 – j600)

+ (– 0.5 – j0.866) (– 300 + j600)]

= 1
3 [1639 + j496.4] = 546.3 + j165.46 amps. Ans.

 Ia2
 = 1

3 [Ia + λ2Ib + λIc]

= 1
3 [500 + j150 + (– 0.5 – j0.866) (100 – j600)

+ (– 0.5 + j0.866) (– 300 + j600)]

= 1
3 [146.3 – j65.46]

= 48.8 – j21.82 amps. Ans.

	
�
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����������������������������������

���������

The average power

  P = VaIa cos φa + VbIb cos φb + VcIc cos φc (13.14)
= Va . Ia + Vb 

. Ib + Vc . Ic

= (Va1
 + Va2

 + Va0
) . ( Ia1

 + Ia2
 + Ia0

)

+ (λ2Va1
 + λVa2

 + Va0
) . (λ2 Ia1  + λ Ia2

 + Ia0
)

+ (λVa1
 + λ2Va2

 + Va0
) . (λ Ia1

 + λ2 Ia2
 + Ia0

)

Taking first term on the r.h.s.,
   (Va1

 + Va2
 + Va0

) . ( Ia1
 + Ia2

 + Ia0
)

= Va1
 . Ia1  + Va2

 . Ia2
 + Va0

 . Ia0
 + Va1

 . Ia2
 + Va1

 . Ia0
 + Va2

 . Ia1

+ Va2
 . Ia0

 + Va0
 . Ia1

 + Va0
 . Ia2

Expanding second term on the r.h.s.,
(λ2Va1

 + λVa2
 + Va0

) . (λ2 Ia1
 + λ Ia2

 + Ia0
)

= λ2Va1
 . λ2 Ia1

 + λ2Va1
 . λ Ia2

 + λ2Va1
 . Ia0

 + λVa2
 . λ2 Ia1

+ λVa2
 . λ Ia2

 + λVa2
 . Ia0

 + Va0
 . λ2 Ia1

 + Va0
 . λ Ia2

 + Va0
 . Ia0

Now the dot product of two vectors does not change when both are rotated through the
same angle.
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For example, λ2 Va1
 . λ2 Ia1

 = Va1
 . Ia1

  λ2Va1
 . λ Ia2

 = λVa1
 . Ia2

The addition of the terms after expanding and rearranging,

P = 3Va0
 . Ia0

 + 3Va2
 . Ia2  + 3Va1

 . Ia1
 + Va1

 . Ia2
(1 + λ + λ2)

+ Va1
 . Ia0

(1 + λ + λ2) + Va2
 . Ia1

(1 + λ + λ2) + Va2
 . Ia0

 (1 + λ + λ2)

+ Va0
 . Ia1

(1 + λ + λ2) + Va0
 . Ia2

(1 + λ + λ2)

   = 3(Va1
 . Ia1

 + Va2
 . Ia2

 + Va0
 . Ia0

)

   = 3[| Va1
 || Ia1

 | cos θ1 + | Va2
 || Ia2

 | cos θ2

    + | Va0
 || Ia0

 | cos θ0] (13.15)

The same power expression can be very easily derived using matrix manipulations.

  P + jQ = VaIa* + VbIb* + VcIc*

= [Va Vb Vc] 
I
I
I

a

b

c

�

�

�
�

�

�

�
�
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�
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Since from equations (13.7), (13.8) and (13.9),
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�
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�

�
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∴ P + jQ = 
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V
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�
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Now  substituting for the phase currents the corresponding symmetrical components,
noting that λ and λ2 are conjugate,
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∴ P + jQ = [Va0
Va1
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  = 3[Va0
Ia0

* + Va1
Ia1

* + Va2
Ia2

*]

∴ P = 3[| Va0  | | Ia0  | cos θ0 + | Va1  | | Ia1  | cos θ1 + | Va2
 | | Ia2

 | cos θ2].

	
� ��������� ���������

So far we have discussed the symmetrical components for the currents, voltages and power.
Let us now study something about the sequence impedances of the system. The sequence
impedances of an equipment or a component of power system are the positive, negative and
zero sequence impedances. They are defined as follows:

The positive sequence impedance of an equipment is the impedance offered by the
equipment to the flow of positive sequence currents. Similarly, the negative sequence or zero
sequence impedance of the equipment is the impedance offered by the equipment to the flow of
corresponding sequence current. The significance of the positive, negative and zero sequence
currents has already been discussed in this chapter. For a 3-phase, symmetrical static circuit
without internal voltages like transformers and transmission lines, the impedances to the
currents of any sequence are the same in the three phases; also the currents of a particular
sequence will produce drop of the same sequence or a voltage of a particular sequence will
produce current of the same sequence only, which means there is no mutual coupling between
the sequence networks. Since for a static device, the sequence has no significance, the positive
and negative sequence impedances are equal; the zero sequence impedance which includes the
impedance of the return path through the ground, in the general case, is different from the
positive and negative sequence impedance. In a symmetrical rotating machine the impedances
met by armature currents of a given sequence are equal in the three phases. Since by definition
the inductance, which forms a part of impedance, is the flux linkages per ampere, it will depend
upon the phase order of the sequence current relative to the direction of rotation of the rotor;
positive, negative and zero sequence impedances are unequal in the general case. In fact for a
rotating machine, the positive sequence impedance varies, having minimum value immediately
following the fault and then increases with time until steady state conditions are reached
when the positive sequence impedance corresponds to the synchronous impedance. The variation
of the positive sequence impedance for a rotating machine has been discussed in Chapter 12.

Let us represent positive, negative and zero sequence impedances respectively by Z1, Z2
and Z0. We have already mentioned that for the symmetrical systems there is no mutual coupling
between the sequence networks. The three-sequence systems can then be considered separately
and phase currents and voltages determined by superposing their symmetrical components of
current and voltage respectively.

Before we proceed further to use the symmetrical components technique for the analysis
of unbalanced conditions in power systems, it is desirable to know the methods for measuring
the sequence impedances.

Measurement of Sequence Impedances of Rotating Machines

Measurement of Positive Sequence Impedance: As already mentioned, the positive sequence
impedance depends upon the working of the machine, i.e., whether it is working under
subtransient, transient or steady state condition. The impedance under steady state condition
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is known as the synchronous impedance and is measured by the well-known open circuit short
circuit test. This impedance is defined as

Synchronous impedance in p.u. = 

Field current at rated armature current
on sustained symmetrical short circuit

Field current at normal open circuit voltage on
the air gap line ( . ., the extended straight line
part of the magnetisation curve)

i e

Method of Test for Synchronous Impedance: The machine is run at synchronous speed in
proper direction with the help of a prime mover (Fig. 13.2).

A

AAZZ

Z A R

F

F

A

V

a

c L

Shorting
link

�����	
�������� �����0�%$'%!�1�'��"��� �' ����%�0��2�'�� �' ������������%��%3��'�%��'(

The switch is kept in off position to perform open circuit test. The readings of voltmeter
for various field currents are taken. Next the excitation is reduced to minimum by putting the
total resistance in the field circuit and the switch is closed to perform short circuit test. Since
short circuit test is under unsaturated condition of the machine it will be a linear characteristic
passing through the origin and one single reading is enough. The two characteristics are plotted
and according to the definition of synchronous impedance  the value is calculated from the
graph.

Method of Test for Subtransient Reactance: Apply voltage across any two terminals except
the neutral with the rotor at rest and short circuited on itself through an ammeter (Fig. 13.3).
The rotor is rotated by hand and it will be observed that for a fixed voltage applied, the current
in the field varies with the position of the rotor. When the rotor is in the position of maximum
induced field current (the direct axis position of rotor), one half the voltage required to circulate
rated current is equal to the direct axis subtransient reactance Xd″ in per unit value. If the
rotor is in the position of minimum induced field current the quadrature axis subtransient
reactance Xq″ is obtained.

A

F

F c b

a
A

V
1 – �

�����	
�
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Measurement of Negative Sequence Reactance: The negative sequence reactance of a
machine is the impedance offered to the flow of negative sequence current.

The machine is driven at rated speed and a reduced voltage is applied to circulate
approximately the rated current. It is to be noted here that since negative sequence currents
flow in this case, there is possibility of hunting which will result in oscillation of the pointer of
the ammeter. The mean reading may be taken. The negative sequence impedance is given by

Z2 = 
V

I3

where V is the voltmeter and I the ammeter reading as shown in the diagram (Fig. 13.4).

F

F c b

a

V

1 – �

A

�����	
� ���%��'�!�����1���$%����������� �� �!"�0%� �(

This can be proved mathematically as follows:

From the experiment, since it is similar to a line-to-line fault with alternator unloaded,

Ia = 0, Ib = I, Ic = – I

Ia1
 = – Ia2

and Va1
 = Va2

and Va0
 = 0, Ia0

 = 0 (see section 13.7.1)

From the measurement, voltage

V = Va – Vb

i.e. V = Va1
 + Va2

 – (λ2Va1
 + λVa2

) = 2Va2
 + Va2

 = 3Va2

and current in the ammeter

 I = Ib = λ2 Ia1
 + λ Ia2

 = (λ – λ2) Ia2

Now  (λ – λ2) = – 0.5 + j0.866 + 0.5 + j0.866 = j 3  = | 3 |∠90°

∴    Current measured = I = 3 Ia2

Now   
V

I

V V

I

V

I

V

I
a b

b

a

a

a

a3 3

3

3 3
2

2

2

2

=
−

= =
.

 = Z2

Measurement of Zero Sequence Impedance: Zero sequence impedance is the impedance
offered by the machine to the flow of the zero sequence current. This impedance is quite variable
and depends upon the distribution, i.e., the pitch and the breadth factors. If the windings were
infinitely distributed so that each phase produced a sinusoidal distribution of the m.m.f. then
the superposition of the three phases with equal instantaneous currents cancel each other and
produce zero field and consequently zero reactance except for slot and end-connection fluxes.
The departure from this by introducing chording and breadth factors determines the zero
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sequence impedance. However, zero sequence impedance is much smaller than positive and
negative sequence impedances. The machine must, of course, be star connected for otherwise
the term zero sequence impedance has no significance as no zero sequence currents can flow.

The machine (Fig. 13.5) is at standstill and a reduced voltage is applied. The zero sequence
impedance Z0 = V/3I.

F

F

A

V

a

bc

1 – �

�����	
�!���%��'�!�����1�6�'�������� �� �!"�0%� �(

This connection ensures equal distribution of current in the three phases and for this
reason is preferable to connecting the three phases in parallel. However, if the six terminals
are not available the three phases are connected in parallel and experiment is conducted in
the same fashion.

	
�! ������������������

Broadly speaking the faults can be classified as:

1. Shunt faults (short circuits).

2. Series faults (open conductor).

Shunt type of faults involve power conductor or conductors-to-ground or short circuit
between conductors. When circuits are controlled by fuses or any device which does not open
all three phases, one or two phases of the circuit may be opened while the other phases or
phase is closed. These are called series type of  faults. These faults may also occur with one or
two broken conductors. Shunt faults are characterised by increase in current and fall in voltage
and frequency whereas series faults are characterised by increase in voltage and frequency
and fall in current in the faulted phases.

Shunt type of faults are classified as (i) Line-to-ground fault; (ii) Line-to-line fault;
(iii) Double line-to-ground fault; and (iv) 3-phase fault. Of these, the first three are the
unsymmetrical faults as the symmetry is disturbed in one or two phases. The method of
symmetrical components will be utilized to analyse the unbalancing in the system. The 3-phase
fault is a balanced fault which could also be analysed using symmetrical components.

The series faults are classified as: (i) one open conductor, and (ii) two open conductors.
These faults also disturb the symmetry in one or two phases and are, therefore, unbalanced
faults. The method of symmetrical components can be used for analysing such situations in
the system.

Here we will discuss only the shunt type of faults.
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Voltage of the Neutral

The potential of the neutral when it is grounded through some impedance or is isolated, will
not be at ground potential under unbalanced conditions such as unsymmetrical faults. The
potential of the neutral is given as Vn = – InZn, where Zn  is the neutral grounding impedance
and In the neutral current. Here negative sign is used as the current flows from the ground to
the neutral of the system and potential of the neutral is lower than the ground.

For a 3-phase system,

  In = Ia  + Ib + Ic

= ( Ia1
 + Ia2

 + Ia0
) + (λ2 Ia1

 + λ Ia2
 + Ia0

) + (λ Ia1
 + λ2 Ia2

 + Ia0
)

= Ia1
(1 + λ + λ2) + Ia2

(1 + λ + λ2) + 3 Ia0

= 3 Ia0
(13.16)

∴  Vn = – 3 Ia0
 Zn (13.17)

Since the positive sequence and negative sequence components of currents through the
neutral are absent, the drops due to these currents are also zero. Also for a balanced set of
currents or voltages the neutral is at ground potential; therefore, for positive and negative
sequence networks, neutral of the system will be taken as the reference.

Reference of Voltages

The phase voltages at any point in a grounded system and their zero sequence components of
voltage will be referred to the ground at that point. The positive and negative sequence
components of voltage are referred to neutral. For the positive and negative sequence systems,
therefore, the expressions voltage to neutral and voltage to ground may be used interchangeably
but for the zero sequence system it is important to distinguish between the two terms.

The analysis here will apply to a symmetrical 3-phase system with dissymmetry only at
one point i.e., faults at simultaneously more than one point will not be considered. In a 3-phase
system, the unknown quantities are the 3-phase voltage Va, Vb and Vc and the 3-phase currents
Ia, Ib and Ic i.e., there are six unknowns. To determine these quantities, six linearly independent
equations are required. In any given problem, certain conditions are required about the unknown
quantities and these are the boundary conditions which can be expressed in the form of equation,
e.g., if conductor a is faulted to ground at some point, the voltage of this conductor at the
faulted point is zero, i.e., Va = 0. It has already been seen that the 3-phase voltages and currents
can be expressed in terms of their corresponding three symmetrical components. Therefore,
instead of 3-phase voltages and currents being unknown one can say that six symmetrical
components Va0

, Va1
, Va2

, Ia0
, Ia1

 and Ia2
 are unknown. In a 3-phase system, three equations

(boundary conditions) can be written in terms of the three unknown phase currents and voltages
at the point of dissymmetry. Three more equations are needed for a solution of the six unknowns.
The advantage in using the six unknown components instead of the six unknown phase
quantities is that the impedances met by the sequence currents can be determined either by
calculation or test. This is not usually the case with phase impedances. However, if the phase
impedances can also be readily obtained, there may be no advantage in introducing components;
in fact, the use of phase quantities may give a simpler solution. The three sequence equations
using the sequence generated voltages and the sequence impedances are derived as follows.
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These equations will be derived for an unloaded alternator with neutral solidly grounded,
assuming that the system is balanced, i.e., the generated voltages are of equal magnitude and
displaced by 120°. Consider the diagram (Fig. 13.6).

Ec
Eb

Ea

Zn Ib

Ic

Ia

�����	
�"���4%3%� �0�)7"2%����8���!(

Since the sequence impedances per phase are same for all three phases and we are
considering initially a balanced system the analysis will be done on single phase basis. The
positive sequence component of voltage at the fault point is the positive sequence generated
voltage minus the drop due to positive sequence current in positive sequence impedance (as
positive sequence current does not produce drop in negative or zero sequence impedances)

Va1
 = Ea – Ia1

 Z1

Similarly, the negative sequence component of voltage at the fault point is the generated
negative sequence voltage minus the drop due to negative sequence current in negative sequence
impedance (as negative sequence current does not produce drop in positive or zero sequence
impedances)

Va2
 = Ea2

 – Ia2
 Z2

Since the negative sequence voltage generated is zero, therefore,

Ea2
 = 0

or Va2
 = – Ia2

Z2

Similarly, for zero sequence voltages

Ea0
 = 0

Va0
 = Vn – Ia0

Zg0
 = – 3 Ia0

Zn – Ia0
Zg0

 = – Ia0
(Zg0

 + 3Zn)

where Zg0
 is the zero sequence impedance of the generator and Zn is the neutral impedance.

The three sequence network equations are, therefore,

Va1
 = Ea – Ia1

Z1 (13.18)
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Va2
 = – Ia1

Z2 (13.19)

Va0
 = – Ia0

Z0 (13.20)

where Z0 = Zg0
 + 3Zn and the corresponding sequence networks for the unloaded alternator

are shown in Fig. 13.7.

Z1

Ea

EbEc
Z1 Z1

Ib1

Ic1

Ia1

Z1

Ea

Ia1

Va1
Va1

ZPB

(a)

Z2

Z2 Z2

Ib2

Ia2

Z2

Ia2

Va2
Va2

ZPB

(b)

Ic2

Z0

Z0 Z0

Ic0

Ia0

Z0

Ia0

Va0
Va0

ZPB

(c)

Ib0
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Simultaneous solution of the three sequence equations and the three boundary conditions
equations in which the phase quantities have been replaced by their symmetrical components
of currents and voltages, will give the six unknown symmetrical components of currents and
voltages. Once the symmetrical components of currents and voltages are known the phase
currents and voltages can be obtained by using the relation (13.7) through (13.9) respectively.
The sequence network equation in matrix notation will be
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(13.20a)

Now we are ready with mathematical tools to analyse various types of shunt faults. For
all type of faults the sequence network equations will be as given by equations (13.18)–(13.20)
whereas the three equations describing the boundary conditions will be different for different
types of faults. The analysis will be done by both the algebraic manipulations and the matrix
manipulations for the sake of completeness. We will analyse first of all a system where faults
take place on an unloaded alternator with neutral solidly grounded and it is assumed that the
faults are also solid so that no impedance is introduced between the fault points. Later on the
analysis will be made with (i) neutral grounded through some impedance Zn, and (ii) fault
having some impedance Zf .
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The system to be analysed is shown in Fig. 13.8. Let the fault take place on phase a. The
boundary conditions are

Va = 0 (13.21)

Ib = 0 (13.22)

 Ic = 0 (13.23)

Ec
Eb

Ea

Ib

Ic

Iaa

b
c

�����	
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and the sequence network equations are

Va0
 = – Ia0

Z0 (13.18)

Va1
 = Ea – Ia1

Z1 (13.19)

Va2
 = – Ia2

Z2 (13.20)

The solution of these six equations will give six unknowns Va0
, Va1

,Va2
 and Ia0

, Ia1

and Ia2
.

From equation (13.13),
Ia1

 = 1
3 (Ia + λIb + λ2Ic)
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Va0
Va0

Ia0
Z0

Va2
Va2

Ia2
Z2

Va1
Va1

Ia1
Z1

Ea

Ia1
= I = Ia2 a0

Ia2
 = 1

3 (Ia + λ2Ib + λIc)

Ia0
 = 1

3 (Ia + Ib + Ic)

Substituting the values of Ib and Ic from equations (13.22–13.23),

Ia1
 = Ia2

 = Ia0
 = Ia/3 (13.24)

Equation (13.21) can be written in terms of symmetrical components

Va = 0 = Va1
 + Va2

 + Va0
(13.25)

Now substituting the values of Va0
, Va1

 and Va2
 from the sequence network equation,

Ea – Ia1
 Z1 – Ia2

Z2 – Ia0
Z0 = 0 (13.26)

Since Ia1
 = Ia2

 = Ia0

Equation (13.26) becomes

Ea – Ia1
 Z1 – Ia1

Z2 – Ia1
Z0 = 0

or Ia1
 = E

Z Z Z
a

1 2 0+ +
(13.27)

From equation (13.27) it is clear that to simulate
a L-G fault all the three sequence networks are
required and since the currents are all equal in
magnitude and phase angle, therefore, the three
sequence networks must be connected in series. The
voltage across each sequence network corresponds to
the same sequence component of Va. The
interconnection of the sequence network is shown in
Fig. 13.9.

So far we have calculated Ia1
 = Ia2  = Ia0

. To
calculate the remaining three unknowns Va0

, Va1
, Va2

,
use is made of the sequence network equations.

The analysis will now be made using matrix
manipulations.

From equation (13.13)
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Substituting for Ib = Ic = 0,

I
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λ λ
λ λ

From this equation     Ia0
 = Ia1

 = Ia2
 = Ia/3

Substituting equation (13.24) into equation (13.20(a)),
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∴ V V V I Z E I Z I Za a a a a a a0 1 2 1 1 1
0 0 1 2+ + = = − + − −

∴        Ia1
 = 

E
Z Z Z

a

1 2 0+ +
Now in case of line-to-ground fault the neutral current

        In = Ia = Ia1
 + Ia2

 + Ia0

and for the same case,        Ia1
 = Ia2

 = Ia0

∴         In = 3 Ia0

In case the neutral is not grounded the zero sequence impedance Z0 becomes infinite
and, therefore, from equation (13.27),

Ia1
 = 

E
Z Z

a

1 2+ + ∞
 = 0

The same result can be envisaged by looking at the system when the neutral is isolated;
there is no return path for the current and, therefore, Ia1

 = Ia2
 = Ia0

 = 0. This means that for
this system the fault current Ia = 0.

Example 13.3: A 25 MVA, 13.2 kV alternator with solidly grounded neutral has a
subtransient reactance of 0.25 p.u. The negative and zero sequence reactances are 0.35 and 0.1
p.u. respectively. A single line to ground fault occurs at the terminals of an unloaded alternator;
determine the fault current and the line-to-line voltages. Neglect resistance.

Solution: Normally the positive sequence
impedance is greater than the negative sequence
but since the given positive sequence impedance
corresponds to the subtransient state, it may be
less than the negative sequence impedance. The
sequence network for a line-to-ground fault
current is shown in Fig. E.13.3.

Let the line-to-neutral voltage at the fault
point before the fault be 1.0 + j0.0 p.u. For a line-
to-ground fault the fault impedance is

  j0.25 + j0.35 + j0.1 = j0.7

∴     Ia1
 = 

E
Z Z Z

j
j

a

1 2 0

1 0 0
0 7+ +

=
+ .

.
 = – j1.428

�������	
�
� 
���' ���� ������1
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For a L-G fault

Ia1
 = Ia2

 = Ia0
 = – j1.428

∴ The p.u. fault current  Ia = Ia1
 + Ia2

 + Ia0
 = 3 Ia1

 = – j4.285

Let the base quantities be 25 MVA, 13.2 kV, and hence

  the base current = 
25 1000

3

×
× 13.2

 = 1093 amps

∴ The fault current in amperes = 1093 × 4.285 = 4685 amps

To find out the voltages, we first find out the sequence components of voltages.

Va1
 = Ea – Ia1

Z1

= 1 + j0.0 – (– j1.428)(j0.25)

= 1 – 0.357 = 0.643

Va2
 = – Ia2

Z2 = – (– j1.428) (j0.35)

= – 0.4998

Similarly, Va0
 = – Ia0

Z0 = – (– j1.428) (j0.1) = 0.1428

As a numeric check Va = 0. Substituting the values of Va1
, Va2

 and Va0
,

0.643 – 0.4998 – 0.1428 ~−  0

 Vb = Vb1
 + Vb2

 + Vb0
 and Vc = Vc1

 + Vc2
 + Vc0

Now Vb1
 = λ2Va1

 = (– 0.5 – j0.866) (0.643)

    = – 0.3215 – j0.5568

Vb2
 = λVa2

 = (– 0.5 + j0.866)(– 0.50)

 = (0.25 – j0.433)

Vb0  = Va0
 = Vc0

 = – 0.1428

Vc1
 = λVa1

 = (– 0.5 + j0.866)(0.643)

      = – 0.3215 + j0.5568

Vc2
 = λ2Va2

 = (– 0.5 – j0.866) (– 0.5)

= 0.25 + j0.433

∴  Vb = – 0.3215 – j0.5568 + 0.25 – j0.433 – 0.1428

      = – 0.2143 – j0.9898

and  Vc = – 0.3215 + j0.5568 + 0.25 + j0.433 – 0.1428

  = – 0.2143 + j0.9898

Now the line-to-line voltage

Vab = Va – Vb. Since Va = 0,

Vab = – Vb = 0.2143 + j0.9898

Vac = – Vc = 0.2143 – j0.9898

and Vbc = Vb – Vc = – j2 × 0.9898

 = – j1.9796
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Now Vab = 0.2143 + j0.9898 = ( . . )0 4592 9 797 10 1+ × −

= 10 346 10 103461. .× =−  = 1.0127 p.u.

The line-to-line voltage will be

Vab = 1.0127 × 
13 2

3

.
 = 7.717 kV

Vac = 7.717 kV

and Vbc = 1.9796 × 
13 2

3

.
 = 15.08 kV.

Line-to-line Fault

As shown in Fig. 13.10, the line-to-line fault takes place on phases b and c. The boundary
conditions are

 Ia = 0 (13.28)

       Ib + Ic = 0 (13.29)

Vb = Vc (13.30)

and the sequence network equations are given by equations (13.18)–(13.20). The solution of
these six equations will give six unknowns.

Ib

Ic

Iaa

b
c

�����	
�	'�7�1%�3�����%����3�%0�0�%�0�����'%3�$'���0�0�%3��'�%��'(

Using the relations Ia1
 = 1

3 (Ia + λIb + λ2Ic)

Ia2
 = 1

3 (Ia + λ2Ib + λIc)

Ia0
 = 1

3 (Ia + Ib + Ic)

and substituting for Ia, Ib and Ic

Ia1
 = 1

3 (0 + λIb – λ2Ib)

     = 1
3 (λ – λ2)Ib
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Ia2
 = 1

3 (0 + λ2Ib – λIb)

     = 
Ib

3
 (λ2 – λ)

and Ia0
 = 1

3 (0 + 0) = 0

which means for a line-to-line fault the zero-sequence component of current is absent and
positive-sequence component of current is equal in magnitude but opposite in phase to negative
sequence component of current, i.e.

Ia1
 = – Ia2

…(13.31)

To simulate L-L fault condition zero sequence network is not required and the positive
and negative-sequence networks are to be connected in opposition as Ia1

 = – Ia2
.

Now from equations (13.8) and (13.9)

 Vb = Va0
 + λ2Va1

 + λVa2

 Vc = Va0
 + λVa1

 + λ2Va1

Substituting these relations in equation (13.30),

Va0
 + λ2Va1

 + λVa2
 = Va0

 + λVa1
 + λ2Va2

or (λ2 – λ)Va1
 = (λ2 – λ)Va2

∴     Va1
 = Va2

…(13.32)

That is, positive-sequence component of voltage equals the negative-sequence component
of voltage. This also means that the two sequence networks are connected in opposition. Now
making use of the sequence network equation and the equation (13.32),

Va1
 = Va2

 Ea – Ia1
Z1 = – Ia2

Z2 = Ia1
Z2

or Ia1
 = 

E
Z Z

a

1 2+
The interconnection of the sequence network for simulation of L-L fault is shown in

Fig. 13.11.

Va2
Va2

Va1
Va1

Ia1
Z1 Ia2

Z2

Ea

����������� ������������������������������� ��!������
"
��#�$�%

So far we have calculated Ia1
, Ia2

 and Ia0
, we can calculate the three symmetrical

components of voltages Va1
, Va2

 and Va0
 and then using the relations (13.7)–(13.9), the phase

currents and voltages can be obtained. It is to be noted here that since Ia0
 = 0, ∴ Va0

 = 0.
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Va2
Va2Va1

Va1

Ia1
Ia2

Z2 = j0.35 �Z1 = j0.25 �

1 + j0.0 �

The L-L fault can be analysed using matrix manipulation as follows:

Using the relation (14.13) and substituting for Ia, Ib and Ic,

I
I
I

I
I

a

a

a

b

b

0

1

2

1
3

1 1 1
1
1

0
2

2

�

�

�
�
�

�

�

�
�
�
=
�

�
�
�

�

�
�
� −

�

�

�
�

�

�

�
�

λ λ
λ λ

   Ia0
 = 0, Ia1

 = (λ – λ2)Ib and Ia2
 = (λ2 – λ)Ib

∴ Ia1
 = – Ia2

Again using the relation (13.20a) and substituting for Va, Vb and Vc,

 

V
V
V

V
V
V

a

a

a

b

b

0

1

2

1
3

1 1 1
1
1

2

2

2
�

�

�
�
�

�

�

�
�
�
=
�

�
�
�

�

�
�
�

�

�

�
�

�

�

�
�

λ λ
λ λ

   Va0
 = 1

3 (Va + Vb + Vc) = 0

   Va1
 = 1

3 (Va + λVb + λ2Vb)

   Va2
 = 1

3 (Va + λ2Vb + λVb)

∴    Va1
 = Va2

The sequence network equations are

0 0

0

0 0
0 0
0 0

0

1

1

1

1

0

1

2

V
V

E
Z

Z
Z

I
I

a

a

a a

a

�

�

�
�
�

�

�

�
�
�
=
�

�
�
�

�

�
�
�
−
�

�
�
�

�

�
�
� −

�

�

�
�
�

�

�

�
�
�

∴    Va1
 = Ea – Ia1

Z1 = + Ia1
Z2

∴     Ia1
 = 

E
Z Z

a

1 2+
.

The interconnection of the sequence network for simulating L-L fault satisfies all the
relations derived. We have derived mathematically that zero sequence current will be absent
in this case, which can be envisaged physically from the network also. We see that in the
system there is only one ground i.e., the grounded neutral of the system and since the fault
does not involve ground the zero sequence currents which are single phase currents do not
flow i.e., Ia0

  = 0.

Example 13.4: Determine the fault current and the line-to-line voltage at the fault
when a line-to-line fault occurs at the terminals of the alternator described in Example 13.3.

Solution: The sequence network for L-L
fault is shown in Fig. E.13.4. Since the zero
sequence network is absent, assuming (1 + j0.0)
prefault per unit voltage,

Ia1
 = 

E
Z Z

j
j j

a

1 2

1 0 0
0 25 0 35+

=
+
+

.
. .

     =
+1 0 0

0 6
j

j
.

.
 = – j1.667

����������	������������� ��!%
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Now for a L-L fault

Ia1
 = – Ia2

 = – j1.667

∴ Ia2
 = j1.667

and Ia0
 = 0

To find out the fault current, Ib = – Ic, we use the following relations:

  Ib = Ib1
 + Ib2

 + Ib0
 = Ib1

 + Ib2
 = λ2 Ia1

 + λ Ia2

= (– 0.5 – j0.866)(– j1.667) + (– 0.5 + j0.866)(j1.667)

= j0.833 – 1.4436 – j0.833 – 1.4436

= – 2.8872 p.u.

Now base current is 1093 amperes.

∴   Fault current = 1093 × 2.8872 = 3155.71 amperes

To find out line-to-line voltage we find out the sequence components of voltages

Va1
 = Ea  – Ia1

Z1 = 1 + j0.0 – (– j1.667)(j0.25)

      = 1 – 0.4167 = 0.5833

Similarly,

Va2
 = – Ia2

Z2 = (– j1.667)(j0.35) = 0.5834

i.e., Va1
 = Va2

 = 0.5833 p.u.

 Va = Va1  + Va2
 + Va0

 = Va1
 + Va2

 = 2 × 0.5833 = 1.1666 p.u.

 Vb = λ2Va1
 + λVa2

= (– 0.5 – j0.866) (0.5833) + (– 0.5 + j0.866) (0.5833)

 = – 0.5833

and  Vb = Vc = – 0.5833

Line voltage

Vab = Va – Vb = 1.1666 – (– 0.5833) = 1.7499

Vac = Va – Vc = 1.7499

and Vbc = Vb – V c = 0.0

The line-to-line voltage

Vab = 1.7499 × 
13.2

3
 = 13.33 kV

Vac = 13.33 kV

and Vbc = 0.0 kV. Ans.

Double Line to Ground Fault

Double line to ground fault takes place on phases b and c (Fig. 13.12). The boundary conditions
are

 Ia = 0 (13.33)

Vb = 0 (13.34)

Vc = 0 (13.35)
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and the sequence network equations are given by (13.18)–(13.20).

Ib

Ic

Iaa

b

EbEc

Ea

c

Ib + Ic

���������
�	���$�+$,�-����+�+.���$�#+�+�#$����#���.�
"
"/��#�$�%

The solution of these six equations will give the six unknown symmetrical components.

Using the equations (13.10)–(13.12) and substituting for Va, Vb and Vc from (13.34) and
(13.35).

Va0
 = 1

3 (Va + Vb + Vc)

= Va/3

 Va1
 = 1

3 (Va + λVb + λ2Vc)

= Va/3

Va2
 = 1

3 (Va + λ2Vb + λVc)

= Va/3

i.e.,      Va0
 = Va1

 = Va2
(13.36)

Using this relation of voltages and substituting in the sequence network equations

    Va0
 = Va1

 – Ia0
Z0 = Ea – Va1

Z1

∴ Ia0
 = – 

E I Z

Z
a a−

1 1

0
(13.37)

Similarly    Va2
 = Va1

– Ia2
Z2 = Ea – Ia1

Z1

∴        Ia2
 = – 

E I Z

Z
a a−

1 1

2
(13.38)

Now from equation (13.33),

        Ia = Ia1
 + Ia2

 + Ia0
 = 0
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Substituting values of Ia2
 and Ia0

 from equations (13.38) and (13.37),

Ia1
 – 

E I Z

Z

E I Z

Z
a a a a−

−
−

1 11

2

2

0
 = 0

Rearranging the terms gives

Ia1
 = 

E

Z
Z Z

Z Z

a

1
0 2

0 2
+

+

…(13.39)

From equation (13.39) it is clear that all the three sequence networks are required to
simulate L-L-G fault and also that the negative and zero sequence networks are connected in
parallel. The sequence network interconnection is shown in Fig. 13.13.

From equation (13.39) it is clear that the zero and negative sequence networks are first
connected in parallel and then in opposition with the positive sequence network. The same has
been shown in Fig. 13.13.

Va0
Va0

Ia0
Z0

Va2
Va2

Ia2
Z2

Va1
Va1

Ia1
Z1

Ea

����������� ������������������������������� ��!������
"
"/��#�$�%

The analysis is made using matrix manipulation.

V
V
V

Va

a

a

a0

1

2

1
3

2

2

1 1 1
1
1

0
0

�

�

�
�
�

�

�

�
�
�
=
�

�
�
�

�

�
�
�

�

�
�
�

�

�
�
�

λ λ
λ λ

∴    Va0
 = Va1

 = Va2
 = Va/3

Using these relations in the sequence network equations,

V
V
V

E
Z

Z
Z

I
I
I

a

a

a

a

a

a

a

1

1

1

0

1

2

0

0

0 0
0 0
0 0

0

1

2

�

�

�
�
�

�

�

�
�
�
=
�

�
�
�

�

�
�
�
−
�

�
�
�

�

�
�
�

�

�

�
�
�

�

�

�
�
�

These equations are to be solved for Ia0
, Ia1

 and Ia1
.

Rearranging the terms,

Z
Z

Z

I
I
I

V
E V

V

a

a

a

a

a

a

0

1

2

1

0 0
0 0
0 0

0

1

2

1

1

1

�

�
�
�

�

�
�
�

�

�

�
�
�

�

�

�
�
�
=

−
−

−

�

�

�
�
�

�

�

�
�
�

or  AX = B
where X is the current vector.
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So to find X, pre-multiply this equation by A–1. Therefore,
   X = A–1B.

Now
Z

Z
Z

Z
Z

Z

0

1

2

1
0

1

2

0 0
0 0
0 0

1 0 0
0 1 0
0 0 1

�

�

�
�

�

�

�
�

=
�

�

�
�

�

�

�
�

− /
/

/

as it is a diagonal matrix.

Therefore,      
I
I
I

Z
Z

Z

V
E V

V

a

a

a

a

a a

a

0

1

2

1

1

1

1 0 0
0 1 0
0 0 1

0

1

2

�

�

�
�
�

�

�

�
�
�
=
�

�

�
�

�

�

�
�

−
−

−

�

�

�
�
�

�

�

�
�
�

/
/

/

or   Ia0
 = – 

V

Z

E I Z

Z
a a a1 1

0

1

0
= −

−

  Ia2
 = – 

V

Z

E I Z

Z
a a a1 1

2

1

2
= −

−

Use the relation Ia1
 + Ia2

 + Ia0
 = 0 and substitute the values of Ia0

 and Ia2
 as in equations

(13.37) and (13.38) and rearrange the terms. The following is obtained:

  Ia1
 = 

E

Z
Z Z

Z Z

a

1
0 2

0 2
+

+
The neutral current

  In = Ib + Ic

= λ2 Ia1
 + λ Ia2

 + Ia0
 + λ Ia1

 + λ2 Ia2
 + Ia0

= (λ2 + λ) Ia1
 + (λ + λ2) Ia2

 + 2 Ia0

= – Ia1
 – Ia2

 + 2 Ia0

= Ia0
 + 2 Ia0

 = 3Ia0
(13.40)

Example 13.5: Determine the fault current and the line-to-line voltages at the fault
when a double line-to-ground fault occurs at the terminals of the alternator described in
Example 13.4.

Solution: Assuming (1 + j0.0) p.u. as prefault voltage,

 Ia1
 = 

E

Z
Z Z

Z Z

j

j
j j

j

j
j j

a

1
0 2

0 2

1 0 0

0 25
0 1 0 35

0 45

1 0 0
0 25 0 0778+

+

= +

+ × = +
+

.

.
. .

.

.
. .

= 
1 0 0
0 3278
+ j

j
.

.
 = – j3.0506 p.u.

Now for L-L-G,  Va1
 = Va2

 = Va0

Also  Va1
 = Ea – Ia1

Z1

To find out Ia2
 and Ia0

, we should first find Va1
 and since Va1

 = Va2
 = – Ia2

Z2, Ia2
 can be

obtained.

Similarly, Va1
 = Va0

 = – Ia0
Z0, Ia0

 can be obtained.
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Va1
 = 1 + j0.0 – (– j3.0506)(j0.25)

 = 1 – 0.7626 = 0.2374

∴ Va2
 = Va0

 = 0.2374

and  Ia2
 = – 

V

Z j
j

a2

2

0 2374
0 35

0 2374
0 35

= − =
.

.
.

.
 = j0.678

Similarly,  Ia0
 = – 

V

Z j
a0

0

0 2374
0 1

= −
.

.
 = j2.374

 Ia2
 + Ia0

 = j0.678 + j2.374 = j3.05 = – Ia1

Now  fault current = Ib + Ic = 3 Ia0
 = 3 × j2.374 = j7.122 p.u.

Since base current is 1093 amperes, the fault current will be

1093 × 7.122 = 7784.3 amperes

Va = Va1
 + Va2

 + Va0
 = 3Va1

 = 3 × 0.2374 = 0.7122

and Vb = Vc = 0

The line-to-line fault voltage,

Vab = Va = 0.7122 × 
13 2

3

.
 = 5.42 kV

Vac  = Va = 0.7122 × 
13 2

3

.
 = 5.42 kV

 Vbc = 0.0 kV

3-phase Fault

As shown in Fig. 13.14, the boundary conditions are

Ia + Ib + Ic = 0 (13.41)

Va = Vb = Vc (13.42)

Ib

Ic

Ia

���������	 	��"01#��������#$�-����+�+�#�+���$�#+�+
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Since | Ia | = | Ib | = | Ic | and if Ia is taken as reference

Ib = λ2Ia and Ic = λIa

Using the relation

Ia1
 = 1

3 (Ia + λIb + λ2Ic)

and substituting the values of Ib and Ic,

Ia1
 = 1

3 (Ia + λ3 Ia + λ3 Ia)

= Ia (13.43)

Ia2
 = 1

3 (Ia + λ2Ib + λIc)

Substituting for Ib and Ic in terms of Ia,

Ia2
 = 1

3 (Ia + λ4Ia + λ2Ia)

= 1
3 (Ia + λIa + λ2Ia)

= 
Ia

3
(1 + λ + λ2)

= 0 (13.44)

Similarly, Ia0
 = 1

3 (Ia + Ib + Ic)

= 0 (13.45)

which means that for a 3-phase fault zero-as well as negative-sequence components of current
are absent and the positive-sequence component of current is equal to the phase current.

Now using the voltage boundary relation,

Va1
 = 1

3 (Va + λVb + λ2Vc) = 1
3 (Va + λVa + λ2Va)

= 
Va

3
(1 + λ + λ2) = 0 (13.46)

Va2
 = 1

3 (Va + λ2Vb + λVc)
= 0 (13.47)

Va0
 = 0 (13.48)

Since Va1
 = 0 = Ea – Ia1

Z1,

∴  Ia1
 = 

E
Z

a

1
(13.49)

The sequence network is shown in Fig. 13.15.

Ia1
Z1

Ea

���������� ������������������� ��������
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From the analysis of the various faults, the following observations are made:

1. Positive sequence currents are present in all types of faults.

2. Negative sequence currents are present in all unsymmetrical faults.

3. Zero sequence currents are present when the neutral of the system is grounded and
the fault also involves the ground, and magnitude of the neutral current is equal to 3 Ia0

.

Since only the positive sequence voltages are generated in the synchronous machine,
the question is frequently raised as to the origin of negative and zero sequence voltages that
appear throughout the network. It is seen from the analysis that any unbalanced condition
gives rise to positive sequence currents and other sequence currents. The negative-and zero-
sequence currents produce corresponding drops in their respective networks. These voltages
are in general a maximum at the fault point and decrease as the neutral bus is approached.

So far we have studied the various faults on an unloaded alternator with the neutral
solidly grounded and the fault is assumed to be solid, i.e., with no fault impedance. Now we
will analyse all these faults with neutral impedance Zn and fault impedance Zf . Analysis will
be made using algebraic manipulations only. Matrix method will not be repeated, the reader
can always try the analysis based on the treatment done earlier in this chapter.

���� �������������������������
�

The fault impedance is Zf and the neutral impedance Zn (Fig. 13.16).

Ib

Ic

Ia

Zf

Zn

(a)

Z1 Ia1

Va1
Va1

Z2 Ia2

Va2
Va2

3Zf Ia0
Zgc

Va0
Va0

(b)

3Zn

Ea

Ia1
= I = Ia2 a0

���������� 4�5�	��"01#�����$�#+�+�#$����#���� ��1������#$�-����+�+

�1���-1��60�+#����7��#�+��#�$���60�+#����7�.�
"/��#�$�8
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The boundary conditions are

Va = Ia Zf

 Ib = 0, Ic = 0

    Va0
 = – Ia0

 (Zg0
 + 3Zn)

    Va1
 = Ea – Ia1

Z1, Va2
 = – Ia2

Z2

The solution of these equations gives the unknown quantities.

From equation (13.13) and the boundary condition above,

Ia1
 = Ia2

 = Ia0
 = Ia/3

      Va1  + Va2
 + Va0

 = Va = 3 Ia1
(Zf)

Ea – Ia1
Z1 – Ia1

Z2 – Ia1
(Z0 + 3Zn) = 3 Ia1

(Zf)

∴ Ea = Ia1
[Z1 + Z2 + {(Z0 + 3Zn) + 3Zf }]

∴ Ia1
 = E

Z Z Z Z Z
a

n f1 2 0 3 3+ + + +( )
(13.50)

Since Ia1
, Ia2

 and Ia0
 are known, Va1

, Va2
 and Va0

 can be calculated from the sequence
network equations. The sequence network interconnection is shown in Fig. 13.16(b).

Line-to-Line Fault with Zf

The boundary conditions, as shown in Fig. 13.17(a), are

  Ia = 0 (13.28)

Ib + Ic = 0 (13.29)

 Vb = Vc + IbZf (13.51)

and the sequence network equations are

Va1
 = Ea – Ia1

Z1

Va2
 = – Ia2

 Z2

Va0
 = – Ia0

 Z0

By using equation (13.13), we know that Ia1
 = – Ia2

 and Ia0
 = 0.

Using equations (13.8)–(13.9) in equation (13.51),

Vb = Vc + IbZf

Va0
 + λ2Va1

 + λVa2
 = Va0

 + λVa1
 + λ2Va2

 + (λ2 Ia1
 + λ Ia2

)Zf

or  λ2Va1  – λVa1
 = (λ2 – λ)Va2

 + (λ2 Ia1
 – λ Ia1

) Zf

or     Va1
 = Va2

 + Ia1
 Zf (13.52)

Now substituting for Va1
 and Va2

 from the sequence network equations,

Ea – Ia1
Z1 = – Ia2

Z2 + Ia1
Zf

Ea – Ia1
Z1 = Ia1

(Z2 + Zf)

or     Ia1
 = 

E
Z Z Z

a

f1 2� �( )
(13.53)

www.EngineeringBooksPdf.com



D-8\N-SYSTEM1\SYS13-2.PM6.5

���������	
�����������	����	�
���	
��
	����� �)�

The interconnection of the sequence network is shown in Fig. 13.17(b).

Ib

Ic

Ia

(a)

Zf

Zn

Va2
Va2

Va1
Va1

Ia1
Ia2

Z2Z1

Ea

Zf

(b)

�����������4�5�
"
��#�$�8�4�5�������������������������������� ��!.��#�$���60�+#����7
�
.�
"
��#�$�%

Double Line-to-Ground Fault

Fault impedance is Zf and neutral impedance zn. The boundary conditions, as shown in
Fig. 13.18(a), are

  Ib = 0

 Vb = Vc = (Ib + Ic)Zf (13.54)

and the sequence network equations are

 Va1
= Ea – Ia1

Z1

Va2
 = – Ia1

 Z2

Va0
 = – Ia0

 (Z0 + 3Zn)

We know that       (Ib + Ic) = 3 Ia0

Ib

Ic

Ia

Zf

Zn

( )+ IcIb

����������� 4�5�
"
"/��#�$�%��#�$���60�+#����7
�
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�
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∴ Equation (13.54) becomes

Vb = Vc = 3 Ia0
Zf

∴ λ2Va1
 + λVa2

 + Va0
 = λVa1

 + λ2Va2
 + Va0

or  Va1
 = Va2

Using this relation in equation

Vb = 3 Ia0
 Zf

λ2Va1
 + λVa1

 + Va0
 = 3 Ia0

Zf

or  – Va1
 + Va0

 = 3 Ia0
Zf

or  Va1
 = Va0

 – 3 Ia0
Zf

Substituting for Va1
 and Va0

 from the sequence equation and expressing Ia0
 in terms of

Ia1
, we get

 Ea – Ia1
Z1 = – Ia0

(Z0 + 3Zn) – 3 Ia0
Zf

or Ia0
 = – 

E I Z

Z Z Z
a a

n f

−
+ +

1 1

0 3 3

Similarly making use of the relation Va1
 = Va2

, we express Ia2
 in terms of Ia1

.

Ea – Ia1
Z1 = – Ia2

Z2

or Ia2  = – 
E I Z

Z
a a−

1 1

2

Substituting the values of Ia2
and Ia0

 in the equation

Ia = Ia1
 + Ia2

 + Ia0
 = 0

Ia1
 – 

E I Z

Z

E I Z

Z Z Z
a a a a

n f

−
−

−
+ +

1 11

2

1

0 3 3
 = 0

or Ia1
 = 

E

Z
Z Z Z Z

Z Z Z Z

a

n f

n f
1

2 0

2 0

3 3

3 3
+

+ +
+ + +
( ) (13.55)

The interconnection of the sequence network is shown in Fig. 13.18(b).

Va0
Va0

Ia0
Zg0

Va2
Va2

Ia2
Z2

Va1
Va1

Ia1
Z1

Ea

3Zf

3Zn
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Before we proceed further to study the faults on an actual system where the alternator
may be connected to a transmission line through a transformer or any other interconnected
system, we will like to study the sequence network representation of various components like
a generator, transformer, a synchronous motor etc.

���� ��������������� �

The positive sequence network is in all respects identical with the usual networks considered.
Each synchronous machine must be considered as a source of e.m.f. which may vary in
magnitude and phase position depending upon the distribution of power and reactive volt
amperes just prior to the occurrence of the fault. The positive sequence voltage at the point of
fault will drop, the amount being dependent upon the type of faults; for 3-phase faults it will be
zero; for double line-to-ground fault, line-to-line fault and single line-to-ground fault, it will be
higher in the order stated.

The negative sequence network is in general quite similar to the positive sequence network
except for the fact that since no negative sequence voltages are generated, the source of e.m.f.
is absent.

The zero sequence network  likewise will be free of internal voltages, the flow of current
resulting from the voltage at the point of fault. The impedances to zero sequence current are
very frequently different from the positive or negative sequence currents. The transformer
and generator impedances will depend upon the type of connections whether star or delta
connected; if star, whether grounded or not.

Equivalent circuit for the zero sequence network depends upon the impedances met by
the zero sequence currents flowing through the three phases and their sum, 3 Ia0

, flowing
through the neutral impedance and returning through the ground or a neutral conductor. If
there is no complete path for zero sequence currents in a circuit, the zero sequence impedance
is infinite. Thus a Y-connected circuit with ungrounded neutral has infinite impedance to zero
sequence currents (Fig. 13.19(a)).

Z

ZZ
N

ZN

ZPB

(a)

Z

ZZ

ZN

ZPB

(b)

Z

Z

Zn

Z

Z

3Zn

(c)

Z

Z

Z

Z

(d)
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In case the star point is solidly grounded i.e., zero impedance between the neutral and
the ground, a zero impedance is connected between the neutral point and the zero potential
bus (Fig. 13.19(b)).

In case the neutral is grounded through some impedance Zn, an impedance of 3Zn should
be connected between the neutral point and the zero potential bus (Fig. 13.21(c)).

A current of 3 Ia0
 produces a drop of 3Ia0

Zn and to show in the equivalent zero sequence
network the same drop where current of Ia0

 flows, the impedance should be 3Zn.

A delta-connected circuit provides no path for zero sequence currents flowing in the
line. The zero sequence currents being single phase, circulate within the winding. Hence viewed
from its terminals its zero sequence impedance is infinite (Fig. 13.21(d)).

The zero sequence equivalent circuits of 3-phase transformers require special attention
because of possibility of various combinations. The general circuit for any combination is given
in Fig. 13.20 (a).

Z0

Primary Secondary

(a)
Z0

Z0

ZPB(b)

�/Y transformer

��������
! 4�5�� ���1�#��#�-�6���������#���#�����6��

4�5�����:#$�������∆;�%

Z is the zero sequence impedance of the windings of the transformer. These are two
series and two shunt switches. See the location of the switches. One series and one shunt
switch are for both the sides separately. The series switch of a particular side is closed if it is
star grounded and the shunt switch is closed if that side is delta connected, otherwise they are
left open.

Say the transformer is ∆/Y connected with star ungrounded (Fig. 13.20(b)). Since the
primary is delta connected, the shunt switch of primary side is closed and series is left open.
The secondary is star ungrounded; therefore, the series switch is left open and shunt switch is
also left open.
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The zero sequence equivalent circuits for a few more combinations using this rule are
drawn in Fig. 13.21.

Z0

(a)

Z0

(b)

Z0 Z0

ZPB

(c)

Zn

Z0 Z0

(d)

Z0 Z0

(e)

Z0 Z0 + 3Zn3Zn

(f)

Z0 Z0

ZPB
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��7�����������������:#$���������������� ��#�����6���%

www.EngineeringBooksPdf.com



D-8\N-SYSTEM1\SYS13-2.PM6.5

��) �
������	
��'����������

The reader after having some practice with the switch diagram will be able to draw the
equivalent circuit very easily. Now we are ready to analyse the faults on power system.

����!�����������"������#���$�

The faults are analysed easily by making use of Thevenin’s theorem. As the readers know that
this theorem can be used for determining the changes that take place in currents and voltages
of a linear network when an additional impedance is added between two nodes of the network.
The theorem states that:

The changes that take place in the network voltages and currents due to the addition of
an impedance (a short circuit) between two network nodes are identical with those voltages
and currents that would be caused by an e.m.f. placed in series with the impedance and having
a magnitude and polarity equal to the pre-fault voltage that existed between the nodes in
question and the impedance as seen between the nodes with all active voltage sources short
circuited.

To determine the current and voltage distribution in the system, the distribution in
each of the sequence networks must first be determined. The Thevenin’s equivalents of positive,
negative and zero sequence networks are identical to those of a network of single generator.

Consider the system in Fig. 13.22 for illustration of the application of Thevenin’s theorem
for determining the equivalent positive, negative and zero sequence networks.

Thevenin’s equivalent of positive sequence networks is obtained from the positive
sequence network. The Thevenin’s equivalent voltage source is the prefault voltage at the
fault point and the equivalent impedance Z1 eq is the impedance as seen between the fault
point and the zero potential bus shorting the voltage sources. It is to be noted here that positive
sequence impedance of the alternator or the synchronous machine depends upon the state of
the machine i.e., whether it is sub-transient, transient or steady state.

Similarly, the Thevenin’s equivalent negative and zero sequence networks are obtained
from the negative and zero sequence networks respectively. Since the system is balanced, no
negative or zero sequence currents are flowing before the fault occurs. The prefault negative
and zero sequence voltages at the fault point are zero. Therefore, no e.m.fs. appear in the
equivalent circuits. The impedances Z2 eq and Z0 eq are measured between the fault point and
the reference bus in their respective networks.

In the positive network, the currents throughout the system due to the fault can be
added to the load currents before the fault to give the total positive sequence current during
the fault. The net fault current is the fault current considering the system under no load
condition plus the load current super-imposed over the fault currents.

P

(a)

��������
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P

Z1eq

Z1eq

Ia1

Va1
Va1

Vf

Ia2

Z2eq
Z2eq Va2

Va2

(c)
Ia0

Z0eq
Z0eq Va0

Va0

(d)

(b)

��������

 4�5.�4�5�#�+�4�5��1�:����=������:#$�������0�����:�.���-#��:�
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The two possible ways of connecting ∆-Y transformers are shown in Figs. 13.23 (a) and (b).

The small letters used refer to the star side and capital letters to the delta side of the
transformer. The winding e′e on star side corresponds to the E′E on the delta side. The primed
letters indicate the beginning of the winding and unprimed the finish of the winding.
Figs. 13.23 (c) and (d) give the voltage vector diagram for positive sequence of the connections
in (a) and (b) respectively, neglecting the voltage drop in the transformer. Say vector diagram
(c) is drawn such that Va1

 and VCB1 are in phase and the other vectors follow. Similarly, in (d),
Va1

 and VBC1
 are in phase. If each voltage is expressed in per unit with its own voltage as the

base voltage, VBC1
, Va1

 and VA1
 in Fig. (c) are equal in magnitude, and therefore,

VA1
 = jVBC1

 = jVa1
(13.56)

whereas in Fig. (d)

VA1
 = – jVBC1

 = – jVa1
(13.57)

From the above, it is clear that the line to neutral voltage VA1
 on the delta side leads the

line to neutral voltage on star side in Fig. (a) by 90° whereas in Fig. (b) it lags by 90°.
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The connection diagram in Figs. (a) and (b) and their corresponding vector diagrams for positive
sequence voltage in Figs. (c) and (d) relate to the usual transformer connection diagrams and
hence if the connection diagram is given, the phase relation between VA1

 and Va1
 can be

determined by inspection. Referring to Figs. (e) and (f) which are the negative sequence voltage
vector diagrams of Figs. (a) and (b) respectively, we have

For Fig. (e),

VA2
 = – jVCB2

 = – jVa2
(13.58)

and for Fig. (f ),

VA2
 = jVBC2

 = jVa2
(13.59)

F�

A

C

B

E

D�

F

D

E�

f�
e�

d� d
a

be

cf

(a)

C

B

A

F

F� E

D� D
E�

f�
e�

e� d
a

be

cf

(b)

VAC1 VBA1

VB1

VC1
VA1

A

C B
VCB1

(c)

Vc1

Va1

Vb1

VAB1
VCA1

A

CB
VBC1

Vc1

Va1

Vb1(d)

VAC2
VBA2

A

BC
VCB2

Va2

Vc2(e)

Vb2
Vb2

Va2

Vc2

VAB2 VCA2

VBC2

A

B C

(f)

IA1I IAB1 C1
=

I Ia1 BC1
=

IB1
IBC1

IAB1ICA1

IC1

IA1

C B

A

Ia1

Ic1

IB1

I Ib1 CA1
= (g) Ib1

IC1

��������
��1#����1�������∆"����#�����6��%

It is clear that the phase shift in the negative sequence voltages is in the direction
opposite to the shift in phase of the positive sequence voltage for the same connection diagram.

Since the kVA rating of the transformer on the two sides is the same, if we neglect the
exciting current, resistance and the voltage drop, it is essential that the shift in phase of positive
and negative sequence line currents in passing through a ∆-Y or Y-∆ transformer banks with
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transformer exciting currents neglected must correspond to the shift in phase of line-to-neutral
voltages with the drop neglected.

Referring of Fig. (g) which corresponds to the positive sequence current vector diagram
of Fig. (a), let the currents leave the neutral of the star side and enter the delta side of the
transformer. This means in star, the current goes from e′ to e whereas in delta it goes from E to
E′, i.e., from B to C as indicated by the arrow. Arrows on the delta side are used to indicate
direction of current flow but do not indicate the direction of phase relation with respect to star
currents. Let Ia1

 be the reference vector and with exciting current neglected IBC1
 is in phase

with Ia1
. Again expressing the line currents in per unit with its own-current as the base current

IA1
 = – j ICB1

 = j IBC1
 = j Ia1

(13.60)

Similarly for negative sequence current,

IA2
 = – j Ia2

(13.61)
In fact these current relations can be derived in a different way also. We know that the

total input to the transformer as a unit is zero assuming a lossless transformer, i.e., V1I1 + V2I2
= 0. That is

VA1
IA1

 + Va1
Ia1

 = 0 (13.62)

Now we have from equation (13.56),

VA1
 = jVa1

Substituting this relation in equation (13.62),

or      jVa1
IA1

 + Va1
Ia1

 = 0

or j IA1
 = – Ia1

and  IA1
 = j Ia1

(13.60)

or  VA2
IA2

 + Va2
Ia2  = 0

or – jVa2
IA2  + Va2

Ia2
 = 0

or – j IA2
 = – Ia2

IA2
 = – j Ia2

(13.61)

Similarly for the other connections where VA1
 = – jVa1

and VA2
 = jVa2

 the current
relations can be derived.

It is, therefore, seen that the positive sequence line-to-neutral voltages and line currents
are shifted 90° in phase in the same direction in passing through a Y-∆ or ∆-Y transformer
whereas the corresponding negative sequence quantities are shifted 90° in the direction opposite
to the positive sequence shift.

In case it is desired to know only the magnitude of voltage and currents in a system
during faults, we need not consider the phase shift of 90°. If both magnitude and phase relations
are required then we must consider the 90° phase shift. To solve the short circuit problems in
which the connection of the ∆-Y transformer is not given, any one of the two connections can be
assumed. The only difference in the final results will be the sign of the voltages and currents.
The sign in one case is plus and in the other it will be minus, the magnitudes will remain same.

Example 13.6: A 30 MVA, 13.8 kV, 3-phase alternator has a subtransient reactance of
15% and negative and zero sequence reactances of 15% and 5% respectively. The alternator
supplies two motors over a transmission line having transformers at both ends as shown on
the one-line diagram. The motors have rated inputs of 20 MVA and 10 MVA both 12.5 kV with
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20% subtransient reactance and negative and zero sequence reactances are 20% and 5%
respectively. Current limiting reactors of 2.0 ohms each are in the neutral of the alternator
and the larger motor. The 3-phase transformers are both rated 35 MVA, 13.2 ∆-115Y kV with
leakage reactance of 10%. Series reactance of the line is 80 ohms. The zero sequence reactance
of the line is 200 ohms. Determine the fault current when (i) L-G (ii) L-L, and (iii) L-L-G fault
takes place at point P. Assume Vf = 120 kV.

Solution: The three sequence networks will be as shown in Fig. E.13.6. Assume base of
30 MVA and base voltage of 13.8 kV in generator circuit.

j 0.0784 � j 0.167 � j 0.0784 �

j 0.15 � j 0.492 � j 0.246 �

j 0.0784 � j 0.167 � j 0.0784 �

j 0.492 � j 0.246 �j 0.15 �

Ia1

Ia2j 0.0784 � j 0.416 � j 0.0784 �

j 0.05 �

j 0.945 � j 0.945 �

j 0.061 �

j 0.123 �

Ia0

P

�����������

Positive Sequence Network

The base voltage on the line side of the transformer = 13.8 × 
115
13.2

 = 120 kV

∴ The base voltage on the motor side of the transformer = 120 × 
13.2
115

 = 13.8 kV
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The per cent reactance of transformer = 10 × 
13.2
13.8
�
�	



��

×
2 30

35
 = 7.8423%

The per cent reactance of motor = 20 × 
12.5
13.8
�
�	



��

×
2 30

20
 = 24.6%

The per cent reactance of line = 80 × 
30

1202  × 100 = 
2400
144

 = 16.7%

Negative Sequence Network: The network is exactly identical to positive sequence network
except  for the sources.

Zero Sequence Network

The neutral reactance = 2 × 3 × 
30

13 8 2( . )
 × 100 = 

180 100
13 8 2

×
( . )

 = 94.5%

The zero sequence reactance of line = 200 × 
30

120 2( )
 × 100 = 

6000
144

 = 41.6%

Once the three sequence networks are ready we analyse different fault conditions as
follows:

L-G Fault: The three sequence networks are connected in series, positive sequence
impedance between P and ZPB is (when sources are short circuited) j0.146. Similarly,

Negative sequence impedance = j0.146

Zero sequence impedance = 0.06767

  Total impedance = j0.3596

∴ Ia1
 = 

1 0 0
0 35967
+ j

j
.

.
 = – j2.78 p.u. = Ia2

 = Ia0

Fault current = 3 Ia1
 = – j8.34

Base current = 
30 1000

3 13 8
×
× .

 = 1255 amps

or on the line side

Base current = 
30 1000

3 120

×
×

= 144.3 amps

∴ Fault current = 144.3 × 8.34 = 1203 amps

L-L Fault: Here only positive and negative sequence networks are required.

Ia1
 = 

1 0 0 1 0 0
0 146 0 146

1 0 0
0 2921 2

+
+

= +
+

= +j
Z Z

j
j j

j
j

. .
. .

.
.

 = – j3.42

∴ Ia1
 = – Ia2

 = – j3.424

Fault current  Ib = – Ic = λ2 Ia1
 + λ Ia2

 as Ia0
 = 0

Ib (– 0.5 – j0.866)(– j3.424) + (– 0.5 + j0.866)(j3.424)

= j1.712 – 2.965 – j1.712 – 2.965 = 5.9315 p.u.

∴   Fault current = 5.9315 × 144.3 = 855.9 amps
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L-L-G Fault: Here

Ia1
 = 

1 0 0

0 146
0 146 0 06767
0 146 0 06767

1 0 0
0 19224

+

+ ×
+

= +j

j
j j
j j

j
j

.

.
. .
. .

.
.

  = – j5.2 p.u.

Ia2  = – 
I Z

Z Z
j j

j
a1 0

2 0

5 2 0 06767
0 21367+

=
+ ×. .

.
 = j1.647

Ia0  = j3.553

The fault current is

       Ib + Ic = 3 Ia0
 = 3 × j3.553 p.u.

∴ The fault current = 3 × 3.553 × 144.3 = 1538 amps.

����
����������

Reactor is a coil which has high inductive reactance as compared to its resistance and is used
to limit the short circuit current during fault conditions. To perform this function it is essential
that magnetic saturation at high current does not reduce the coil reactance. If an iron cored
inductor is expected to maintain constant reactance for currents two to three times its normal
value it will turn out to be very costly and heavy. Therefore air cored coils having constant
inductance are generally used for current limiting reactors.

Air cored reactors are normally of two types: (i) oil immersed type, and (ii) dry type. Oil
immersed reactors can be cooled by any of the means used for cooling the power transformer
whereas the dry type are usually cooled by natural ventilation and are sometimes designed
with forced-air and heat exchanger auxiliaries. Reactors are usually built as single phase units.

With the increase in interconnection of power system the fault levels are increasing. It
is, therefore, necessary to increase the reactance by introducing reactors at strategic points in
the system. The following are the various possibilities:

(i) Generator Reactors: The reactance of modern alternators may be as high as 2.0 p.u.
which means even a dead short-circuit at the terminals of the alternator will result in a cur-
rent less than full load current and, therefore, no external reactor is required for limiting the
short circuit current of such a machine. However, if some old machines are being used alongwith
the modern alternator, these old machines need the reactors for limiting the short circuit
current. The location of reactors is given in Fig. 13.24(a).

(ii) Feeder Reactor: The per unit value of reactance of a feeder based on its ratings may
be small but when compared with the rating of the whole system, its value is quite large and
hence a small reactor will be effective in limiting the short circuit current should a fault occur
close to the generating station. In case this feeder reactor is not there, a fault in such a location
would bring the bus bar voltage almost down to zero value and there is a possibility of various
generators falling out of step. We know that, to improve the transient stability of a system the
critical clearing angle should be as small as possible, i.e., the breakers should be as fast as
possible. In order to obtain this situation and at the same time to reduce the current to be
interrupted the feeder must be associated with a reactor (Fig. 13.24(b)).
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(a) (b)

(c)
A B

jx

(d)

(e)

���������	���������������������� �!�"������#

�� ����$����"$���%� �&'�&��(

(iii) Busbar reactor: There are three methods of
interconnecting the busbar through the reactors as
shown in Fig. 13.24 (c-e). The simple method is suit-
able for plants of moderate output whereas for large-
sized plants either the star or ring system of connec-
tion is used. It is to be noted that any transfer of power
from say section A to section B of the generators, a
difference in potential between the bus section is de-
veloped. If the power to be transferred is wattless the
difference in voltage between the bus section will be
much more as compared to when active power of same magnitude will be transferred. Refer to
phasor diagram (Fig. 13.25) for the two conditions when resistance of the system is neglected.

VAp is the voltage of bus A when active power is transferred and VAq is the voltage of bus
A when reactive power of same magnitude is transferred from A to B. Since the allowable
voltage difference between the bus sections is quite limited it is desirable to meet the wattless
requirement of load at bus B by adjusting excitation of the plant at B and the active power
requirement can be met by transferring power from A to B.

���������
�)�����$*�+��,����

�*+(� -�(./�� (

I�AB

IAB

VAp

I�ABX

IABX

VB

VAq
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In case of the ring arrangement, the current to be transferred between two sections
flows through two paths in parallel whereas in tie-bar or star system the current flows through
two reactors in series. As a result of this configuration whenever a busbar connection is removed
for repairs or maintenance in case of a ring arrangement, the maximum power that can be
transferred reduces materially which is not the case in case of tie-bar system. For protection
the two arrangements involve almost the same cost, except in the limit, it is advantageous to
use the tie-bar system.

Calculation of 3-phase Short-Circuit Currents

The sudden short-circuit of a 3-phase alternator has been discussed in Chapter 12. It is shown
there that the impedance of the alternator grows from the instant of short circuit to the steady
state condition. Which impedance should be considered for evaluating the short-circuit  currents,
depends upon whether subtransient, transient or steady state short circuit current is required.

The p.u. impedance of an equipment = 
IZ
V

where Z is the impedance of the equipment in ohms and I and V are the rated current and
voltage respectively.

Now    Isc = V/Z

∴ Zp.u. = 
IZ
V

I
I

IV
I Vsc sc

= =

If VI is the base or full load volt-amperes and VIsc the short-circuit volt-amperes, then

Zp.u. = 
Base or full load volt-amperes

Short-circuit volt-amperes

or    S.C. MVA = 
Base or full load MVA

p.u.Z

This is the relation that will be used for evaluating the short circuit MVA.

�������������������������������������������������

Consider Fig. 13.26. The diagram shown is a part of a large
interconnected system. Assume that a symmetrical short
circuit occurs at bus 1.

The prefault voltage of bus is 1 p.u. and as soon as
the fault takes place, the voltage of this bus reduces to
almost zero. The voltage of the other buses will sag during
the short-circuit and the reduction in voltage of various
buses is an indication of the ‘‘strength’’ of the network.
We normally are interested in knowing this strength and
the severity of the short-circuit stresses. Both these objectives are met by a quantity known as
short-circuit capacity or fault level of the bus in question. By strength of a bus is meant the
ability of the bus to maintain its voltage when a fault takes place at other bus. Of course when
a fault takes place at the bus in  question, the voltage of this bus will reduce to zero but in case

�����������	��)���%&'�������,

2*�)��)���%�*��'*�����&'��-(

2 3

1
Short-circuit
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a fault takes place at some other bus then how far the bus in question is able to maintain its
voltage is a measure of the strength of the bus. The short-circuit capacity is defined as the
product of the magnitude of prefault voltage and post-fault current. Since the strength of a bus
is directly related to its short-circuit capacity, the higher the short circuit capacity of the bus
the more it is able to maintain its voltage in case of a fault on any other bus. Also it can be seen
that higher the short-circuit capacity, lower will be the equivalent impedance as seen between
the faulted bus and the zero potential bus of the system. For a bus which is infinitely strong or
which has infinite short-circuit capacity will have zero equivalent impedance. In fact such a
bus is known as ‘‘infinite bus’’. Such a bus is characterized by a zero equivalent impedance and
it is able to maintain constant voltage irrespective of where the short circuit takes place except,
of course, for a short circuit on the bus itself, when its voltage will reduce to zero.

Whenever a short circuit takes place at a bus with higher short-circuit capacity or fault
level, high current flows in the bus. This taxes the circuit breaker. The short-circuit stress to
which a breaker is subjected is directly related to short-circuit capacity rather than the short-
circuit current for two reasons. The first job of the breaker is to extinguish the short-circuit
current and once it has extinguished the arc, the breaker contacts must maintain sufficient
insulation strength to withstand the voltage (recovery voltage) that appears across them. Since
the recovery voltage is 1 p.u. it is logical to rate a breaker for both the post-fault current and
prefault voltage, i.e., in terms of short-circuit capacity rather than the short-circuit current.

Example 13.7: A generating station having n section busbars each rated at Q kVA with
x% reactance is connected on the tie-bars system through busbar reactances of b%. Determine
the short-circuit kVA if a 3-phase fault takes place on one section. Determine the short-circuit
kVA when n is very large.

Solution: The tie-bar system is represented as follows:

1 2 n

F

b%

Let the fault take place at F. The equivalent circuit will be as follows:

1 2 n
x

b

Zeq

The equivalent impedance Zeq between the zero potential bus and the fault point is

b x
n

b
�

�

�

�
�
�

�
�
�1

 || x or bn x
n

�

� 1
 || x
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or      
1 1 1

Z x
n

bn xeq
� �

�

�

( )
( )

∴ The short-circuit kVA = 
Q

Zeq
 × 100 = Q 

1 1
x

n
bn x

+ −
+

�

�
	




�
�

( )
 × 100

Now, if n is very large,

Q
1 1 1 1 1
x

n
b x n

Q
x b

+
−
+

�

�
	




�
� = +�

�	



��
/
/

The short-circuit MVA is independent of the number of section. This is the main advantage
of tie-bar system. This effectively means that any extension of a large tie-bar interconnected
system will not require replacement of the existing switchgear system.

Example 13.8: Determine the percentage increase of busbar voltage required to
compensate for the reactance drop when the feeder having a reactance of 3% carries a full load
current at a p.f. 0.8 lagging.

Solution: The system is shown below:

full load at 0.8 p.f.
3%

For a series impedance the approximate % drop in volts = vr cos φr + vx sin φr, where vr
and vx are the per cent resistance and reactance of the series element respectively. Since the
feeder has negligible resistance vr = 0.

∴ Per cent drop of volts = vx sin φr = 3 × 0.6 = 1.8%. Ans.

Example 13.9: A small generating station has a busbar divided into three sections.
Each section is connected to a tie-bar with reactors each rated at 5 MVA, 0.1 p.u. reactance. A
generator of 8 MVA rating and 0.15 p.u. reactance is connected to each section of the busbar.
Determine the short-circuit capacity of the breaker if a 3-phase fault takes place on one of the
sections of busbar.

Solution: Let the base MVA be 8 MVA, the per unit reactance of the generator be 0.15
p.u. and that of the reactor 0.1 × 8/5 = 0.16 p.u.

The equivalent circuit is as shown below:

Zeq Zeqj 0.15 �

j 0.16 �

j 0.15 �

j 0.16 �

j 0.155 �

j 0.15 �

j 0.16 �

j 0.15 �

j 0.16 �

The equivalent impedance Zeq = 
j j

j
0 15 0 315

0 465
. .

.
×

 = j0.1016129

∴ Short-circuit capacity = 
Base MVA

Z jeq
=

8
0 1016129.

 = 78.73 MVA.
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Example 13.10: Two generating stations having short-circuit capacities of 1200 MVA
and 800 MVA respectively and operating at 11 kV are linked by an interconnected cable having
a reactance of 0.5 ohm per phase. Determine the short-circuit capacity of each station.

Solution: Assuming base MVA as 1200, the per cent reactance of one generating station
is 100% and that of the other is

1200
800

 × 100 = 150%

The % reactance of the cable is

    
0 5 1200

11 11
. ×

×
 × 100 = 496%

When a 3-phase fault takes place at 1200 MVA capacity plant the equivalent circuit will
be as follows:

100% 150%
496%

F

When the fault is at F, fault impedance between F and the neutral bus will be 86.59%.

∴ The short-circuit MVA of this bus will be as follows:

1200
86 59.

 × 100 = 1386 MVA. Ans.

For fault at the other station, the equivalent circuit will be as follows:

100% 150%
496%

F

ZPB

The equivalent fault impedance between F and neutral bus will be 119.84%.

∴ The short-circuit MVA will be

1200
119 84.

 × 100 = 1001 MVA. Ans.

Example 13.11: Determine the fault MVA, if a fault takes place at F in the diagram
shown (Fig. E.13.11). The p.u. values of reactance are given with 100 MVA as base. Resistance
may be neglected.

In order to draw Fig. E.13.11(c) from (b), we draw two buses neutral N and the fault
point bus F and arrange the various elements of (b) between these buses. The other network
reductions are quite clear from the figures till we arrive at (g), where the equivalent fault
impedance between the neutral bus and the fault point is 0.14 p.u.

∴ The S.C. MVA = 
100
0 14.

 = 714.28 MVA. Ans.
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j 0.2 �

N

F F(c) (d)

j 0.2 �

j 0.0329 �

j 0.00588 �

j 0.1647 �

j 1.12 � j 0.6 �

N

(e) (f) (g)F

j 0.45976 �

j 0.2 � j 0.14 �

N N

F F

j 0.2 �

j 0.2 �

j 0.6 �

j 1.0 �

F

(a)

j 0.2 �

j 0.2 �

j 0.6 �

j 1.0 �

N

(b)

j 0.2 � j 0.2 �

j 0.6 �

j 0.6 � j 0.6 �

j 0.6 �

F
j 0.2 � j 0.2 �

j 0.2 � j 0.2 � j 0.2 �

j 0.2 �

j 1.0 �

j 1.0 �j 0.6 �
j 0.6 �

N

j 0.2 �

j 0.6 �

j 0.04 �

j 1.12 �

j 1.12 �

j 0.00588 �

������������

Example 13.12: An alternator and a synchronous motor each rated for 50 MVA, 13.2
kV having subtransient reactance of 20% are connected through a transmission link of reactance
10% on the base of machine ratings. The motor acts as a load of 30 MW at 0.8 p.f. lead and
terminal voltage 12.5 kV when a 3-phase fault takes place at the motor terminals. Determine
the subtransient current in the alternator, the motor and the fault.

Solution: Taking base quantities as 50 MVA, 13.2 kV,

The base current = 
50 1000

3 13.2

×
×

 = 2186 amps

The prefault voltage = 
12.5
13.5

 = 0.9469 p.u.
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Take this voltage as the reference.

F

j 0.1 �

j 0.2 �j 0.2 �

The fault impedance = 
j j

j
0 3 0 2

0 5
. .

.
×

 = j0.12 p.u.

∴ The fault current = 
0 9469

0 12
.

.j
 = – j7.89 p.u.

The full load current before the fault takes place = 
30 1000

3 12 5 0 8

×
× ×. .

 = 1732 amps

p.u. load current = 
1732
2186

 = 0.7923 ∠ 36.8°

   = 0.6344 + j0.4746

The p.u. fault current supplied by the motor = – j7.89 × 3/5 = – j4.734

and that supplied by the generator = – j7.89 × 2/5 = – j3.156.

∴ The net current supplied by the generator during fault

= – j3.156 + 0.6344 + j0.4746

= 0.6344 – j2.6814 = 2.755 p.u.

The net current supplied by the motor – 0.6344 – j0.4746 – j4.734

= (– 0.6344 – j5.2086) p.u. = 5.247 p.u.

∴ Fault current from the generator = 2.755 × 2186 = 6022 amps.

Fault current from the motor = 5.247 × 2186 = 11470 amps

and fault current = – j17247 amps. Ans.

Example 13.13: A station operating at 33 kV is divided into sections A and B. Section A
consists of three generators 15 MVA each having a reactance of 15% and section B is fed from
the grid through a 75 MVA transformer of 8% reactance. The circuit breakers have each a
rupturing capacity of 750 MVA. Determine the reactance of the reactor to prevent the breakers
being overloaded if a symmetrical short circuit occurs on an outgoing feeder connected to A.

Solution: The system is given below:

A B

75 MVA

Assume the base MVA as 75.

The p.u. reactance of each generator = 0.15 × 
75
15

 = j0.75
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The p.u. reactance of transformer = j0.08 p.u.

Let x% be the reactance of the reactor for base of 75 MVA. The equivalent circuit for a
fault of A is as shown in diagram.

j 0.75 � j 0.08 �

jx

The per cent impedance between the fault point and the neutral bus is

0 25 0 08
0 25 0 08

0 25 0 0200
0 33

. ( . )
. .

. .
.

X
X

X
X

+
+ +

= +
+

Now         S.C. MVA = 
Base MVA

p.u. impedance

or       750 = 
75(X

X
+
+
0 33

0 25 0 02
. )

. .
   187X + 15.00 = 75X + 24.75

    112X = 9.75

   X = 0.08705 p.u.

∴ Actual value of reactance in ohms = 
0 08705 33

75

2. ×
 = 1.264 ohms. Ans.

Example 13.14: A double line to ground fault occurs on phases b and c, at point P in the
circuit whose single line diagram is shown in Fig. 13.22(a). Determine the subtransient currents
in all phases of machine-1, the fault current and the voltages of machine I and voltages at the
fault point. Neglect pre-fault current. Assume that machine-2 is a synchronous motor operating
at rated voltage. Both the machines are rated 1.25 MVA, 600 volts with reactances of X″ = X2
= 8% and X0 = 4%. Each 3-phase transformer is rated 1.25 MVA, 600 volts delta/4160 volts star
with leakage reactance of 5%. The reactances of transmission line are X1 = X2 = 12% and
X0 = 40% on a base of 1.25 MVA, 4160 volts.

Solution: Select 600 volts, 1.25 MVA as base quantities in the generator circuit. Since
the transformation ratio is 600/4160 volts and the transformer is rated at 1.25 MVA, no change
of reactances is required.

From Fig. 13.22, the Thevenin’s equivalent impedances are:

Z1 eq = (8 + 5) || (8 + 5 + 12) = 8.55%

Z2 eq = 8.55%

Z0 eq = 5 || 45 = 4.5%

Now   Ia1  = 
E

Z
Z Z

Z Z

a

eq
eq eq

eq eq
1

0 2

0 2
+

+
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 Ia1
 = 

10

0 0855
0 0855 0 045

0 1305

.

.
. .

.
j

j j
j

+ ×

= – j 8.697 p.u.

 Ia2
 = 

I Z

Z Z
a eq

eq eq

1 0

0 2+

= – 
j j

j
8 697 0 045

0 1305
. .

.
×

= j 3.0 p.u.

Ia0
 = – 

j j
j

8 697 0 0855
0 1305

. .
.
×

= j 5.698 p.u.

   Va1
 = 1.0 – (– j8.697) (j0.0855)

= 1.0 – 0.7436 = 0.2564

 Va2
 = – Ia2

Z2 eq = – (j 3.0) (j 0.0853)

= 0.2564

Similarly  Va0
 = 0.2564

The fault current  Ia = 0

  Ib = (– 0.5 – j0.866) (– j8.697) + (– 0.5 + j0.866) (j3.0) + j5.698

= j4.3485 – 7.5316 – j1.5 – 2.598 + j5.698

= – 10.1296 + j 8.5465

= 13.25/ .139 85

  Ic = (– 0.5 + j 0.866) (– j8.697) + (– 0.5 – j0.866)* (j3.0) + j5.698

= – 10.1296 – j 8.5465

= 13.25/ .220 15
The current supplied by machine 1 are

Ia1
 = – j8.697 × 

25
38

 = – j5.722

or IA1
 = j Ia1

 = 5.722

Ia2
 = j3 × 

25
38

 = j1.9737

or  IA2
 = 1.9737

∴ IA = 5.722 + 1.9737 = 7.6956

IB = (– 0.5 – j0.866) (5.722) + (– .05 + j0.866) (1.9737)

   = – 2.861 – j4.955 – 0.9868 + j1.709

   = – 3.8478 – j3.246
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   = 5.034/ .220 15

IC = 5.034 / .139 85

Voltages at the fault point

 Va = Va1
 + Va2

 + Va0

= 3 × 0.2564

= 0.7692 p.u.

 Vb = 0 and Vc = 0

Vab = Va – Vb = 0.2564 – 0 = 0.2564 p.u.

Vbc = Vb – Vc = 0.0

Vca = Vc– Va = – 0.2564 p.u.

Now the sequence voltages in the generator circuit are

  VA1  = 1.0 – (5.722) (j0.05)

= 1 – j0.2861

 VA2
 = – 1.9737* (j0.05)

 VA = 1 – j0.2861 – j0.098685

= 1 – j0.3848

= 1.0715/21°  p.u.

VB = (– 0.5 – j0.866)(1 – j0.2861) + (– 0.5 + j0.866) (– j0.09868)

= – 0.5 + j0.1430 – j0.866 – 0.24776

= – 0.74776 – j0.723

= 1.04/224

 VC = (– 0.5 + j0.866) (1 – j0.2861) + (– 0.5 – j0.866) (– j0.09868)

= – 0.74776 + j0.723

= 1.04/136°
  VAB = VA – VB

= 1.0 – j0.3848 + 0.74776 + j0.723

= 1.74776 + j0.3382

= 1.78/ .10 95°
 VBC = VB – VC

= – 0.74776 – j0.723 + 0.74776 – j0.723

= – j1.446

 VCA = VC – VA

 = – 0.74776 – j0.723 – 1 + j0.3848

= – 1.74776 – j0.3382

= 1.78/ .190 95 Ans.

www.EngineeringBooksPdf.com



D-8\N-SYSTEM1\SYS13-3.PM6.5

���������	
�����������	����	�
���	
��
	����� �/�

Example 13.15: A generator supplies a motor through a Y/∆ transformer. The generator
is connected to the star side of the transformer. A fault occurs between the motor terminals
and the transformer. The symmetrical components of the subtransient current in the motor
flowing towards the fault are Ia1

 = – 0.8 – j2.6 p.u., Ia2
 = – j2.0 p.u. and Ia0

 = – j3.0 p.u. From
the transformer towards the fault Ia1

 = 0.8 – j0.4 p.u., Ia2
 = – j1.0 p.u. and Ia0

 = 0. Assume X″
= X2 for both the motor and the generator. Describe the type of fault. Find (i) the pre-fault
current if any, in line ‘a’ (ii) the subtransient fault current in p.u. and (iii) the subtransient
current in each phase of the generator in p.u.

Solution: The system is shown in Fig. E.13.15.1

Since the currents contain zero sequence components the fault is either L-G or
L-L-G. The total fault current is the sum of fault currents fed from the transformer side and
the motor side.

M
P

Y/
�

G

�����������
��

Total positive sequence fault current

= – 0.8 – j2.6 + 0.8 – j0.4

= – j3.0

Similarly, it is found that total negative sequence and zero sequence fault currents are
Ia2

 = – j3.0 and Ia0
 = – j3.0. Since all the three sequence components of current are equal, it is

a L-G fault.

(i) Let the prefault current be a + jb and since for L-G fault total Ia1
 = total Ia2

 = total
Ia0

 = – j3.0 p.u. in the case. The distribution of negative sequence current is – j2.0 p.u. from the
motor and – j1.0 from the generator side i.e., the ratio of the reactance from the two sides is
1 : 2 i.e., it is given as in Fig. E.13.15.2.

P
Xg2

XT2
Xm2

–j 2.0–j 1.0

�����������
��

Therefore, positive sequence current supplied by the motor would be – j2.0 and that by
generator – j1.0 if the prefault current is neglected. Now considering the prefault current, we
should have positive sequence current supplied by the motor as

– j2.0 – (a + jb) = – 0.8 – j2.6

Separating the real and imaginary quantities, we have – 2 – b = – 2.6

and – a = – 0.8

or    b = 0.6

and    a = 0.8
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Therefore, the prefault current is

(0.8 + j0.6)

(ii) The subtransient fault current = 3 Ia1
 = – j9.0 p.u.

(iii) The sequence components from the generator are

Ia1
 = 0.8 – j0.4, Ia2

 = – j1.0, Ia0
 = 0

  IA1
 = j(0.8 – j0.4)IA2

= – j(– j1.0)

 IA1
= j0.8 + 0.4 IA2

= – 1.0

  IA = IA1
 + IA2

 = + j0.8 + 0.4 – 1.0

  = – 0.6 + j0.8. Ans.

 IB = λ2IA1
 + λ IA2

  = (0.5 – j0.866) (j0.8 + 0.4) + (– 0.5 + j0.866) (– 1.0)

= – j0.4 – 0.2 + 0.6928 – j0.3464 + 0.5 – j0.866

= 0.9928 – j1.6124. Ans.

 Ic = λ2 IA1
 + λ2IA2

= (– 0.5 + j0.866) (0.4 + j0.8) = (– 0.5 – j0.866) (– 1.0)

= – 0.2 – j0.4 + j0.3464 – 0.6928 + 0.5 + j0.866

= – 0.3928 + j0.8124. Ans.

Similarly the currents from the motor side can be computed.

Example 13.16: A transformer is rated at 11 kV/0.4 kV, 500 kVA, 5% reactance.
Determine the short circuit MVA of the transformer when connected to an infinite bus.

Solution: Since the transformer is connected to an infinite bus, the p.u. impedance of
the circuit will be 0.05 i.e., the p.u. impedance offered by the transformer.

∴ S.C. MVA = 
0 5
0 05

.
.

 = 10 MVA. Ans.

Example 13.17: Three identical resistors are star connected and rated 2500 volts, 500
kVA as a three phase unit. The resistors are connected to the low-tension side of a ∆/Y
transformer. The voltage at the resistor load are

| Vab | = 2000 volts, | Vbc | = 2800 volts

and | Vca | = 2500 volts. Select base as 2500 volts

500 kVA, find the line voltages and currents in per unit on the delta side of the
transformer. Assume that the neutral of the load is not connected to the neutral of the
transformer secondary.

Solution: The per unit voltages are

| Vab | = 
2000
2500

 = 0.8 p.u.

| Vbc | = 
2800
2500

 = 1.12 p.u.

| Vca | = 1.0 p.u.
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Assuming an angle of 180° of Vca and using the law of cosines.

�

c 119.96°

Vab

Vbc

Vca

(a)

���������������

1.122 = 0.82 + 1.02 + 2*0.8* 1.0 cos α
       α = 103.94°

Similarly

  0.82 = 1.122 + 1.02 + 2* 1* 1.12 cos β
        β = 136.1°

The line voltages are

∴ Vab = 0.8/ .76 06

Vca = 1.0/180°

Vbc = 1.12 / – .43 9°
The symmetrical components of the line voltages are

 Vab1
= 

1
3

[Vab + λVbc + λ2Vca]

= 
1
3

[0.8/ .76 06 + 1.12/ .− +43 9 120 + 1.0 /180 240+ °]

= 
1
3

[0.1927 + j 0.7764 + 0.2690 + j1.0872 + 0.5 + j 0.866]

= 0.3205 + j0.9098

= 0.9646/ .70 59°

Vab2
 = 

1
3

[0.8/ .76 06 + 1.12 / .− +43 9 240 + 1.0 /180 120+ ]

= 
1
3

 [0.1927 + j0.7764 – 1.0760 – j0.3106 + 0.5 – j0.866]

= – 0.1277 – j0.1334

= 0.1846/ .226 25°
As neutral is isolated Vab0

 = 0.

In order to evaluate the positive and negative sequence components of phase to neutral
voltage, we take Vab1

 and Vab2
 as the reference phases as shown in the following figure.
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Vca1
Vbc1

Vab1

Van1

Vcn1
Vcn1

n

Vab2

Vbc2
Vca2

Van2

(b)

���������������

From Fig. 13.17(b)

  Van1
 = Vab1 / − °30

= 0.9646/ .70 59 30−

= 0.9646/ .40 59 p.u.

and  Van2
= Vab2 /30°

= 0.1846/ .226 25 30+ °

= 0.1846/ .256 25

Since each resister has an impedance of 1.0 /0° p.u.

   Ia1
 = 

Van1

10 0. / °
 = 0.9646/ .40 59

and    Ia2
 = 

Van2

10 0. / °
 = 0.1846/ .196 25°

Van1
and Van2

are the voltages on the star connected low voltage side of the transformer.
The corresponding voltages on the delta side (high tension) are

 VA1
 = – jVan1

 = 0.9646/ .40 59 90−

= 0.9646/ .− 49 41
= 0.6276 – j0.7325

 VA2  = – jVan2
 = 0.1846 / 256.25 +  90

= 0.1846/ .− ° 13 75
= 0.1793 – j 0.04387

∴        VA = VA1
 + VA2

 = 0.9646/ .−  49 41 + 0.1846/ .− ° 13 75

= 0.8069 – j 0.7763

= 1.12/ .−  43 9

   VB1  = λ2VA1
 = 0.9646 / .− + 49   41 240

= – 0.9481 – j 0.1773

www.EngineeringBooksPdf.com



D-8\N-SYSTEM1\SYS13-3.PM6.5

���������	
�����������	����	�
���	
��
	����� �3�

 VB2
 = λVA2

 = 0.1846/ .− + ° 13   75 120

= – 0.0516 + j 0.1772
 VB = VB1

 + VB2
 = 1.0/180°

   VC1
 = λVA1

 = 0.9646 / –  49.41 +  120°
= 0.3205 + j 0.9097

∴       VC2
 = λ2VA2 = 0.1846 / –  13.75 +  240°
= – 0.1276 – j0.1333

       VC = VC1
 + VC2

 = 0.1929 + j 0.7764

= 0.8/ .76 06
Now       VAB = VA – VB

= 0.8069 – j0.7763 + 1

= 1.8069 – j 0.7763

= 1.967 / .−  23 25 (line to neutral voltage base)
= 1.1356 – 23.25 (line to line voltage base)

Similarly       VBC = VB – VC

= – 1.0 – 0.1929 – j0.7764

= – 1.1929 – j0.7764
= 1.423 / .213 05°  p.u. (line to neutral voltage base)

= 
1423

213 05
.

./
3

= 0.8215 / .213 05°  p.u. (line to line voltage base)
      VCA = VC – VA

= 0.1929 + j0.7764 – 0.8069 + j0.7763
= – 0.614 + j1.5527

= 1.6697 / .11157° (line to neutral voltage base)

= 0.9639 / .11157° p.u. (line to line voltage base)
As the load impedance in each phase is resistive and one p.u., Ia1

 and Van1
 are found to

have identical p.u. values. Similarly Ia2
 and Van2

 are identical in p.u. Therefore, IA  must be
identical to VA expressed in p.u. thus

IA = 1.12 / −  43.9

IB = 1.0 /180°

and IC = 0.8 /76.06°. Ans.

������ �

13.1. The line currents in a 3-phase supply to an unbalanced load are respectively Ia = 10 + j20, Ib = 12
– j10 and Ic = – 3 – j5 amperes. The phase sequence is abc. Determine the sequence compo-
nents of  currents.
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13.2. The voltages across a 3-phase unbalanced load are Va = 300 V, Vb = 300 ∠ – 90° V and
Vc = 800 ∠ 143.1° V respectively. Determine the sequence components of voltages. Phase sequence
is abc.

13.3. Three 6.6 kV, 12 MVA, 3-phase alternators are connected to a common set of busbars. The positive,
negative and zero sequence impedances of each alternator are 15%, 12% and 4.5% respectively.
If an earth fault occurs on one busbar, determine the fault current:

(i) if all the alternator neutrals are solidly grounded;

(ii) if one only of the alternator neutrals is solidly earthed and the others are isolated;

(iii) if one of the alternator neutrals is earthed through a reactance of 0.5 ohm and the others are
isolated.

13.4. A 3-phase alternator is connected to a star/delta transformer through a transmission line as
shown here:

P

����������	

The positive, negative and zero sequence impedances of the alternator are j0.1, j0.1 and j0.05 p.u.
respectively and those of transformer are j0.05 p.u. each. A line-to-ground fault occurs at P as
shown. The respective sequence impedances on the left and right of the fault point are X″L= j0.2
p.u., XL2

 = j0.2 p.u. and XL0
 = j0.4 p.u. and Xr″ = j0.2, Xr2

= j0.2 and Xr0  = j0.4 p.u. Determine
the line current feeding into the fault and voltages at the fault when (i) the generator is grounded
as shown, (ii) the generator neutral is isolated.

13.5. A 50 Hz, 50 MVA, 13.2 kV star grounded alternator is connected to a line through a ∆/Y transformer
as shown here. The positive, negative and zero sequence impedances of the alternator are j0.1,
j0.1 and j0.05 p.u. respectively.

P Q R

����������


The transformer rated at 13.2 kV ∆/120 kV Y, 50 MVA with star solidly grounded has the sequence
impedances of X″ = X2 = X0 = j0.1 p.u. each. The line impedances between Q and R are X″ = j0.03,
X2 = j0.03 and X0 = j0.09 p.u., respectively. Assuming the fault to take place at P, determine the
subtransient fault current for a (i) 3-phase fault, (ii) a line-to-ground fault, (iii) a line-to-line
fault, (iv) a double line-to-ground fault. Also express these fault currents as a percentage of 3-
phase fault current as calculated in (i).

13.6. Solve Problem 13.5 when fault is at point Q.

13.7. Solve Problem 13.5 when fault is at point R.

13.8. Solve Problem 13.5 when the neutral of the alternator is grounded through an impedance of j0.2
ohm.

13.9. A 50 Hz, 13.2 kV, 15 MVA alternator has X″ = X2 = 20% and X0 = 8% and its neutral is grounded
through a reactor of 0.5 ohm. Determine the initial symmetrical r.m.s. current in the ground and
in line c, when a double line-to-ground fault occurs on phase b and c and the generator voltage is
12 kV before the fault takes place.
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13.10. A 3-phase generator is rated for 60 MVA, 6.9 kV and subtransient reactance Xd″ = j0.15 p.u. The
generator feeds a motor through a line with impedance of j0.1 p.u. on generator rating. The
motor is rated at 10 MVA and 6.9 kV with Xd″ = j0.2 p.u. on the motor base. The voltage at the
terminal of the motor is 1 p.u. and takes a load current of 1.0 p.u. at unity p.f. A symmetrical
fault occurs at the motor terminals. Determine the subtransient r.m.s. current at the fault, in
the generator and in the motor.

13.11. A 65-MVA star  connected 16 kV synchronous generator is connected to a 20 kV/120 kV, 75 MVA
∆/Y transformer. The subtransient reactance Xd″ of the machine is 0.12 p.u. and the reactance of
transformer is 0.1 p.u. When the machine is unloaded, a 3-phase fault takes place on the HT side
of the transformer. Determine (i) the subtransient symmetrical fault current on both sides of the
transformer, (ii) the maximum value possible of the d.c. current. Assume 1 p.u. generator volt-
age.

13.12. If in problem 13.11 a 3-phase balanced  impedance (on a base of 120 kV and 75 MVA) of (0.8 +
j0.6) p.u. ohm is connected across the transformer terminals at 120 kV and a fault takes place
beyond the load terminals as shown in Fig. P.13.12, determine the subtransient fault current
and the generator current using the Thevenin’s theorem. Assume per-fault voltage to be 1.0 p.u.

Load

������������

13.13. Four 50 MVA generators of 15% reactance each are connected via four 35 MVA reactors each of
10% reactance to a common bus bar. The feeders are each connected to the junction of each
alternator and its reactor. Determine the rating of each feeder circuit breaker.

13.14. Two 50 MVA, 50 Hz, 11 kV alternators with sub-transient reactance X″ = j0.1 p.u. and a trans-
former of 40 MVA 11 kV/66 kV and reactance of 0.08 p.u. are connected to a bus A. Another
generator 60 MVA, 11 kV alternator with reactance of 0.12 p.u. is connected to bus B. Bus A and
B are interconnected through a reactor of 80 MVA 20 per cent reactance. If a 3-phase fault occurs
on the high voltage side of the transformer, calculate the current fed into the fault.

13.15. Two generating stations having short circuit capacities of 1500 MVA and 1000 MVA respectively
and operating at 11 kV are linked by an interconnected cable having a reactance of 0.6 ohm per
phase, determine the short circuit capacity of each station.

13.16. A 33 kV 3-phase transmission line of resistance 2 ohm and reactance 8 ohm is connected at each
end to 2 MVA 33/6.6 kV ∆/Y transformer. The resistance and reactance drops of the transformers
are 1% and 3% respectively. Determine the fault current in each section of the system when a
3-phase fault take place on the low voltage side of the step-down transformer. Assume a source
with zero impedance.

13.17. Four busbar sections have each a generator of 40 MVA 10% reactance and a busbar reactor of 8%
reactance. Determine the maximum MVA fed into a fault on any bus bar section and also the
maximum MVA if the number of similar bus bars in sections is very large.

13.18. A 30 MVA, 11 kV generator has subtransient reactance of 10%, supplies power to three identical
motors through a transformer as shown in Fig. P.13.18. Each motor is rated for 8 MVA, 6.6 kV
with subtransient and transient reactances of j0.15 and j0.25 p.u. respectively. The transformer
is rated for 30 MVA, 11 kV/6.6 kV and leakage reactance 8%. The motor  bus bar voltage is 6.6 kV
when a 3-phase fault takes place at F. Determine (i) the subtransient current in the fault, (ii)
the subtransient current in breaker B, (iii) the momentary current in breaker B, and (iv) the
current to be interrupted by breaker B in 8 cycles.
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13.19. A power plant has two generators of 10 MVA, 15% reactance each and two 5 MVA generators of
10% reactance paralleled at a common bus bar from which load is taken through a number of 4
MVA step up transformers each having a reactance of 5%. Determine the short circuit capacity
of the breakers on the (i) low voltage, and (ii) high voltage side of the transformer.

13.20. A 3-phase, 5 MVA, 6.6 kV alternator with a reactance of 8% is connected to a transmission line
of series impedance (0.12 + j0.48) ohm per km. The transformer is rated at 3 MVA, 6.6 kV/33 kV
and reactance 5%. Determine the fault current supplied by the generator operating under no
load with voltage 6.9 kV when a 3-phase delta connected fault occurs 15 km along the line with
fault impedance between each line being (12 + j48) ohms.

13.21. A single line-to-ground fault occurs on phase a at point P in the circuit whose single line diagram
is shown here. Determine the subtransient current in phase a of machine 1 and in the fault at P.
Neglect prefault current. Assume that machine 2 is a synchronous motor operating at rated
voltage. Both machines are rated. 1.5 MVA, 600 volts with reactances of X″ = X2 = 8% and X0 =
4%. Each 3-phase transformer is rated 1.25 MVA, 660 volts delta/ 4160 volts star with leakage
reactance of 5%. The reactances of transmission line are X1 = X2 = 12% and X0 = 40% on a base of
1.25 MVA, 4160 volts.

R P

������������

13.22. Solve Problem 13.21 when fault is at R.
13.23. A 50 Hz, 80 MVA, 11 kV generator has positive, negative and zero sequence impedances of j0.4,

j0.3 and j0.1 p.u. respectively. The generator is connected to a busbar A through a transformer
having X1 = X2 = X0 = j0.4 p.u. on 100 MVA base and rated voltage. Determine the ohmic resis-
tance and rating of the earthing resistor such that for a L-G fault on busbar B the fault current
of the generator does not exceed full load current. A reactor of reactance 0.08 p.u. on 100 MVA
base is connected between busbars A and B.

���������

1. C.F. Wagner and R.D. Evans, Symmetrical Components, McGraw-Hill Book Co.
2. Edith Clarks, Circuit Analysis of A.C. Power Systems, Vol. I, John Wiley & Sons.
3. W.D. Stevenson, Jr., Elements of Power Systems Analysis, McGraw-Hill, 1962.
4. H. Cotton, The Transmission and Distribution of Electrical Energy.
5. O.I. Elgerd, Electric Energy System Theory—An Introduction, McGraw-Hill, 1971.
6. The Electrical Transmission and Distribution  Reference Book, Westinghouse Elect. Corp., Penn-

sylvania, 1964.

www.EngineeringBooksPdf.com



����������	��
��

��

www.EngineeringBooksPdf.com



������������

The capital investment involved in a power system for the generation, transmission and
distribution of electrical power is so great that proper precautions must be taken to ensure
that the equipment not only operates as nearly as possible to peak efficiencies, but also that it
is protected from accidents. The purpose of the protective relays and protective relaying systems
is to operate the correct circuit breakers so as to disconnect only the faulty equipment from the
system as quickly as possible, thus minimising the trouble and damage caused by faults when
they do occur.

The modern power system is very complex and even though protective equipments form
4 to 5% of the total cost involved in the system, they play a very important role in the system
design for good quality of reliable supply.

The most severe electrical failures in a power system are shunt faults which are
characterized by increase in system current, reduction in voltage, power factor and frequency.
The protective relays do not eliminate the possibility of faults on the system, rather their
action starts only after the fault has occurred on the system. It would be ideal if protection
could anticipate and prevent faults but this is impossible except where the original cause of a
fault creates some effects which can operate a protective relay. So far only one type of relay
falls within this category, this is the gas detector relay (Buchholz relay) used to protect
transformers which operates when the oil level in the conservator pipe of a transformer is
lowered by the accumulation of gas caused by a poor connection or by an incipient breakdown
of insulation (slowly developing fault).

There are two groups of relaying equipments for protecting any equipment:

1. Primary relaying equipment.

2. Back-up relaying equipment.

���

	

����������	������

www.EngineeringBooksPdf.com



D-8\N-SYSTEM1\SYS14-1.PM6.5

�����	�
�������� ���

Primary relaying is the first line of defence for protecting the equipments whereas the
back-up protection relaying works only when the primary relaying equipment fails which means
back-up relaying is inherently slow in action. Primary relaying may fail because of failure of
any of the following:

(i) Protective relays (moving mechanism etc.).

(ii) Circuit breaker.

(iii) D.C. tripping voltage supply.

(iv) Current or voltage supply to the relays.

Since it is required that back-up relays should operate in case primary relays fail, the
back-up relays should not have anything common with primary relays. Hitherto, the practice
has been to locate the back-up relays at a different station.

A second job of the back-up relays is to act as primary protection in case the primary
protection equipment is taken out for repair and maintenance.

	
�	 ���������������

Relay: A relay is an automatic device which senses an abnormal condition in an electric
circuit and closes its contacts. These contacts in turn close the circuit breaker trip coil circuit,
thereby it opens the circuit breaker and the faulty part of the electric circuit is desconnected
from the rest of the healthy circuit.

Pick up Level: The value of the actuating quantity (current or voltage) which is on the
threshold (border) above which the relay operates.

Reset Level: The value of current or voltage below which a relay opens its contacts and
comes to original position.

Operating Time: The time which elapses between the instant when the actuating quantity
exceeds the pick-up value to the instant when the relay contacts close.

Reset Time: The time which elapses between the instant when the actuating quantity
becomes less than the reset value to the instant when the relay contact returns to its normal
position.

Primary Relays: The relays which are connected directly in the circuit to be protected.

Secondary Relays: The realys which are connected in the circuit to be protected through
current and potential transformers.

Auxiliary Relays: Relays which operate in response to the opening or closing of its
operating circuit to assist another relay in the performance of its function. This relay may be
instantaneous or may have a time delay.

Reach: A distance relay operates whenever the impedance seen by the relay is less than
a prespecified value. This impedance or the corresponding distance is known as the reach of
the realy.

Underreach: The tendency of the relay to restrain at the set value or the impedance or
impedance lower than the set value is known as underreach.
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Overreach: The tendency of the relay to operate at impedances larger than its setting is
known as overreach.
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A protective relay is required to satisfy four basic functional characteristics: (i) reliability, (ii)
selectivity, (iii) speed, and (iv) sensitivity.

Reliability: The relay should be reliable is a basic requirement. It must operate when it
is required. There are various components which go into operation before a relay operates.
Therefore, every component and circuit which is involved in the operation of the relay plays an
imporant role; for example, lack of suitable current and voltage transformers may result in
unreliable operation.

Since the protective relays remain idle most of the time on the power system, proper
maintenance will play a vital role in improving the reliable operation of the relay.

Inherent reliability is a matter of design based on long experience. This can be achieved
partly by: (i) simplicity and robustness in construction, (ii) high contact pressure, (iii) dust free
enclosures, (iv) good contact material, (v) good workmanship, and (vi) careful maintenance.

Selectivity: It is the basic requirement of the relay in which it should be possible to
select which part of the system is faulty and which is not and should isolate the faulty part of
the system from the healthy one. Selectivity is achieved in two ways: (i) unit system of protection,
and (ii) non-unit system of protection.

Unit system of protection means the one is which the protection responds only to faults
within its own zone and does not make note of the conditions elsewhere, e.g., the differential
protection of transformers and generators. Here the protection scheme will work only if the
fault is in the transformer or the generator respectively.

Non-unit system of protection is one in which the
selectivity is obtained by grading the time or current
settings of the relays at different locations, all of which
may respond to a given fault.

Speed: A protective relay must operate at the
required speed. It should neither be too slow which may
result in damage to the equipment, nor should it be too
fast which may result in undesired operation during
transient faults.

The shorter the time for which a fault is allowed to
persist on the system, the more load can be transferred
between given points on the power system without loss of
synchronism. Fig. 14.1 shows the curves which represent
the power that can be transmitted as a function of fault
clearing time for various types of faults.

It can be seen from the curves that the severest
fault is the 3-phase fault and the least severe is the L-G
fault in terms of transmission of power.
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Sensitivity: A relay should be sufficiently sensitive so that it operates reliably when
required under the actual conditions in the system which produce the least tendency for
operation. It is normally expressed in terms of minimum volt-amperes required for the relay
operation.
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Basically there are two different operating principles of relays: (i) electromagnetic attraction,
and (ii) electromagnetic induction.

In the electromagnetic attraction type of relays the operation is obtained by virtue of an
armature being attracted to the poles of an electromagnet or a plunger being drawn into a
solenoid. These relays can be operated by both d.c. as well as a.c. quantities. With d.c. the
torque developed is constant and if this force exceeds a predetermined value the relay operates.

In case of a.c. quantity the force is given by

F ∝ I2

F = K′I2

Let I = Im sin ωt; then F = K′Im
2 – K′ cos 2ωt

This shows that the force consists of two components, one the constant, independent of
time, whereas the other is a function of time and pulsates at double the supply frequency. The
total deflecting force, therefore, pulsates at double the frequency. Since the restraining force is
constant the net force is a pulsating one which means that the relay armature vibrates at
double the power supply frequency. These vibrations will lead to sparking between the contacts
and the relay will soon be damaged.

To overcome this difficulty in a.c. electromagnet, the two fluxes producing the force are
displaced in time phase so that the resultant deflecting force is always positive and constant.
This phase displacement can be achieved either by providing two windings on the electromagnet
having a phase shifting network or by putting shading ring on the poles of the magnet as
shown in Fig. 14.2. However, the shading ring or coil method is more simple and is widely
used.

Induction Relays: The induction relays operate based on the electromagnetic induction
principle. Therefore, these relays can be used only on a.c. circuits and not on d.c. circuits.
Depending upon the type of rotor being used, these relays are categorised as (i) induction disc
type, and (ii) induction cup type of relays.

In case of induction disc type of relays, disc is the moving element on which the moving
contact of relay is fixed whereas in case of induction cup the contact is fixed with the cup.
There are two structures available under the induction disc type of relay: (i) the shaded pole
structure, and (ii) the watthour meter structure.

Shaded Pole Structures: As shown in Fig. 14.2, the disc is placed between the shaded
and unshaded poles of the relay. The relay consists of an operating coil which is fed by the
current proportional to the system current. The air gap flux produced by this flux is split into
two out-of-phase components by a shading ring made of copper that encircles part of the pole
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face of each pole at the air gap. The disc is normally made of aluminium so as to have low
inertia and, therefore, requires less deflecting torque for its motion. Sometimes, instead of
shading ring, shading coils are used which can be short circuited by the contact of some other
relay. Unless the contacts of the other relay are closed, the shading coil remains open and
hence no torque can be developed. Such torque control is employed where directional feature
is required which will be described later.

Shading ring

Shading ring

Disc

Direction
of force

To actuating
force
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����.� � �(�%�����!'�!��+

	
�
 ���������������������������������������

It is well known that for producing torque, two fluxes displaced in space and time phase are
required. Let these fluxes be

φ1 = φm sin ωt

φ2 = φ′m sin (ωt + θ)

Flux φ1 is produced by the shaded pole and φ2 by the
unshaded. The shaded pole flux lags that by the unshaded pole by
angle θ. The two fluxes φ1 and φ2 will induce voltages e1 and e2
respectively in the disc due to induction. These voltages will
circulate eddy currents in the disc of the relay. Assuming the disc
to be non-inductive, these currents will be in phase with their
respective voltages. The vector diagram (Fig. 14.3) shows the phase
relations between various quantities.

e1 ∝ d
dt
φ1

    ∝ φmω cos ωt

and e2 ∝ φ′m ω cos (ωt + θ)
The eddy current i1 ∝ e1.

Assuming same resistance to flow of eddy current,

i2 ∝ e2

i.e., i1 ∝ φmω cos ωt

and i2 ∝ φ′m ω cos (ωt + θ)
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The flux φ1 will interact with eddy current i2 and φ2 will interact with i1 and since φ2 is
leading φ1 the torque due to φ2 and i1 will be reckoned as positive whereas that due to φ1 and i2
as negative. The resultant torque is

T ∝ φ2i1 – φ1i2

∝ φ′m sin (ωt + θ) . φmω cos ωt – φm sin ωt. φ′m ω cos (ωt + θ)

∝ φmφ′m sin (ωt + θ) cos ωt – φmφ′m sin ωt cos (ωt + θ)

∝ φmφ′m sin θ (14.1)

Thus the torque is maximum when the two fluxes are displaced by 90° and since φ2 leads
φ1, the rotation of the disc under the poles will be from unshaded pole towards the shaded pole.
Also it is seen that the torque is of constant magnitude; therefore, there is no possibility of
vibration.

The control torque is provided with the help of a control spring which is attached to the
spindle of the disc. As the disc moves towards closing of the contacts, the spring torque increases
slightly with the winding of the spring. The relay disc is so shaped that as it turns towards the
pick up position (closing of contacts), there is increase in the area of the disc between the poles
of the actuating structure which causes increase in eddy currents and, therefore, increase in
electrical torque that just balances the increase in the control spring torque. The shape of the
disc usually is that of a spiral.

Since the shape of the disc is not perfectly circular, suitable balance weight is provided
on that part of the disc which has smaller area.

The damping torque is provided by a permanent magnet of high retentivity steel. The
motion of the disc can be controlled by adjusting the position of this magnet.

The minimum torque required for the movement of the disc is fixed for a particular
design, i.e., the ampere-turns required are fixed. Therefore, for different pick up current settings,
number of turns are changed effectively so as to keep the same ampere-turns. Higher current
setting will require smaller number of turns. Selection of the required current setting is by
means of a plug setting multiplier which has a single insulated plug. While the plug is withdrawn
for adjusting it to a different current setting during on-load condition, maximum current tap is
automatically connected, thus avoiding the risk of open circuiting the secondary of the C.T.
under load condition.

The operating time of the relay depends upon the
distance between the moving contact and the fixed
contact of the relay. The distance between the contacts
is adjusted by the movement of the disc back stop which
is controlled by rotating a knurled moulded wheel at the
base of the graduated time multiplier scale. This is known
as time multiplier setting. The higher the time multiplier
setting the greater is the operating time.

Watt-hour Meter Structure: The construction of
this structure is exactly identical to watt-hour meters.
The structure (Fig. 14.4) has two separate coils on two
different magnetic circuits, each of which produces one
of the two necessary fluxes for driving the disc of the
relay.
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�
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Induction Cup Relays (Fig. 14.5): This relay has
four or more electromagnets. A stationary iron core is
placed between these electromagnets. The rotor is a
hollow cylindrical cup which is free to rotate in the gap
between the electromagnets and the stationary iron core.
When the electromagnets are energized, they induce
voltages in the rotor cup and hence the eddy currents.
The eddy currents due to one flux interact with the flux
due to the other pole; thereby a torque is produced similar
to the induction disc type of relay.

The induction cup type of relays are more sensitive
than the induction disc type of relays and are used in
high speed relay applications.

The ratio of reset to pick up is inherently high in case of induction relays as compared to
attracted armature relays as their operation does not involve any change in the air gap of the
magnetic circuit as it is in the case of latter. The ratio lies between 95% and 100%. This is not
perfectly 100% because of the friction and imperfect compensation of the control spring torque.
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Depending upon the time of operation the relays are categorized as: (i) Instantaneous over-
current relay, (ii) Inverse time-current relay, (iii) Inverse definite minimum time (IDMT) over-
current relay, (iv) Very inverse relay, and (v) Extremely inverse relay.

(i) Instantaneous over-current relay is one in which no intentional time delay is provided
for the operation. The time of operation of such relays is approximately 0.1 sec. This character-
istic can be achieved with the help of hinged armature relays. The instantaneous relay is more
effective where the impedance Zs between the source
and the relay is small compared with the impedance
Zl of the section to be protected.

(ii) Inverse time-current relay is one in which
the operating time reduces as the actuating quantity
increases in magnitude. The more pronounced the
effect is the more inverse the characteristic is said to
be. In fact, all time current curves are inverse to a
greater or lesser degree. They are normally more in-
verse near the pick up value of the actuating quan-
tity and become less inverse as it is increased. This
characteristic can be obtained with induction type of
relays by using a suitable core which does not satu-
rate for a large value of fault current. If the satura-
tion occurs at a very early stage, the time of opera-
tion remains same over the working range. The char-
acteristic is shown by curve (a) in Fig. 14.6 and is
known as definite time characteristic.
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(iii) Inverse definite minimum time over-current relay is one in which the operating time
is approximately inversely proportional to the fault current near pick up value and becomes
substantially constant slightly above the pick up value of the relay (Fig. 14.6(b)). This is achieved
by using a core of the electromagnet which gets saturated for currents slightly greater than
the pick up current.

(iv) Very inverse relay is one in which the saturation of the core occurs at a later stage, the
characteristic assumes the shape as shown in Fig. 14.6(c) and is known as very inverse
characteristic. The time-current characteristic is inverse over a greater range and after
saturation tends to definite time.

(v) Extremely inverse relay is one in which the saturation occurs at a still later stage
than curve (c) in Fig. 14.6. The equation describing the curve (d) in the figure is approximately
of the form I2t = K, where I is the operating current and t the operating time.

Time Current Characteristics

These curves are normally plotted on log-log graph papers as shown in Fig. 14.7. The ordinate
is the operating time and the abscissa the multiple of pick up value of the actuating quantity.
The abscissa is taken as multiple of pick up value so that the same curves can be used for any
value of pick up, i.e., if the curves are known for pick up value of 2.5 A, then the characteristics
remain same for 5 A or 6.25 A or any other pick up value. This is possible with induction type
of relays where the pick up adjustment is by coil, because the ampere-turns at pick up are the
same for each tap and hence at a given multiple of pick up, the coil ampere-turns and hence
the torque are the same regardless of the tap used.
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The advantage of plotting the curves on log-log sheets is that if the characteristic for one
particular pick up value and one time multiplier setting is known, then the characteristics for
any other pick up value and time multiplier settings can be obtained.

The curves are used to estimate not only the operating time of the relay for  a given
multiple of pick up and time multiplier setting but also it is possible to know how far the relay
moving contact would have travelled towards the fixed contacts within any time interval.
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This method is also useful in finding out whether the relay will pick up and how long it
will take for the operation of the relay when the actuating quantity is changing as for example
during the in-rush current period of starting a motor etc.

For most effective use of the characteristics the multiple of pick up should not be less
than 1.5 because then the total actuating force is low and any additional friction may not
result in operation of the relay or it may take inordinately long time.

The inverse time current relays are non-directional relays and are used for the protection
of feeders, transmission lines, transformers, machines and other numerous applications.

Example 14.1: Determine the time of operation of a relay of rating 5 amps, 2.2 sec
IDMT and having a relay setting of 125% TMS = 0.6. It is connected to a supply circuit through
a C.T. 400/5 ratio. The fault current is 4000 amps.

Solution: The pick up value of the relay is 5 amps but since the relay setting is 125%,
therefore, the operating current of the relay is

5 × 1.25 = 6.25 amps

The plug setting multiplier of the relay,

 PSM = 
Secondary current

Relay current setting

= 
Primary current (fault current)
Relay current setting CT ratio×

= 
4000

6 25 80. ×
 = 8

From the standard 2.2 sec curve (Fig. 14.7) the operating time for PSM = 8 is 3.2 sec.

Since the TMS is 0.6, the actual operating time of the relay is 1.92 secs. Ans.
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The relay consists of two units: (i) directional unit; and (ii) non-directional or inverse time
current unit. The second unit is exactly the same as discussed in the previous section.

The directional unit is a four-pole induction cup unit. Two opposite poles are fed with
voltage and the other two poles are fed with current. The voltage is taken as the polarizing
quantity. The polarizing quantity is one which produces one of the two fluxes required for
production of torque and this quantity is taken as the reference compared with the other
quantity which is current here. This means that the phase angle of the polarizing quantity
must remain more or less fixed when the other quantity suffers wide changes in phase angle.

In a circuit at a point the current can flow in one direction at a particular instant. Let us
say this is the normal direction of flow of current. Under this condition the directional unit will
develop negative torque and the relay will be restrained to operate. Now if due to certain
changes in  the circuit condition, the current flows in opposite direction, the relay will develop
positive torque and will operate.
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For a directional over-current unit unless the directional unit contacts are closed, the
over-current unit is not energized because the operating coil of the over-current unit completes
its circuit through the directional unit contacts or if the over-current unit has shading coil on
its poles for the production of lagging flux; then the shading coil completes its circuit through
the directional unit contacts (Fig. 14.8).

The contacts of the directional unit can be easily removed and if maintenance is required
the whole unit can be easily dismantled and re-assembled without altering its characteristics.

The torque developed by a directional unit is given by

T  = VI cos (θ – τ) – K (14.2)

where V  = r.m.s. magnitude of the voltage fed to the voltage coil circuit,

  I = the r.m.s. magnitude of the current in current coil,

  θ = the angle between I and V,

  τ = the maximum torque angle (a design quantity), and

K = restraining torque including spring and friction.

Say for a particular installation (θ – τ) = constant K1; then the torque equation becomes

T = K1VI – K

Directional unit

V

FIC

110 V DC

Overcurrent unit

Shading coil

Current
coil

I
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Under threshold condition when the relay is about to start,

  T = 0 = K1VI – K

or VI = 
K
K1

 = K′ = constant (14.3)
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This characteristic is known as a constant
product characteristic and is of the form of a
rectangular hyperbola as shown in Fig. 14.9.

For the operation of the relay the product
of V and I should give a minimum torque which
exceeds the friction and spring torque. From the
characteristic it is clear that it is not enough to
have the product greater than K′ but there is a
minimum value of voltage and a minimum value
of current required for the torque to be developed.
The product of any value of voltage and any value
of current to exceed K′ is not enough. Say A is the
location of the directional relay (Fig. 14.10). In case
the fault is close to the relay the voltage to be fed
to the relay may be less than the minimum voltage
required. The maximum distance up to which the voltage is less than the minimum voltage
required is known as the dead zone of the directional relay i.e., if the fault takes place within
this zone the relay will not operate.

A
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Consider the torque equation (14.2) again

T = VI cos (θ – τ) – K

The phasor diagram is shown in Fig. 14.11. Here φv is
the flux due to the voltage coil and lags behind the voltage by
about 60° to 70°. φ1 is the flux due to the current coil. The net
torque is produced due to the interaction of φI and φv. The torque
is maximum when the two fluxes are displaced by 90°. Here
dotted line in the phasor diagram represents the desired
position of φI for maximum torque and since V is the reference
or polarising quantity and φv has fixed position with respect to
V for  a particular design, the angle between the dotted line
and the polarising quantity V is known as the maximum torque
angle and is normally denoted by τ. This means when the relay
current leads the voltage by an angle τ, maximum torque is
produced.

Referring again the torque equation, if V is fixed and
under operating condition K is negligible, then

I cos (θ – τ) = 0

Since I cannot be zero for torque production

   cos (θ – τ) = 0
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40°

50°60°

Ia

Va

Ia

i.e., θ – τ = ± 
π
2

∴       θ = τ ± 
π
2

(14.4)

This is the equation describing the polar characteristic (Fig. 14.12) of the directional
relay.

Zone to
account

spring torque Imin

V

Operation

�

No
operation
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The zone between the dotted line and the line parallel to it corresponds to the spring
torque. If the current vector lies within these lines the torque developed is less than the spring
torque and hence the relay does not operate. If the current crosses the dotted line the spring
torque is less than the operating torque and hence the relay operates.

Example 14.2: A cable circuit with an impedance angle of 10° is to be protected by
directional over current relays. Specify the connection you use for the directional element and
justify by actually working out the connections and the maximum torque angle setting needed
for the relay. Specify also the phase shifting network to be used if the relay potential coil has
an impedance of 1000 ∠60°. Assume a four-pole cup element for the directional element.

Solution: For the cable the impedance angle under
operating condition is 10°. With 30° connection the phase angle
between Va and Vac is 30°. Vac lagging Va and, therefore, Ia
leads Vac by 20°. The relay quantities are current proportional
to Ia and voltage proportional to Vac for a fault on phase a. In
case of fault on phase a the voltage of this phase up to the
relay point becomes quite small and say the phase angle
between Va and Vac becomes 50° instead of 30°; thereby the
angle between Ia and Vac becomes 40°. The phasor diagram is
shown here (Fig. E.14.2).

Voltage Vac is applied to the potential coil which has an
impedance angle of 60° and the position of current Iv is shown
in the phasor diagram. For torque to be maximum the angle

�������	
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between Ia and Iv should be 90°; therefore, a capacitor of suitable value should be connected
such that the impedance angle becomes 50° rather than 60° as shown by a dotted phasor in the
phasor diagram. Now

1000 ∠ 60° = (500 + j860)

For angle to be 50°,     tan–1 = 
X
R

 = 50°

or tan 50° = 
X
R

or X = 596

But we have inductive reactance of 860 Ω.

∴ The capacitive reactance required = 860 – 596 = 264

∴ Value of C = 
1

314 264×
 Farads = 12.1 µF. Ans.
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The universal relay torque equation is given as follows:

T = K1I
2 + K2V

2 + K3VI cos (θ – τ) + K (4.5)

By assigning plus or minus signs to some of the terms and letting others be zero and
sometimes adding some terms having a combination of voltage and current, the operating
characteristics of all types of relays can be obtained. For example, for over-current relay K2 =
0, K3 = 0 and the spring torque will be – K. Similarly, for directional relay, K1 = 0, K2 = 0.

Distance Relays

We will study a very interesting and versatile family of relays known as distance relays with
the help of universal torque equation. Under this, only a few types of relays will be considered
here. They are: (i) impedance relays, (ii) reactance relays, (iii) mho relays.

It is to be noted here that in electrical engineering ‘impedance’ term can be applied to
resistance alone or reactance alone or a combination of the two. In protective relaying, however,
these terms have different meanings and hence relays under these names will have different
characteristics.

From the universal torque equation putting K3 = 0 and giving negative sign to voltage
term, it becomes

T = K1I
2 – K2V

2 (neglecting spring torque) (14.6)

This means the operating torque is produced by the current coil and restraining torque
by the voltage coil, which means that an impedance relay is a voltage restrained over-current
relay.

For the operation of the relay the operating torque should be greater than the restraining
torque, i.e.,

K1I
2 > K2V

2

Here V and I are the voltage and current quantities fed to the relay.

∴ V
I

K
K

2

2
1

2
<
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or Z < 
K
K

1

2

or Z < constant (design impedance)

This means that the impedance relay will operate only if the impedance seen by the
relay is less than a prespecified value (design impedance). At threshold condition,

Z = K
K

1

2

(14.7)

The operating characteristic of an impedance relay on V-I diagram is shown in Fig. 14.13.

The initial bend in the characteristic is due to the presence of spring torque.

Normally, the operating characteristics of distance relays are shown on an impedance
diagram or R-X diagram. This characteristic for an impedance diagram is shown in Fig. 14.14.
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No operation
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This is clear from the characteristic that if the impedance as seen by the relay lies
within the circle the relay will operate; otherwise, it will not. The position of one value of Z is
shown in the figure with angle θ with the +R-axis. This means that the current lags the voltage
by angle θ. In case the two were in phase, the Z vector would have coincided with +R-axis. In
case the current was lagging the voltage by 180°, the Z vector would coincide with – R-axis. It
is to be noted here that – R-axis does not mean here negative resistance axis but the one as
explained. When I lags behind V, the Z vector lies in the upper semi-circle and Z lies in the
lower when I leads the voltage. Since the operation of the relay is independent of the phase
relation between V and I, the operating characteristic is a circle and hence it is a non-directional
relay.

The impedance relays normally used are high speed relays. These relays may use a
balance beam structure or an induction cup structure.

The directional property to the impedance relay can be given by using the impedance
relay along with a directional unit as is done in case of a simple overcurrent relay to work as a
directional over current relay. This means the impedance unit will operate only when the
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directional unit has operated. The characteristic of such a
combination will be as shown in Fig. 14.15.

From the characteristic it is clear that if the impedance
vector as seen by the relay lies in a zone indicated by the
thick line (intersection of straight line and circle) the relay
will operate, otherwise, it will not.

Reactance relay: In this relay the operating torque is
obtained by current and the restraining torque due to a
current-voltage directional element. This means, a reactance
relay is an over-current relay with directional restraint. The
directional element is so designed that its maximum torque
angle is 90°, i.e., τ = 90° in the universal torque equation.

  T = K1I
2 – K3VI cos (θ – τ)

= K1I
2 – K3VI cos (θ – 90°)

= K1I
2 – K3VI sin θ (14.8)

For the operation of the relay,

K1I
2 > K3VI sin θ

or
VI

I

K
K2

1

3
sin θ <

or   Z sin θ < 
K
K

1

3

   X < 
K
K

1

3
(14.9)

This means for the operation of the relay the
reactance seen by the relay should be smaller than
the reactance for which the relay has been designed.
The characteristic will be as shown in Fig. 14.16.

This means if the impedance vector head lies
on the parallel lines (R-axis and the operating
characteristic) this will have a constant X component.
The important point about this characteristic is that
the resistance component of the impedance has no
effect on the operation of the relay. It responds only
to the reactance component of the impedance. The
relay will operate for all impedances whose heads lie below the operating characteristic whether
below or above the R-axis.

This relay as can be seen from the characteristic, is a non-directional relay. This will not
be able to discriminate when used on transmission lines, whether the fault has taken place in
the section where the relay is located or it has taken place in the adjoining section. It is not
possible to use a directional unit of the type used alongwith impedance relay because in that
case the relay will operate even under normal load conditions if the system is operating at or

�����	
�	���(������"�'.���'���/

����'��$������(� ��'����%�&����.

 ���'�����%� !���+

�����	
�	��	.���'�������'��$��

���'���'�� ��%�&+

www.EngineeringBooksPdf.com



D-8\N-SYSTEM1\SYS14-1.PM6.5

�����	�
�������� �7�

near unity power factor condition. Under the condition of high power factor or leading power
factor, the impedance seen by the relay is a very low or even negative reactance. The relay that
is used to give directional feature to the reactance relay, is known as mho relay or admittance
relay which is dealt in the next section.

The mho relay when used alongwith the reactance relay is known as starting relay or
starting unit.

The structures used for the reactance relay are

1. Induction cup.

2. Double-induction loop structure.

A typical reactance relay using induction cup structure is shown in Fig. 14.17.

It is a four-pole structure. This has operating, polarising and restraining coils. The
operating torque is produced by the interaction of fluxes due to the windings carrying current
coils, i.e., interaction of fluxes of poles 1, 2 and 3 and the restraining torque is developed due to
the interaction of fluxes due to the poles 1, 3 and 4. The operating torque will be proportional
to I2 and the restraining torque proportional to VI cos (θ – 90°). The desired maximum torque
angle is obtained with the help of R-C circuits as shown in Fig. 14.17.

2 4

1

3
Polarising

Operating

Restraining

Polarising

VI
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The mho relay: In this relay the operating torque is obtained by the V-I element and
restraining torque due to the voltage element. This means a mho relay is a voltage restrained
directional relay. From the universal torque equation

T = K3VI cos (θ – τ) – K2V
2 (14.10)

For the relay to operate

K3VI cos (θ – τ) > K2V
2

or
V
VI

K
K

2
3

2
<  cos (θ – τ)
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or    Z < 
K
K

3

2
 cos (θ – τ) (14.11)

This characteristic, when drawn on an admittance diagram is a straight line passing
through the origin and if drawn on an impedance diagram it is a circle passing through the
origin as shown in Fig. 14.18.

The relay operates when the impedance seen by the relay falls within this circle. The
relay is inherently directional so that it needs only one pair of contacts which makes it fast
tripping for fault clearance and reduces the VA burden on the current transformers.

90°Z

�

� K
K

3

1

Z

�

�
K
K

3

1

A

B R
C

�����	
�	!��.��'.���'�������'+ �����	
�	#��$$�'���$���'���������'�+

The impedance angle of the protected line is normally 60° to 70° which is shown by the
line AB in Fig. 14.19.

2

1

3
Polarising

Restraining

Polarising

VI

4

Operating

�����	
��"��'.�����'� ��"�����$����.����%�&+

The arc resistance R is represented by BC. By making τ, the maximum torque angle,
equal to or a little less lagging than θ, the circle is made to fit very closely round the fault area
so that the relay is an accurate measuring device and does not operate during power swings
which may occur on long or heavily loaded lines.

A typical mho relay using induction cup structure is shown in Fig. 14.20.

The operating torque is produced by the inter-action of fluxes due to the poles 1, 2 and 3
and the restraining torque due to the poles 1, 3 and 4.
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Effect of Type of Fault

The impedance as seen by the relay will depend upon the type of fault, e.g., if it is a 3-phase
fault, the impedance seen by the relay will correspond to the positive sequence impedance of
the system and if it is a line-to-ground fault, the impedance seen will correspond to the sum of
positive, negative and zero sequence impedances. Thus, actually speaking, a different setting
is required for each type of fault. In order that the relay has the same sensitivity for all types
of faults it is required that the relay connections should be such that they measure the common
impedance in all types of faults, i.e., the positive sequence impedance. This is done by suitable
choice of voltage and current coil connections. It is usual to employ three earth-fault measuring,
three phase-fault measuring relays—one for each phase and each phase-pair respectively.

Connection for Phase Fault Relays:

These relays will respond to

(i) Three phase-fault.

(ii) L-L fault.

(iii) L-L-G fault.

The relay voltage and current coils are fed as follows:

Relay Current Voltage
(Ir) (Vr)

a phase Ia – Ib Va – Vb = Vab

b phase Ib – Ic Vb – Vc = Vbc

c phase Ic – Ia Vc – Va = Vca

Here suffix r stands for the relay quantities. With these quantities fed to the relay, the
relay will measure only the positive sequence impedance for the above mentioned phase faults.
Now the impedance measured by the relay is equal to impedance between the fault point and
the relay point. For any phase-pair say b and c, we know (Chapter13) that V Va a1 2

=  for any
type of phase fault. Therefore, the voltage (positive and negative sequence) at the relay location
are

V V I Zr f a1 1
= +

1 1

V V I Zr f a2 2
= +

2 2

   V V I Z I Zr r a a1 2
− = −

1 21 2

Since for a transmission line Z1 = Z2,

V V I I Zr r a a1 2
− = −( )

1 2 1

or          Z1 = 
V V

I I
r r

a a

1 2

1 2

−
−

(14.12)

Now using symmetrical components

Vb = λ λ2
0

V V Va a a1 2
+ +

Vc = λ λV V Va a a1 2
+ +2

0

∴     Vb – Vc = ( ) ( )λ λ λ λ2 2− + −V Va a1 2

Now at the relay location V Va r1 1
=  and V Va r2 2

=
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∴ Vb – Vc = (V Vr r1 2
= )(λ2 – λ)

Similarly   Ib – Ic = (I Ia a1 2
− )(λ2 – λ)

From these equations,   V V
I I

V V

I I
b c

b c

r r

a a

−
−

=
−
−

1 2

1 2

and this right hand side equals Z1 the positive sequence impedance as

a

b

c

c b a

Interposing
CTs

Vbc V ba

VcaCurrent
coils

Ia b– II c a– I

�����	
��	�8���'�'����'�������$�(.����$�!%����%�&�+

derived in equation (14.12), i.e.,

V V
I I

V V

I I
b c

b c

r r

a a

−
−

=
−
−

1 2

1 2

 = Z1 (14.13)

This shows that when the relay is fed with the quantities as given in the table (p. 355),
the relay looks into only the positive sequence impedance.

The connections for phase faults are shown in Fig. 14.21.

Connections for Earth Fault Relays

Let the fault be on phase a. Since it is a line-to-ground fault, the impedance as seen by the
relay will be (Z1 + Z2 + Z0). The voltage upto the relay point will be

Vr = Ia1
Z1 + Ia2

Z2 + Ia
0
Z0 (14.14)

Also Ia = Ia1
 + Ia2

 + Ia0
 and Ia + Ib + Ic = 3 Ia0

 = Ires (say), where Ia, Ib and Ic are the

currents during the fault at the relay point and Ires is the residual current.

For a transmission line Z1 = Z2; normally the zero sequence impedance of the line is
greater than positive sequence impedance. Let Z0 = KZ1. Here K > 1.
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a

b

c

Ic Ib Ia

Compensating
transformers

+ (K – 1)I a0a I

Earth fault relays

Phase fault relays

c b a

ca bc ab

����������������	�������	 �����	������������

After substituting these values in equation (14.14),

 Vr = Ia1
Z1 + Ia2

Z1 + Ia0
KZ1

= Z1{ Ia1
 + Ia2  + Ia0

 + (K – 1) Ia0
}

= Z1{Ia + (K – 1) Ia
0
}

= Z1{Ia + (K – 1)Ires/3}

or        
V
I

Z
K I

I
r

a a
= +

−
1

1
3

( ) res

or
V

I K I
r

a + −1
3 1( ) res

 = Z1 (14.15)

From this it is clear that for the relay to respond only to positive sequence impedance

the current fed to the relay is Ia + (K – 1) 
Ires

3
. The arrangement of connections (Fig. 14.22) for

current coil is such that the relay has same sensitivity for all types of shunt faults.

���	 
����������������

The differential relay is one that operates when the vector difference of two or more similar
electrical quantities exceeds a pre-determined value. This means for a differential relay, it
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should have: (1) two or more similar electrical quantities, and (2) these quantities should have
phase displacement (normally approx. 180°), for the operation of the relay. The name is not
due to a particular construction of the relay but is due to the way in which the relay is connected
in the circuit.

The most common application of this relay is the current differential type. The simple
connection for this type of protection is given in Fig. 14.23.

i i i i

O.C.

i i

����������	�����	!�""��������	��#�����#��

The dotted line represents the equipment to be protected which may be a transformer,
an alternator, a bus etc. Two suitable CTs are connected in series as shown with the help of
pilot wires. The relay operating coil is connected between the mid-points (equipotential points)
of the pilot wire. The voltage induced in the secondary of the CTs will circulate a current
through the combined impedance of the pilot wires and the CTs. In case the operating coil is
not connected between the equipotential points (which are infinite), there will be difference
current (sufficient during through fault condition) through the operating coil of the relay and
this may result in maloperation of the relay. When the operating coil of the relay is not connected
between the equipotential points, even though the current through each CT is same, the burden
on the two CTs is unequal. This causes the heavily loaded CTs to saturate during through
fault, thereby causing dissimilarity in the characteristics of the two CTs which results in
maloperation of the relay.

Consider Fig. 14.24 for the operating principle of a differential relay. It is expected of
the scheme that in case of a fault in the circuit between the two CTs the relay must operate
and in case the fault is outside this zone the relay should not operate. Such protection is
known as unit protection. When the fault is outside the zone of protection, it is known as
external fault or through fault.

i i

O.C.

i i

II

�����������$�""��������	��#�����#�	!�����	�	�%�#��%	"�����

Consider the scheme in Fig. 14.24 for a through fault. The current flowing through the
primaries of the two CTs is same (whether the system is fed from one end or both the ends). If
the two CTs behave identically for all fault currents, the secondary currents are of the same
magnitude and phase. The difference current, therefore, being zero through the operating coil,
the relay does not operate. This is a desirable feature.
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For an internal fault, consider Fig. 14.25 (a) when the circuit is fed from one end and
Fig. 14.25 (b) when the circuit is fed from both the ends. It can be seen that in both the cases,
a current will flow through the operating coil of the relay and it will operate. This form of
protection is known as Merz-Price protection.

i

O.C.

i

i

I

(a)

I1

(b)

I2

i1

i2

i1 i2

i1 + i2

���������� $�""��������	��#�����#�	"#�	��	��������	"����'	(�)	"�!	"�#�	#��	��!*

��!	(�)	"�!	"�#�	+#�%	�%�	��!,�

The above form of protection was assumed on the fact that the two CTs used were
identical. But in practice this is not true. Current transformers of the type normally used do
not transform their currents so accurately under transient conditions especially. This is true
because the short circuit current is offset, i.e., it contains d.c. components. Suppose the two
CTs under normal conditions differ in their magnetic properties slightly in terms of different
amounts of residual magnetism or in terms of unequal burden on the two CTs, one of the CTs
will saturate earlier during short circuit currents (offset currents) and thus the two CTs will
transform their primary current differently even for a through fault condition. This effect is
more pronounced especially when the scheme is used for the protection of power transformers.

To accommodate these features, Merz-Price protection is modified by biasing the relay.
This is commonly known as biased differential protectior or percentage differential protection
and is shown in Fig. 14.26.

O.C.

I1 I2

i1 i2

(i1 – i )2

i1 i2

���������������������	!�""��������	 ��#�����#��

The relay consists of an operating coil and a restraining coil. The operating coil is
connected to the mid-point of the restraining coil. The operating current is a variable quantity
because of the restraining coil. Normally, no current flows through the operating coil under
through fault condition, but owing to the dissimilarities in CTs, the differential current through
the operating coil is (i1 – i2) and the equivalent current in the restraining coil is (i1 + i2)/2.
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The torque developed by the operating coil is proportional to the ampere-turns, i.e.,
T0 ∝ (i1 – i2)n0, where n0 is the number of turns in the operating coil. The torque due to

restraining coil T ∝ (i1 + i2) 
nr

2
, where nr  is the number of turns in the restraining coil. At

balance

  (i1 – i2)n0 = (i1 + i2) 
nr

2

or i i
i i

n
n

r1 2

1 2 02
−

+
=

( ) /

The operating characteristic is shown in Fig. 14.27.

Operation

No operation

(i1 – i )2

(i1 + i )/22

���������� ���������	�%��������,���	#"	�

����������	!�""��������	 ������

It is clear from the characteristic that except for the effect of the control spring at low
currents, the ratio of the differential operating current to the average restraining current is a
fixed percentage. This is why it is known as percentage differential relay.

The differential relays described above are known as current balance relays. Another
class of relays are the voltage balance relays. Here the CTs at the two ends are connected in
opposition as shown in Fig. 14.28.

e1 e2

R R

���������	��#�����	+������	��#�����#��

The relays are connected in series with the pilot wires. The relative polarity of the CTs
is such that there is no current through the relays under balanced or through fault conditions.
The requirement of CT is that they should induce voltages in the secondary linearly with
respect to the current. Since the magnitude of the fault current is very large, in order that the
voltage should be a linear function of such large currents the CTs should be air-cored.
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The term ‘pilot’ means the interconnecting channel between the two ends of the equipment
or a circuit over which information from one end to the other can be conveyed. Three different
types of such channels are in use:

1. Wire pilot.

2. Carrier current pilot.

3. Microwave pilot.

The first one is in the form of a two-wire line, such as a telephone line. The second one
for the protective relaying is one in which low voltage high frequency (30 KHz to 200 KHz)
currents are transmitted along the conductor of the line (line to be protected) at one end and
received at the other end, the earth or ground wire generally acting as the return conductor. A
microwave pilot is an ultra high frequency radio system operating above 900 MHz.

A wire pilot is generally economical for distances up to 10 to 15 kms. For a 3-phase
transmission line, a summation transformer may be used to combine the three currents and
thus use two pilot wires instead of six (two wires per phase). For more than 15 kms, carrier
current pilot usually becomes more economical. When for technical reasons (number of channels)
carrier channels cannot be used, microwave pilots are used. Pilot wire current differential
scheme is normally used for the protection of generators, transformers, buses etc., where the
length of the wire required is small. The reasons for not using the current differential relay for
transmission line protection are:

(i) Cost of pilot wires.

(ii) The large voltage drop in the pilot wires requiring better insulation.

(iii) The pilot currents and voltages would be excessive for pilot circuits rented from a
telephone company.

(iv) The likelihood of improper operation owing to C.T. inaccuracies under heavy loading.

���� ���
�����������

The word feeder here means the connecting link between two circuits. The feeder could be in
the form of a transmission line, short, medium or long, or this could be a distribution circuit.
The various methods of protecting the feeders are:

1. Overcurrent protection.

2. Distance protection.

3. Pilot relaying protection.

Of these, overcurrent protection is the simplest and cheapest form of protection. It is
most difficult to apply and needs readjustment, should a change in the circuit occur. This may
even have to be replaced depending upon the circuit conditions.

Overcurrent relaying for distribution circuits besides being simple and cheap provides
the following advantages:

(i) Very often the relays need not be directional and hence no a.c. voltage source is re-
quired.
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(ii) Two-phase and one earth fault relays are required for the complete protection of
three-phase circuits as shown in Fig. 14.29(a).

Where distance protection is costly, overcurrent protection is used for phase and ground
faults on station service, electric utilities (distribution circuits) and on some subtransmission
lines. Overcurrent protection is normally used as back up protection where the primary
protection is provided with distance schemes.

The discrimination using overcurrent protection is achieved in the following ways:

(i) Time graded system.

(ii) Current graded system.

(iii) Time-current graded system.

3 line�

Phase fault
relay

E/F relay

(a)

4 3 2 1

(b)

�����������(�)	�0#1�%�,�	�����,	��!	#��	����%	"����	������

(�)	�	��!���	"��!��	0��%	�����,�

Time Graded System

The selectivity is achieved based on the time of operation of the relays. Consider a radial
feeder in Fig. 14.29(b). The feeder is being fed from one source and has three substations
indicated by the vertical lines. The crosses represent the location of the relays. The relays used
are simple overcurrent relays. The time of operation of the relays at various locations is so
adjusted that the relay farthest from the source will have minimum time of operation and as it
is approached towards the source the operating time increases. This is the main drawback of
grading the relays in this way because it is required that the more severe a fault is, lesser
should be the operating time of the relays whereas in this scheme the operating time increases.
The main application of such a grading is done on systems where the fault current does not
vary much with the location of the fault and hence the inverse characteristic is not used.

www.EngineeringBooksPdf.com



����������	��
�� ���

Current Graded System

This type of grading is done on a system where the fault current varies appreciably with the
location of the fault. This means as we go towards the source the fault current increases. With
this if the relays are set to pick at a progressively higher current towards the source, then the
disadvantage of the long time delay that occurs in case of time graded systems can be partially
overcome. This is known as current grading.

Since it is difficult to determine the magnitude of the current accurately and also the
accuracy of the relays under transient conditions is likely to suffer, current grading alone
cannot be used. Usually a combination of the two gradings, i.e., current time grading is used.

Time-Current Grading System

 This type of grading is achieved with the help of inverse time overcurrent relays and the most
widely used is the IDMT relay. The other inverse characteristics, e.g., very inverse or extremely
inverse are also employed depending upon the system requirements. If the IDMT relays are
slow at low values of overloads, extremely inverse relays are used and if the fault current
reduces substantially as the fault location moves away from the source, very inverse type of
relays are used.

Selection of Current Setting

For proper coordination between various relays on a radial feeder, the pick up of a relay should
be such that it will operate for all short circuits in its own line and should provide back up
protection for short circuits in immediately adjoining line. For back up protection setting, it
should be equal to the value of the current when the fault is at the far end of the adjoining
section with minimum generation connected to the system. A 3-phase fault under maximum
generation gives the maximum fault current and line-to-line fault under minimum generation
gives the minimum fault current. The relay must respond between these two extreme limits.
On a radial system the current setting of the relay farthest from the source should be minimum
and it goes on increasing as we go towards the source. According to Indian Standard
specifications the operating value should exceed 1.3 times the setting, i.e.,

Min short circuit current ≥ 1.3Isetting

Selection of Time Setting

For proper coordination between various relays on a radial feeder the operating time of the
relay farthest from the source should be minimum and it should increase as we go towards the
source. Referring to Fig. 14.29(b), if the time of operation of relay 1 is say T1, that of the relay
2 say T2 then T2 = T1 + t, where t is the time step between  successive relays and consists of the
time of operation of C.B. at 1, over-travel of relay at 2 and factor of safety time. Here over-
travel of relay at 2 means, the travel of the relay  at 2 due to inertia of the moving system of the
relay even after the fault at location 1 is removed. A suitable value of over-travel is 0.1 sec.
Similarly factor of safety time is taken as 0.1 sec. The time grading should be done at the
maximum fault currents because at lower values it will automatically have a higher selectivity
as the curves are more inverse in that range.

The characteristics of the various IDMT relays used on system in Fig. 14.29(b) on a
simple graph should look like the ones in thick lines in Fig. 14.30.
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If suppose characteristic 2 intersects 1 at a current I, this means that if the current
exceeds I amperes relay at 2 will operate faster than 1 which is not desirable if the fault is in
the zone of relay 1.

T
im

e

Current

3

2

1

I

���������������1�������	�%��������,���,	"#�	 �%�	��!���	,�,����

Therefore, for proper coordination the characteristics should not intersect.

Example 14.3: It is required to provide time-current grading for the following system:

a b c

Relay point CT ratio Fault current

a 400/5 6000 amps

b 200/5 5000 amps

c 200/5 4000 amps

Use 2.2 sec IDMT characteristic of Example 14.1.

Solution: The secondary current with maximum fault current at c is

   
4000

40
 = 100 amps

If 100% setting is used, the PSM = 
100
5

 = 20.

Corresponding to this the operating time is 2.2 sec. If TMS = 0.1, the operating time of
this relay = 2.2 × 0.1 = 0.22. To achieve discrimination between relay at b and at c when the
fault takes place just before c or just after c when there is no change in fault current. Let the
discriminating time between relays be 0.5 sec which includes the time for operation of relay at
c, the operation time of C.B. at c and over-travel of relay b. The operating time of relay at b
when fault takes place near c will be 0.22 + 0.5 = 0.72 sec.

The secondary current in the relay at location b when fault takes place near c will be

4000
40

 = 100 amps
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Assuming the current setting of relay 125%, the relay operating current will be 5 × 1.25
= 6.25 amp.

∴ PSM = 
100
6 25.

 = 16

The operating time from the curve is 2.5 sec approx. The operating time of relay at b
when graded w.r.t. relay at c is 0.72 sec.

∴       TMS of relay at b = 
0 72
2 5
.
.

 = 0.29

When fault is near b, the PSM with operating current 6.25 amp is

PSM = 
5000

6 25 40. ×
 = 20

The operating time corresponding to this PSM = 2.2 sec.

∴ Actual operating time of relay at b = 2.2 × 0.29 = 0.638 sec

Since C.T. ratio at a is 400/5 which is high as compared to relay at b, therefore, the
current discrimination is inherent. Let the per cent setting of relay at a be 125%.

∴ the PSM of relay a when fault takes place near b = 
5000

6 25 80. ×
 = 10

The operating time is 3 sec corresponding to PSM = 10 whereas the operating time of
relay at a with respect to b will be 0.638 + 0.5 = 1.138 sec.

∴        TMS = 
1138

3
.

 = 0.379

When fault is near a, the PSM will be

6000
6 25 80. ×  = 12

The operating time corresponding to PSM = 12 is 2.6 sec.

∴ The actual operating time of relay at a will be

2.6 × 0.379 = 0.985 sec. Ans.

Protection of Parallel Feeders

Refer to Fig. 14.31, where two feeders are connected in parallel to increase the transmission
capacity. The feeders are again fed from one end.

It is required that in case of a fault on any one of the feeders, that feeder should be
isolated from the supply and the load must receive power through the other healthy feeder.

In case of a fault on any one feeder, say 2, the current will be fed to the fault as shown in
Fig. 14.31 by the arrows. It is to be seen that as far as the relays near the source are concerned,
the direction of current is same as the normal direction of the current, whereas the direction of
the current in the relay near the load end of the faulty feeder is reversed. Therefore, for proper
coordination the relays near the source-end are non-directional relays whereas relays near the
load-end are directional relays. The direction of the current for which the directional relays
will operate is indicated by the corresponding arrow heads. In this case as soon as fault takes
place in feeder 2, the directional relay in feeder 2 will operate first; thereby the current in
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feeder 1 corresponds to load current and after some time the non-directional relay in feeder 2
will operate, thereby isolating feeder 2 from the source.

Load

1

2

�������������#�����#�	#"	��������	 "��!��,�

Protection of Ring Mains

As shown in Fig. 14.32, four substations are inter-connected and fed through one source. The
relays at A and B are non-directional relays. The coordination can be achieved by opening the
ring at A and considering the system as a radial feeder connected to one source (Fig. 14.32(b)).

The relays used are directional overcurrent relays with the relay near end A having
minimum time of operation. Next open the ring at B as shown in Fig. 14.32(c).

The total protection scheme consists of six directional overcurrent relays and two non-
directional overcurrent relays. The scheme is shown in Fig. 14.32(d).

(a)

B

A

A

B

B

0.7 0.5 0.3 0.1

(c)

A

B

A

0.7 0.5 0.3 0.1

(b)

(d)

0.50.1
G

0.7

0.7

F

C

0.1 0.5
D

0.3

0.3 E

���������� (�)	����	����,	�#	+�	��#�����!*	(�)	����	#����!	��	�	��!	,����!*

(�)	����	#����!	��	����!	,����!*	��!	(�)	����	����,	0��%	��#�����5�	,�%����

Consider a fault as shown in Fig. 14.32(d). The fault will be fed as shown by long arrows.
The relays at locations CDE and FG will start moving. The relay at E will operate first as this
has minimum operating time out of these relays; thereby after a time of 0.3 sec. The relays at
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C and D will reset as the fault current ceases to flow through these relays. Out of relays F and
G, G has smaller operating time and, therefore, relay at G will operate first; thereby isolating
the feeder GE from the source. So far, we have considered the feeders being fed from one end
only. In case the flow of power could be reversed at will by connecting more than one sources,
it is necessary to consider each feeder separately without any reference to the others and any
one form of protection to be described next should be used.

�������
�����������������

Whenever over-current relaying is found slow or is not selective distance protection should be
used. Since the fault currents depend upon the generating capacity and system configuration,
the distance relays are preferred to the overcurrent relays.

Consider Fig. 14.33 which consists of two line sections AB and CD; it is desired to provide
distance protection scheme.

The protection scheme is divided in three zones. Say for relay at A, the three zones are
Z1a, Z2a and Z3a. Z1a corresponds to approximately 80% length of the line AB and is a high
speed zone. No intentional time lag is provided for this zone. The ordinate shown corresponding
to Z1a gives the operating time in case the fault takes place in this zone. It is to be noted here
that the first zone is extended only up to 80% and not 100% length of the line as the relay
impedance measurement will not be very accurate towards the end of the line especially when
the current is offset.

A

Z2b

Z1a

Z1b

Z3d

Z2d

Z2a

B C

Z1d

Z1c

Z2c

Z3a

D

������������16#��	��#�����#��

Second zone Z2a  for relay at A covers remaining 20% length of the line AB and 20% of
the adjoining line. In case of a fault in this section relay at A will operate when the time
elapsed corresponds to the ordinate Z2a.The main idea of the second zone is to provide protection
for the remaining 20% section of the line AB. In case of an arcing fault in section AB which
adds to the impedance of the line as seen by the relay at A, the adjustment is such that the
relay at A will see that impedance in second zone and will operate. This is why the second zone
is extended into the adjoining line. The operating time of the second zone is normally about 0.2
to 0.5 second.

The third zone unit at A provides back up protection for faults in the line CD, i.e., if
there is a fault in the line CD and if  for some reason the relay at C fails to operate then relay
at A will provide back up protection. The delay time for the third zone is usually 0.4 to 1.00 sec.
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In case the feeder is being fed from both the ends and say the fault takes place in the
second zone of line AB (20% of the line AB), the relay at B will operate instantaneously (because
it lies in the first zone of BA) whereas the fault lies in the second zone of the relay at A. This is
undesirable from stability point of view and it is desirable to avoid this delay. This is made
possible when the relay at B gives an intertrip signal to the relay at A in order to trip the
breaker quickly rather than waiting for zone-2 tripping.

Impedance Relay Protection

It has already been discussed that an impedance relay responds to the impedance seen by the
relay. If the impedance seen by the relay is less than its setting the relay operates. The
impedance relays are non-directional relays and, therefore, need a directional relay with them.
The characteristic of the impedance relays with a directional unit for 3-zone protection is
shown in Fig. 14.34(a). While designing the relays; it is usual to make maximum torque angle
τ smaller than the impedance angle θ of the line so that the effect of the arc resistance is
reduced. The contact circuit for a 3-zone impedance protection is shown in Fig. 14.34(b).

T3

Z3

T2

Z2
Z1 �

A

B

(a) (b)

Z2

Z1

T2

T3

Z3
Timer

+
D

Trip coil CBa –

����������(�)	 ����!����	�%��������,���,	 "#�	�16#��	��#�����#�*

(�)	�#�����	�������	"#�	�16#��	����!����	������

The parallel lines in Fig. 14.34(b) represent the contacts of the various units, D-directional
unit, Z1, Z2, Z3 the 3-zone units, and T2, T3 the timing units. T2 and T3 are operating times for
zones 2 and 3 respectively.

Since Z3 unit starts when the fault lies in any of the zones 1, 2 or 3 as the impedance of
the fault will be less than Z3, Z3 is the starting unit and, therefore, the time unit is placed in
series with Z3 unit.

Now for a fault in zone 1, all the three units will start but since the operating time of
unit 1 is smallest, this will operate and the faulty section will be isolated from the source. In
case the fault is in second zone, the units Z2 and Z3 will start but unit Z2 will operate in time T2
and isolate the faulty section from the source.

Reactance Relay Protection

A reactance relay responds only to the reactance component of the impedance. A reactance
relay is a non-directional relay and the directional unit of the type used along with the impedance
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relay cannot be used for the reasons discussed earlier. A mho relay is used as the starting relay
along with the reactance relay. Fig. 14.35(a) shows the characteristics of the reactance relays
for 3-zone protection.

The mho unit prevents the operation of the reactance units under load conditions. Also
it gives protection for the 3rd zone of the scheme.

The contact arrangement for 3-zone protection using reactance relays is given in
Fig. 14.35(b).

�

Z

x2

x1

X

–X

–R R

(a)

X2

X1

T2

T3

S Timer

+ Trip coil CBa –

(b)
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The operation is explained as follows:

The contact circuit is connected between the d.c. supply terminals. In case the fault
takes place in the first zone, all the three units X1, X2 and S start. Since the operation of X1
takes the least time, contact X1 is closed. CBa, the auxiliary contact of the circuit breaker, is a
normally closed contact; therefore, trip coil gets energized which in turn operates the circuit
breaker, thus isolating the faulty section of the line from the source. Similarly, the operation of
the contact circuit can be explained if the fault is in zone 2 or 3.

Mho Relay Protection

Mho relay, inherently being a directional relay, does not need additional unit for the purpose.
Fig. 14.36(a) shows the characteristics for 3-zone protection. The contact arrangement is shown
in Fig. 14.36(b). The operation of this circuit is similar to the circuits for reactance relays.

–R R

X

Z

�

M2

M3

M1

T2

T3

Timer

+ Trip coil CBa –

(b)(a)

���������� (�)	 %#	�����	�%��������,���	"#�	�16#��	��#�����#�*
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Power Swings

Under steady state conditions the rotor axis is fixed with respect to the stator reference axis,
whereas under disturbed condition which may be due to a fault or a sudden change in load, the
rotor swings around the final steady state value, if the fault is not severe and the sudden
change in load is not very large as to warrant out of step operation of the synchronous machines.
During swinging the rotor angle changes and hence the current changes assuming the voltages
to be practically constant. This results in change in impedance. Since the two quantities, voltage
and current, are fed to a distance relay, the impedance as seen by the relay keeps on changing
To study the variation of impedance with change in rotor angle, we consider the system of
Fig. 14.37.

Za Zb
EbEa Z

lA

Ir

������������0#	���%���	,�,���	�#������!	�%�#��%	�	�����

Say, the distance relay is located at A and power flows from Ea to Eb; then, if Ir is the
relay current and Er is the relay voltage,

Zr = Er/Ir (14.16)

where Zr is the impedance seen by the relay. From Fig. 14.37,

Ir  = 
E E

Z Z Z
E E

Z
a b

a b l

a b

T

�

� �

�

�

(14.17)

where ZT = Za + Zb + Zl  and since Er = Ea – IrZa,

∴ Zr = 
( )E I Z Z

E E
E Z

E E
I Z

E E
Za r a T

a b

a T

a b

r a

a b
T

−
−

=
−

−
−

(14.18)

Let δ be the angle between Ea and Eb such that Ea leads Eb by an angle δ.

Zr = 
1

1 − ( / )
.

E Eb a
 ZT – Za = 

Ke
Ke

Z Z
j

j T a

δ

δ −
−

1
. (14.19)

where K = 
E
E

a

b
.

Here K is real and can have values equal to, less than or greater than unity.

When K = 1, the expression for Zr becomes

Zr = 
e

e

j

j

δ

δ − 1
 ZT – Za = 

Z
ZT

a2
−�

��
�
��  – j

ZT

2 2
cot

δ
(14.20)

Equation (14.19) represents a family of circles with K as parameter and δ as the variable.
The centres of these circles lie on the straight line indicated by ZT on the R-X diagram. For all
values of K greater than unity, the centres of the swing impedance loci circles will be located in
the first quadrant and for K < 1 the centres will lie in the third quadrant and for K = 1, the
centres lie on the straight line which also happens to be the perpendicular bisector of the total
impedance ZT.
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Impedance
Mho
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ZT

It can also be shown from equation (14.19)
that for a particular value of δ and different values
of K, the swing impedance loci are circular arcs
for all values of δ except δ = 180° when the locus
is a straight line. The two families of swing
impedance loci are orthogonal to each other and
form the swing impedance chart. Fig. 14.38 shows
the swing impedance loci corresponding to K as
parameter and δ as variable and we are mostly
concerned with this only.

The phasor drawn from the origin, i.e., the
relay location to any point on the impedance chart
will represent the impedance seen be the relay.
Since the p.u. nodal voltages of the system are
practically same, K = 1 and hence the effect of
power swing is generally seen from the swing
impedance locus corresponding to K = 1 as
illustrated in Fig. 14.39.

As angle δ increases, the impedance as seen
by the relay will move along the swing impedance
loci during swinging. For certain value of δ, the
Zr line may intersect the impedance characteristic
as at P and the relay may trip as the impedance
seen by the relay lies within the operating zone
even when it is a power swing rather than a fault.
It can be seen from Fig. 14.39 that a mho relay
has least tendency for operation during swinging
as compared to an impedance relay which is
highly prone to this operation. It can also be seen
from Fig. 14.39 that to avoid maloperation of the distance relays during a swing the angular
range of its operation characteristics should be reduced which normally is obtained by using
elliptic characteristics (with major axis along ZT) rather than circular. The elliptic characteristics
have been discussed in section 14.16.

Applications of Distance Relays

Since the resistance of the ground is a variable quantity, a ground fault relay should be
independent of the resistance. Consequently, reactance relays are normally preferred for ground
fault relaying.

For phase fault protection each type has certain advantages and disadvantages. For
short transmission lines reactance type relay is used because more of the line can be protected
at high speed. This is due to the fact that a reactance relay is practically independent of the arc
resistance which may be large compared with the line impedance.

The mho type relay is most suited for long lines where especially there are more chances
of severe synchronizing power surges on the system. This does not need any additional

���������	�0���	����!����	�#���
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equipment to prevent tripping during these surges whereas a reactance relay does need. The
mho relay occupies the least space on an R-X diagram for a given line section and is, therefore,
least affected by abnormal system conditions except the line faults. Since mho relay is most
affected by arc resistance, it is used for long lines. This relay is more reliable than the other
two because the relay has only one set of contacts.

The impedance relay is less affected from synchronizing power surges as compared to
reactance relay and also this relay is less affected from arc resistance as compared with the
mho relay. The impedance relay is, therefore, used for protecting medium length transmission
lines.

The above are the basic principles for the selection of the distance relays. These need
not necessarily be always true. One should use the relays which are best suited for a particular
system. This comes only through experience, which, many a time, is a guiding factor for suitable
selection of the relay.

������������������������

The following are the various types of  faults that can occur on an alternator:
Stator faults: Under this the faults possible are: (i) phase-to-phase faults, (ii) phase-to

ground faults, and (iii) inter-turn faults. The danger of these faults is that they may lead to
damage the laminations due to heat generated at the point of fault and hence need partial
reinsulation and rebuilding of the core which is very costly and time consuming. The phase-to-
phase and interturn faults are less common as compared to the phase-to-ground faults.

Rotor faults: There may be ground faults or short between the turns of the field winding,
caused by the severe mechanical and thermal stresses acting upon the winding insulation. The
field system is not grounded normally and, therefore, a simple line-to-ground fault does not
give any fault current. A second fault to earth will short circuit part of the field winding and
may thereby produce an unsymmetrical field system which gives rise to unbalanced forces on
the rotor and results in excess pressure and bearings and shaft distortion if the fault is not
removed quickly. It is, therefore, necessary to know the existence of the first occurrence of
earth fault so that corrective measures are taken before the second fault is allowed to occur.

Abnormal running conditions: These conditions involve: (i) unbalanced loading, (ii)
overloading, (iii) overspeed, (iv) overvoltage, (v) failure of prime mover, and (vi) loss of excitation.

The unbalanced loading results in circulation of negative sequence currents in the stator
winding which gives rise to a rotating magnetic field. This field rotates at double the synchronous
speed with respect to the rotor and induces a voltage of double the frequency in the rotor
conductor. If the degree of unbalance is large these currents will over-heat the rotor stamping
and the field winding.

Overloading of the stator will over-heat the stator winding which may damage the
insulation depending upon the degree of overloading. In case of hydraulic generators a sudden
loss of load results in overspeeding of the generator because the water flow to the turbine
cannot be stopped quickly because of mechanical and hydraulic inertia.

Over-voltages are caused by overspeeding of the generator or due to faulty operation of
the voltage regulator.

The failure of prime mover results in motoring of the synchronous generator and thus
draws power from the system in case it is not a single generator system. This may lead to a
dangerous mechanical condition, if allowed to persist.
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The loss of excitation of a generator may result in loss of synchronism and slightly
increased generator speed since the power input to machine remains unchanged. The machine,
therefore, behaves as an induction generator and draws its exciting current from the system
which is equal to its full load rated current. This leads to overheating of the stator winding and
rotor body because of currents induced in the rotor body due to slip speed. This situation
should not be allowed to continue for long and corrective  measures in terms of restoration of
excitation or disconnection of alternator, should be taken. The loss of excitation may also lead
to pole slipping conditions which result in voltage reduction for outputs above half the rated
load.

Rotor Protection
Figure 14.40 shows the modern method of protecting the rotor against earth faults or open
circuits. A small power supply is connected to the positive pole of the field circuit. A fault
detecting relay and a high resistance to limit the current are connected in series with this
circuit. A fault at any point on the field circuit will pass a current of sufficient magnitude
through the relay to cause operation. The earth fault relays are instantaneous and are connected
to the alarm circuit for indication as a single ground fault does not require immediate attention
to the set.

+

–

Relay

R

–

+

Exciter
Field

winding

������������#�#�	����%	"����	��#�����#��

Unbalanced Loading
Figure 14.41 shows the protection of alternators against negative phase sequence currents.
The negative sequence current segregating network is used, the output of which is proportional
to the generator negative phase sequence current and is fed into a relay with an inverse square
law characteristic, i.e., I2t = K or t ∝ 1/I2. The pick up and time delay adjustments are provided
such that the relay characteristic can be chosen to match closely any machine characteristic.
The relay is connected to trip the generator main breaker. Sometimes an auxiliary alarm relay
is provided which gives warning when the maximum continuous permissible negative phase
sequence current is exceeded. The relay normally used is an IDMT relay.

www.EngineeringBooksPdf.com



�&2 �
�������
	�����	��� 

R

�����������7�����5�	,�8�����	������

Overload Protection

The overload operation of the alternator results in overheating of the stator winding. Normally
an overcurrent relay with time delay adjustment should serve the purpose. But because the
temperature of the winding not only depends upon the overloading but also on the state of the
cooling system, if the cooling system fails, the temperature of the stator winding may reach
dangerous values even though the alternator is not fully loaded. Also, if an overcurrent relay
is used, it has got to be discriminated with respect to other overcurrent relays on the system.
Since we are using this relay at the source, it will be the slowest in operation and hence poses
a serious problem to the stator windings. The most reliable method will, therefore, be one
which senses the temperature of the winding and depending upon the temperature gives an
operating signal. The temperature detector coils in the form of thermistors or thermocouples
are embedded at various points in the stator winding to give an indication of the temperature
condition.

Generators rated below about 50 MW are not provided with temperature detecting devices
for overload protection. They are provided with thermal relays which use bimetallic strips as
overload sensing device. The heating and cooling characteristics of these strips are matched
with the heating and cooling characteristics of the machine to be protected. The thermal relay
will also not respond to overheating due to failure of the cooling system.

Overspeed Protection

The speed goes up whenever there is sudden loss of load i.e., there is sudden loss in output of
the generator. This reduction in output can be detected using a wattmetric relay at the generator
terminals which operates instantaneously to close its contacts. A second relay monitors the
steam input to the turbines at a chosen stage and the contacts are held closed when the steam
pressure is in the full load region.

Over-voltage Protection

This protection is normally provided for hydroelectric and gas turbine generators and not for
steam turbine generators. The protection used is an a.c. over-voltage relay which has a pick-up
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Mho relay characteristic

Typical characteristic
during loss of excitation

System fault
characteristic

C.B.

Mho relay

value of 110% of the normal value and operates instantaneously at about 130% to 150% of the
rated voltage. The relay unit should be compensated against the frequency and it should be
energized from a potential transformer other than the one used for the automatic voltage
regulator. The operation of the relay introduces resistance in the generator or exciter field
circuit and if over-voltage still persists, the main generator breaker and the generator or exciter
field breaker is tripped.

Failure of Prime Mover

Whenever a prime mover fails, the generator connected to the system starts motoring; thereby
it draws electrical power from the system and drives the prime mover. The power taken by the
generator under such condition is very low being about 2% for the turbo-alternators and 10%
for the engine driven sets. The power factor of the current depends upon the excitation level
and hence may be either leading or lagging. The wattmetric relay with directional characteristic
is used. The relay must be associated with a time delay relay to prevent tripping due to power
swings.

Loss of Excitation

Very large alternators cannot be allowed to run asynchronously for long as the relative motion
between the stator field and the rotor induces large currents in the rotor body and, therefore,
there is high rate of heating of the rotor surfaces and the loss of excitation scheme is arranged
to trip after certain time delay. The protection scheme uses an offset mho relay operated from
a.c. current and voltage at the generator terminals.
The relay setting is so arranged that the relay
operates whenever the excitation goes below a
certain value and the machine starts running
asynchronously. Fig. 14.42 shows the relay
connection and Fig. 14.43 shows the various
characteristics on R-X diagram.

It is seen that the impedance as seen by the
relay during loss of excitation will swing into the
relay characteristic and thus the relay will operate.
The loci of impedance for system fault and for power
swings is also shown in Fig. 14.43 and it can be seen
that for these conditions the relay will not operate.

Under normal operating condition when a
synchronous alternator is connected to the grid it
supplies lagging reactive power to the system in
addition to the active power and the p.f. is lagging
and the impedance of the alternator as seen by the
relay lies in the first quadrant of the R-X diagram.
However, due to failure of excitation, the
synchronous alternator now works as an induction
generator and it draws lagging reactive power from
the grid, of course it supplies active power to the
grid and hence it operates at leading p.f. As a result
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of this, the impedance of the induction generator as seen by the relay shifts into the fourth
quadrant of the R-X diagram and this impedance swings into off-set mho relay characteristic
as shown in Fig. 14.43 and the relay will operate.

Stator Protection

It is the general practice to provide differential protection for generators above 10 MVA. This
form of protection is most suited and should be used if justified economically.

If all the six terminals of a star connected 3φ generator are available, the scheme of
percentage differential relay shown in Fig. 14.44 (a) is provided.

It can be seen that for an external fault the relay does not operate and for an internal
fault it does operate.

Winding

�����������(�)	���#�	��#�����#�	�	��#��!�!	��������#��

In case the generator is delta connected, Fig. 14.44 (b) gives the scheme of percentage
differential protection.

Winding C.B.

�����������(�)	���#�	��#�����#�:	∆	�#������!	��������#��

It can be seen again that for an external line-to-line fault, the relays do not operate
whereas for an internal fault they will operate.
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Restricted Earth Fault Protection

If the star point is not available because it is made inside the generator and if it is grounded
through some low impedance, percentage differential relaying for ground faults only can be
provided. This protection is known as restricted earth fault protection and is shown below in
Fig. 14.44 (c).

It can be seen that for an external fault, the current cannot flow through the operating
coil and hence the relay does not operate. It is very easy to see from the same scheme that for
an internal fault, the current will flow only through the CT in the neutral and not in the
winding CTs. Therefore, the current will flow through the operating coil and the relay will
operate. The scheme, as is said earlier, can be used only for earth faults and not for phase
faults.

Winding

Relay

O.C.

R
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Protection of Inter-turn Faults

Differential protection cannot be used for inter-turn faults because the currents at the two
ends of the winding remain same. Differential protection against inter-turn faults is provided
only for machines with multicircuit winding, i.e., having more than one coil per phase.

The method used for protection is known as split-phase relaying. If the number of circuits
is even for split-phase protection, they are divided into two equal groups of parallel circuits
with a CT for each group. If the number is odd, the number of circuits in each of the two groups
will not be equal and the CTs must have different primary current ratings so that under normal
conditions their secondary currents will be equal. Split phase relaying will operate for any
type of short circuits in the generator winding. The scheme is shown in Fig. 14.45(a).

For protection against inter-turn faults of winding having one circuit per phase one of
the methods suggested uses a five limb voltage transformer with a tertiary winding. The tertiary
winding alongwith the secondary winding are connected to a wattmetric relay. The high voltage
winding is connected between the neutral and line terminal of the alternator. The voltage
across the tertiary winding is the residual voltage which in normal condition is zero and has
some voltage under abnormal condition. This residual voltage circulates currents in the current
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coil of the wattmetric relay and the secondary of the transformer feeds the potential coil of the
relay element. The scheme is shown in Fig. 14.45 (b).

(a)

Winding

Relays

C.B.

��������������	 �!���&���!	�����	�� ����� !"

Winding

Primary

wattmetric element
(b)

C.C.

P.C.

Tertiary

Secondary
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Example 14.4: A 6.6 kV, 5 MVA star connected alternator has a reactance of 1.5 ohm
per phase and negligible resistance. Merz-Price protection scheme is used which operates when
the out of balance current exceeds 25% of the full load current. The neutral of the generator is
grounded through a resistance of 8 ohms. Determine the proportion of the winding which
remains unprotected against earth fault. Show that the effects of the alternator reactance can
be ignored.

Solution: First, we will show that the effect of the alternator reactance can be neglected.
Since the reactance of the winding is ∝ square of the number of turns, i.e., xG ∝ N2, let x% be
the winding that remains unprotected. The number or turns will be xN/100, i.e., the reactance
will be proportional to x2N2/1002.

∴ If 1.5 ohm is the reactance of the winding, the re-

actance of the un-protected winding will be 
15

100

2 2

2
. x N

. Since

this reactance is to be added vectorially with resistance of 8
ohms and x being small, the effect of the reactance can be
neglected.

The phase voltage will be   
6600

3
 = 3810 volts.

The voltage of the unprotected portion = 3810
x

100

The fault current = 3810
x

100
1
8

 amps

The full load current = 
5000

3 6 6× .
 = 437.37 amps

The out of balance current required for the operation of the relay

= 437.37 × 0.25 = 109.34 amps.

3810
800

x
 = 109.34

or 4.7625x = 109.34

or    x = 22.95%. Ans.

Example 14.5: An alternator rated at 10 kV protected by the balanced circulating current
system has its neutral grounded through a resistance of 10 ohms. The protective relay is set to
operate when there is an out of balance current of 1.8 amp in the pilot wires, which are connected
to the secondary windings of 1000/5 ratio current transformers. Determine (i) the per cent
winding which remains unprotected, (ii) the minimum value of the earthing resistance required
to protect 80% of the winding.

Solution: (i) The phase voltage of the alternator = 
10 000

3

,
 = 5773 volts.
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Let x% be the per cent winding which remains unprotected. The voltage of the unpro-

tected portion of the winding = 5773
x

100
. Since the resistance in the neutral is 10 ohms the

fault current will be 5773
x

100
1

10
 amp.

The current in the pilot wires will be with a CT of 1000/5 amps ratio

   = 5773 
x

100
1

10
5

1000
. .  amps

and this current should be equal to 1.8 amps for the operation of the relay.

5773 
x

100
1

10
5

1000
. .  = 1.8

or     5773x = 3.6 × 105

x = 
36 10

5 773 10

4

3

×
×.

 = 62.36%

(ii) To protect 80% of the winding, the unprotected portion is 20%. The voltage of the
unprotected portion

5773 × 0.2 =1154.6 volts

Let R be the minimum value of the earthing resistance; the fault current will be 
1154 6.

R
amp.

The fault current through the pilot wire will be 
1154 6 5

1000
.

.
R

 amp and this should equal

the operating current of 1.8 amp or 
1154 6 5

1000
.

.
R

 = 1.8

or R = 
1800

5 1154 6× .
 = 0.3118 Ω. Ans.

360 + j 0.0 320 + j 0.0

Example 14.6: The figure above shows the percentage differential relay used for the
protection of an alternator winding. The relay has a minimum pick up current of 0.2 ampere
and has a percentage slope of 10%. A high resistance ground fault occurs near the grounded
neutral end of the generator winding with the current distribution as shown. Assume a CT
ratio of 400 : 5; determine whether the relay will operate.

Solution: The difference current = 360 – 320 = 40 amps.

The current in the operating coil = 
40 5
400

×
 = 0.5 amp.

The average sum of the two currents = 
360 320

2
+

 = 340 amps.
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The average current through the restraining coil = 
340 5

400
×

 = 4.25 amps.

With 10% slope the operating current will be

0.1 × restraining current + 0.2 = 0.1 × 4.25 + 0.2 = 0.625 amp.

Since the current through the operating coil is 0.5 amp, therefore the relay will not
operate.

����	��
����������������������

Transformers are normally protected against short circuits and over-heating. For short circuits
normally percentage differential protection is recommended for transformers rated for more
than 1 MVA. For low rating overcurrent relaying is used.

The primary and secondary currents of a transformer are normally different from each
other and are related by their turns ratio. These currents are displaced in phase from each
other by 30° if the windings are star-delta connected. The differential protection scheme is
considered to be suitable if it satisfies the two conditions: (i) The relays must not operate
under normal load conditions and for through fault (external fault) conditions; and (ii) it must
operate for severe enough internal fault conditions. In fact, these are the tests that any good
protection scheme must satisfy. For differential protection, the vector difference of two currents
is fed to the operating coil of the relay. This means for an external fault the line currents of the
two CTs should be equal in magnitude and should be in phase opposition so that the difference
current is zero.

The CTs on the star side of the power transformer are connected in delta, and on the
delta side, they are connected in star as the line currents of star-delta power transformer will
be displaced in phase by 30°. It is required that this phase displacement must be nullified by
connecting the CTs in that fashion.

Let us take first of all a star-star transformer (Fig. 14.46). When the star point of both
the transformers is ungrounded, a line-to-ground fault has no meaning because no fault current

i

i

ii

ii

0 0 0

I

I

�����������*!+� �!���	����&����	 ���!�� �,��	�� ����� !-	 ��� �+�	 �����"
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can flow. Consider a L-L fault as shown (through fault). Let the transformers be of unity ratio.
In that case it can be seen that for an external fault there will be no current through the
operating coil and, therefore, the relay will not operate which is the desired result. It is seen
that when the transformer is star/star the CT can also be connected in star-star in case the
transformer star point is not grounded.

Next let us take star/star transformer with one of the star points grounded (Fig. 14.47).
Assuming again unity transformation ratio, if the fault current on the secondary side is 3I,
only 2I current will be supplied by the primary (isolated star point). This type of connection of
secondary is known as zero sequence current generator. From the distribution of the currents
as shown in Fig. 14.47, it is clear that even for an external fault the currents circulate through
the operating coil of the relay and the relay will operate which is not desirable. This means
this scheme of protection is not proper. We, therefore, make use of the thumb rule that the CT
be connected in delta if the power transformer is star connected.

i

i

i i i

2i 3i 3I2I

I

I

����������/� �!���	����0����	 ���!�� �,��	�� ����� !-	 ��� �+�	 �����"

It is seen from Fig. 14.48 that when CTs are delta connected, for an external fault, the
relays do not operate. Now for an internal fault the scheme is shown in Fig. 14.49.

i

i

2i 2I

I

I

3i3i
3i 3i

i 00

3i

3I

��������������!�� �,��	����0����	+� �!���	��	�����	� !!�����	�� ����� !"
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i

i

2i 2I

I

I

3i

00

3i

3i
3i

3I
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It is seen that the relays operate for an internal fault and, therefore, this scheme of
protection is satisfactory. Next we take up a delta-star transformer. From the current flow in
Fig. 14.50, it is clear that for an external fault the relays do not operate. It can be very easily
seen that with the scheme for an internal fault the relays do operate. Therefore, the scheme is
satisfactory.

3i 3I

3i 3I

3i 3i

3i3i

0 0

3i

3I

�����������1����0����	+� �!���	 ���!�� �,��	�� ����� !"

Example 14.7: A 3-phase transformer rated for 33 kV/6.6 kV is connected star/delta
and the protecting current transformer on the low voltage side have a ratio of 400/5. Determine
the ratio of the current transformer on the HV side.

Solution: Since the LT side is delta connected, the CTs on that side will be star connected.
Therefore, if 400 amps is the line current, the CT secondary current is 5 amps. The line current
on the star side of the power transformer will be

400 × 
6 6
33
.

 = 80 amps.

The CTs on the star side are delta connected and the current required on the relay side

of the CT is 5 amps. Therefore, the current in the CT secondary (phase current) is 
5

3
.
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The CT ratio on the HT side will be 80 : 
5

3
. Ans.

Example 14.8: For a 10 MVA, 132 kV/6.6 kV power transformer with delta-star
connections, obtain the number of turns each current transformer should have, for the
differential protection scheme to circulate a current of 5 A in the pilot wires.

Solution: The line current on HV side = 
10 000
3 132

,
×

 = 43.73 amps.

The line current on LV side = 
10 000
3 6 6

,
.×

 = 874.75 amps.

The CT on the delta side (HV side) are star connected.

∴  The ratio of CT on the LV side is 874.75 : 5/ 3  and the CT ratio on the HV side will
be 43.73 : 5. Ans.

Example 14.9: A 3-phase 50 HZ, 110 V positive sequence voltage supply is connected to
terminals A, B and C of figure shown below. Calculate the values of R1, R2 and C such that a
current of 1 amp flows through each arm and that there is no potential across the relays. What
will be the potential across the relays if the phase sequence of supply is reversed. Assume that
the impedance of the relays is very high as compared to the impedance of the components of
the network.

A

C B
CQ

0

R2R1

R1R2 R R

R

C

C

R1
R2

I1
I3

I2

I2

I1

I3

�����������

Solution: Taking current I2 as reference and applying Kirchhoff’s law for voltages for
the mesh OBQ, assuming no current flows through OQ.

1(– 0.5 + j0.866)R1 + R2 . 1 – 
j
Cω

 = 0

Since the relay points are at the same potential,

    – 0.5R1 + j0.866R1 + R2 – 
j
Cω

 = 0

Separating real and imaginary quantities,

     0.5R1 = R2

and  0.866R1 = 
1

ωC
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Also since the current through the arm is 1 amp when a supply of 110 volts is applied,

∴  1 = 
110 110

3 3

110

3 31 2 2 2 2R R j C R j R j R+ −
=

−
=

−/ ( )ω

or R2 = 
110

3 3− j
 = 31.75 ohms. Ans.

∴ R1 = 63.50 ohms. Ans.

and C = 
1 1

63.50 31410.866 0.866R ω
=

× ×
 = 57.9 µF. Ans.

(ii) When the phase sequence is changed, the phasor diagram will be as shown:

I2

I3

I1

If again 1 amp flows through the arm, the voltage across the terminals of the relay will
be

  (– 0.5 – j0.866)63.50 + (31.75 – j55) = – 31.75 – j55 + 31.75 – j55 = – j110 volts. Ans.

Therefore, if the sequence is changed the voltage across the terminals of the relay will
be as 110 volts.

Biased Differential Protection

Biased differential protection is used in case low fault settings and high operating speeds are
to be obtained when the following conditions exist or a power transformer:

(i) On-load tap changing.

(ii) Magnetising inrush current.

(iii) Unmatched CTs.

To take into account the magnetising inrush currents, a high speed biased differential
relay incorporating harmonic restraint feature is used. The peak value of the inrush currents
may be as high as 6 to 8 times the normal full load currents. Insofar as inrush current affects
the operation of transformer differential protection relays, two aspects are of significance: (i)
The current flows only in one of two windings of the transformer (the primary winding) and,
therefore, it is as good as an internal fault as far as protection scheme is concerned. (ii) The
wave shape of the inrush current differs from the usual fault current in that it contains a high
component of second harmonics. It thus follows that a relay designed to detect the second
harmonic component in the magnetising inrush current can be made to utilise this as a means
of discrimination between inrush condition and the internal fault currents. This is achieved by
the use of a second harmonic filter which is arranged to inject an additional bias current in the
relay circuit proportional to the second harmonic component. Fig. 14.51 gives the basic circuit
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of the harmonic restraint relay. Harmonic restraint is obtained from the tuned circuit XCXL
which permits only currents of fundamental frequency to enter the operating circuit. The
restraint coil is energised by a d.c., proportional to bias winding current as well as the d.c. due
to harmonics. The d.c. and higher harmonics, mostly second harmonics (in case of inrush
currents), are diverted into the rectifier bridge feeding the restraining coil. The relay is adjusted
so that it will not operate when the harmonic current exceeds 15% of the fundamental current.

Transformer

Harmonic
bias

Through
bias

Res
coil

XC XL

High set
unit

Op. coil

�����������4��, !��	�������!�	����5"

The disadvantage of the harmonic restraint relay is  that it will not operate for an
internal fault that contains considerable harmonics which may be due to an arc or due to
saturation of current transformer. Also, if a fault exists at the time a transformer is energized,
harmonics in the magnetising current may prevent the harmonic restraint relay from tripping.
For this purpose an instantaneous overcurrent relay in the differential circuit is normally
provided which is set above the maximum inrush current and this operates in less than one
cycle on internal faults.

The earth fault current in case of a transformer for a given fault position within the
winding depends upon the winding connection and the method of neutral grounding.

Consider Fig. 14.52 where the delta-star transformer has 1 : 1 voltage ratio. The line

currents in the delta winding will, therefore, be 3  times the line currents in the star winding.
If the fault is at 100% of the winding from the neutral of the star and IF  is the fault current,

then for a fault at x% of the winding, the fault current on the star side is 
x

100
 IF , whereas the
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fault current on the delta side will be I
x

F 100
1

3

2
�
��

�
��

.  as the effective turns ratio of primary to

secondary now is 3
100

:
x

. Thus in this case the earth fault for a given neutral resistance is

directly proportional to the percentage of winding (star side) between the neutral and the fault
point and on the primary side the fault current is proportional to the square of the per cent
winding short circuited.

IF

IF
R

IF

3

���������	����!�� �,��	�����	�����	� � ��������������!�� �,��	�����	�����	� �

�������!��	+� �!���	����	6�!��!+" � ����5	+� �!���	����	6�!��!+"

Consider Fig. 14.53 where the star winding is solidly grounded. The earth fault current
is limited by the impedance of the winding which in turn is proportional to the square of the
number of turns of the winding.

The leakage reactance of the faulted winding in terms of reactance per turn increases,
the nearer the fault is to the star point, but the reactance of the other winding is effectively
reduced owing to the change in transformation ratio so that the fault current becomes minimum
at some point near the middle of the winding.

IDMT relays are used to protect the transformer against the external short circuits and
the overloads. This protection acts as a back up protection. Extremely inverse characteristics
is the ideal as the heating characteristics of the transformer closely resemble the characteristics
of these relays. The protection is located on the supply side of the transformer and is arranged
to trip both the HV and LV circuit breakers.

Since the overcurrent settings are quite high, there are inherent difficulties in the
provision of sensitive earth fault relays. Therefore, separate earth fault protection known as
restricted earth fault protection is provided to both windings of the transformer.

Buchholz Relay

Whenever a fault takes place in a transformer the oil of the tank gets overheated and gases are
formed. The generation of the gases may be slow or violent depending upon whether the fault
is a minor or incipient one or heavy short circuit. The generation of gas is used as a means of
fault detection. Buchholz relay is the simplest form of protection which is commonly used for
this form of protection in all transformers provided with conservators. It consists of two hinged
floats in a metallic chamber, which is connected in the upper side of the pipe run between the
oil conservator and the transformer tank. One of the floats is near the top of the chamber and
the other opposite the orifice of the pipe to the transformer as shown in Fig. 14.54.
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To
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To transformer
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For a minor or incipient fault, the slow generation of gas gives rise to gas bubbles which
try to go to the conservator but are trapped in the upper portion of the relay chamber, thereby
a fall in oil level takes place. This disturbs the equilibrium of the gas float. The float tilts and
the alarm circuit is closed through the mercury switch and the indication is given.

For a heavy fault, large volumes of gases are generated which cause violent displacement
of the oil and impinge upon the baffle plates of the lower float and thus the balance of the lower
float is disturbed. The lower float is tilted and the contacts are closed which are arranged to
trip the transformer.

��������������������

It is a voltage balanced system in which the secondary CT voltages (voltages are proportional
to the CT secondary current as air-cored CTs are used) at the ends of the feeder are compared.
The CTs are connected in opposition (see Fig. 14.55). Associated with the CT at each end is an
induction relay. The upper magnet system acts as a quadrature transformer and produces at
the pilot terminals a voltage which varies with the primary current. As long as the currents at
the two ends are equal, the voltages induced are also equal and hence no current flows in the
pilot wires. In case the CTs are of ordinary instrument type where there is possibility of
dissymmetry in the characteristics of the CTs at the two ends, compensating devices are provided
in the relay to neutralize the effect of unbalancing of the CTs. In case of a through fault or due
to asymmetry in CTs under normal conditions the current through the pilot wires is capacitive
and, therefore, the flux in the series magnet (due to capacitive current) is in phase with the
leakage flux from the upper magnet thereby the net torque on the disc is zero. This is shown in
the phasor diagram (Fig. 14.56). Here V is the voltage across the CT secondary and E is the
induced voltage across the pilot wires, φv the flux in the upper magnet, φc the flux in the lower
magnet and Ic the pilot current.

Whenever an internal fault occurs, current flows through the pilot wires because either
one of the voltages has reversed in polarity (if the feeder is fed from both the ends) or the
voltage at one end has collapsed (if the feeder is fed from one end only). The relay at an end
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will operate if there is current in its upper and lower
coils and it will not operate at an end with no primary
current because there is current only in the lower coil.
Under internal fault condition since the pilot wire
impedance is mostly resistive, the current through the
pilot wire will be in phase with the secondary voltage.
The phasor diagram is shown in Fig. 14.57 for this
condition. Since the two fluxes are 90° apart
approximately, the positive torque is produced and the
relay operates.

The copper loop fitted to the central limb of the
upper electromagnet gives rise to the flux which when
interacts with the pilot capacitance current prevents
the operation of the relay as indicated by phasor
diagram in Fig. 14.56. Bias is obtained by the action of
a second copper loop, mounted on an outer limb of the
upper magnet. Under normal condition, when current
flows in the upper coil only, the relay behaves as a
shaded pole type but the torque produced is arranged
to act in a reverse i.e., restraining sense. This feature is equivalent to providing restraining
coil in a percentage differential relay and prevents the operation of the relay due to mis-
matching of the CTs and/or any spill current due to through faults.

Translay relay protection when applied to 3-phase system requires a single relay element
with a summation transformer as shown in Fig. 14.58.

��������������� �	���+��,	� �

��� �+�	 �����"

��������������� �	���+��,	� �
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The system needs only two pilot wires. The operation of the system is as follows:

Under normal condition since the system is balanced, there is no voltage induced in the
secondary of upper electromagnet as the sum of three currents at any instant of time is zero.
Even if there is any unbalanced loading of the phases, the unbalancing will induce voltage at
both ends of the system and since the pilot wire connections are such that these voltages are in
opposition and equal in magnitude, normally no current flows through the pilot wires. The
operation further is exactly identical to the single phase system.

Summation current transformer is used whenever 3-phase currents at one end of the
line are to be compared with currents at the other end of the line. The transformer gives single
phase output, the magnitude of which depends upon the nature of fault. The arrangement is
shown in Fig. 14.58. For a balanced fault the current through cn of the winding is zero. The
phase a current energizes 1 p.u. turns between a and b and the phasor sum of Ia and Ib flows in
the 1 p.u. turns between b and c.

����������������������
�������

Pilot wire protection is usually limited to circuits of length 10 miles or so. For longer overhead
lines the power line itself may be used as the channel between terminal equipments. The
primary consideration is the coupling of the protective gear to the power line. Coupling between
line and earth, even though results in saving in terminal equipment, it introduces additional
power losses at the high frequencies normally used and is undesirable if the channel is to be
used for purposes other than protection e.g., telegraphy, telephone etc. Experience, therefore,
has shown that it is preferable to connect equipments between two phases. Coupling is done
through a series LC wide-band filter tuned to the carrier frequency i.e., it allows only carrier
frequency to pass through and offers a very high impedance to power frequency. A parallel LC
filter provides a drainage path to earth for power frequency currents, thus maintaining the
connection point to the h.f. equipment at earth potential. Line traps are provided at the overhead
line termination in series with the phases used for signalling. The line traps are tuned to
power frequency; whereas they offer high impedance to carrier frequency, thereby they avoid
the interference between the carrier signals of the adjacent line sections and provide continuity
for the power circuit. These are mounted on the top of the coupling capacitor stacks. The
connection from the relay equipment mounted indoors to the outdoor coupling apparatus is via
a coaxial cable or a low-loss screened twin cable.

The signal is injected into the power line circuit as shown in Fig. 14.59 through the
coupling capacitor. The signal is generated by a transmitter consisting of an electronic oscillator
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and amplifier with an output usually of about 15 to 20 watts at a frequency between 50 and
500 kHz. Below 50 kHz the size and cost of the coupling components would be too high; above
500 kHz the line losses and hence the signal attenuation would be too great on long lines.
15 watts output has been considered to be sufficient from loss point of view for lines of length
100 miles. Carrier current can be used only on overhead lines because the capacitance of a
cable would attenuate the carrier signals to ineffectual values.
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Phase Comparison Scheme

Phase comparison relaying blocks the operation of the relay at both ends of the line whenever
the carrier current signals are displaced in time so that there is little or no time interval when
a signal is not being transmitted from one end or the other. Tripping of the relays will occur
when the signals at the two ends are concurrent and there is time between the consecutive
concurrent signals when no signal is being transmitted from both the ends (when feeder is fed
from both the ends). To achieve phase comparison on these lines, the  line current transformers
are so connected that their secondary currents are 180° out of phase when current is flowing in
the feeder under both normal and/or external fault condition. When an internal fault takes
place, the current at one of the ends reverses and thus the two currents are in phase (when fed
from both ends) and, therefore, there is time when no signal is being received and the relay
operates. In case the feeder is fed from one end, for an internal fault the current at one of the
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ends reduces to zero and hence again there is time when no signal is received and the relay
will operate. This is illustrated diagrammatically in Fig. 14.60.

1

2

3

4

5

6

End A End B
External fault

End A End B
Internal fault
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The operation of this scheme is explained with the help of a block diagram (Fig. 14.59)
as follows:

The block diagram shows the equipments required at end A of the line. Similar equipment
is connected at end B of the same line. The line current transformers are connected as summation
transformer; thus 3-phase currents are reduced to a single phase quantity and is fed to a
sequence network which is sensitive only to negative sequence currents. The output from the
sequence network is fed into the starting equipment which operates in two stages known as
low set and high set. The differential between the settings of the two relays is such that, on the
incidence of a fault, the low set relays at both the terminals operate at a lower current than
any of the high set relays. The low set relays start the comparison (phase) process and the high
set relays control the tripping circuit.

The contacts of the low set relay allow the 50 Hz output from the sequence network to be
fed into the transmitter through a low-pass filter. This 50 Hz input to the transmitter modulates
the high frequency input from the oscillator. The output from the modulator is partly fed to the
local mixer circuit and partly is amplified through an amplifier and fed to the line through the
transmitter band pass filter and the coupling equipment. The transmitted signal enters the
receiver circuit through the receiver band pass filter at end B after passing through the coupling
equipment at that end. It is then attenuated and passed into the mixer circuit.
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From end B also a similar signal reaches the end A mixer circuit in exactly the same
way. Thus mixer circuits at both the ends receive two signals, one from the local circuit and
another from the other end circuit. The phase relation between these signals is so arranged
that it is 180° for a normal operation of the system or for an external fault and it is 0° for an
internal fault. The receiver output increases as the phase angle between two signals decreases.
If the fault current is high enough to operate the high set relay in the starting equipment, the
output from the receiver is applied to the output relay, which operates the tripping relays.

In case the feeder is fed from end A only, under internal fault condition, the equipment
at A will receive signal from the local circuit only and no signal from end B and since the high
set relay at A will receive a high current it will operate and thus the breaker at end A will
operate, whereas at end B even though there is output from the mixer circuit but because the
high set relay cannot operate, this output from the mixer circuit cannot be fed to the tripping
relays and hence the relays at B will not operate.

����������
������

The job of a relay is to sense any abnormal condition in the system and send a signal to the
breaker which in turn disconnects the faulty section of the feeder from the healthy one. The
relay does all this by comparing two quantities either in amplitude or in phase. The phase
relation and the amplitudes are a function of the system conditions. The device which makes
these comparisons is known as a comparator and forms the heart of a relay. The comparator
decides the operating characteristics of a relay.

We first of all derive the general threshold equation assuming that there are two inputs
S1 and S2. These input quantities are derived from the system through the current and voltage
transformers and some mixing circuits (see Fig. 14.61).

K1A

K2B

K3 A

K4 B

S1 S2

������������	+�!����	� ,����� �"

From Fig. 14.62 let S1 = K1 A  + K B2

and S2 = K3 A  + K B4

where A and B are the primary system quantities, K1 and K3 are the scalar numbers and K2

and K4  are the complex numbers with θ2 and θ4 as the angles. Let the vector A be the reference

vector and B lags behind A by angle φ. Then equations can be rewritten as

S1 = K1| A | + | K2 | | B | {cos (θ2  – φ) + j sin (θ2 – φ)}
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and S2 = K3| A | + | K4 | | B |{cos (θ4 – φ) + j sin (θ4 – φ)}

B

AK A1 K A3

�

�

�

�

(
)

����� 2

K B2
K B4

S2
S1

���������	����� �	���+��,	� �	�	� ,����� �"

If the operating criterion is such that | S1 | ≥ | S2 | then at the threshold of operation
| S1 | = | S2 |.

{K1 | A | + | K2 | | B | cos (θ2 – φ)}2 + {| K2 | | B | sin (θ2 – φ)}2

= { K3 | A | + | K4 | | B | cos (θ4 – φ)}2 + {| K4 | | B | sin (θ4 – φ)}2

After rearranging the terms, we get

(K1
2 – K3

2)| A |2 + 2| A | | B |{K1 |K2 | cos (θ2 – φ) – K3| K4 | cos (θ4 – φ)}

+ K2
2| B |2 cos2 (θ2 – φ) – | K4 |

2 | B |2 cos2 (θ4 – φ)

+ | B |2{| K2 |2 sin2 (θ2 – φ) – | K4
2 | sin2 (θ4 – φ)} = 0

or (K1
2 – K3

2)| A |2 + 2| A | | B |{K1 |K2 | cos (θ2 – φ) – K3| K4 | cos (θ4 – φ)}

+ (| K2 |
2 – | K4 |

2)| B |2 = 0

Dividing by (| K2 |
2 – | K4 |

2)| A |2 and rearranging the terms,

   
B
A

B
A

K K K K K K K K

K K

2
1 2 2 3 4 4 1 2 2 3 4 4

2
2

4
22�

� � �

�

( | |cos | |cos )cos ( | |sin | |sin )sin }

| | | |
� � � � � �

+ 
K K

K K
1
2

3
2

2
2

4
2

−
−| | | |

 = 0

or
B
A

B
A

2

2+  [A0 cos φ + B0 sin φ] + C0 = 0

where A0 = 
K K K K

K K
1 2 2 3 4 4

2
2

4
2

| |cos | |cos

| | | |
θ θ−

−

B0 = 
K K K K

K K
1 2 2 3 4 4

2
2

4
2

| |sin | |sin

| | | |
θ θ−

−

and C0 = 
K K

K K
1
2

3
2

2
2

4
2

−
−| | | |
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The above equation represents an equation to a circle with radius

r = 
K K K K K K K K

K K
1
2

4
2

2
2

3
2

1 2 3 4 2 4

2
2

4
2

2| | | | | | | |cos ( )

| | | |

� � �

�

� �

and coordinates of the centre are (c, φ) where

c = 
K K K K K K K K

K K
1
2

2
2

3
2

4
2

1 2 3 4 2 4

2
2

4
2

2| | | | | | | |cos ( )

| | | |

� � �

�

� �

The characteristic is shown in Fig. 14.63.

B
A

sin �

B
A

cos �

�

C

r

(c, )�

����������	������ ��	��������������	 �	�!	�,�������	� ,����� �"

Analysis for Phase Comparator

Here again we have to compare the two inputs S1 and S2, this time their phase relation. Say
S1 = | S1 | ∠ α and S2 = | S2 | ∠ β with respect to a reference axis. The scalar product of these
two vector quantities is maximum when they are in phase and the threshold condition i.e.,
positive torque will be obtained when α – β = ± π/2 . Under this condition

tan (α – β) = ± ∞

or      
tan tan

tan tan
α β

α β
−

+1
 = ± ∞

or       1 + tan α tan β = 0

Substituting for tan α and tan β, the equation becomes

1 + 
| || |sin ( )

| | | || |cos ( )
| || |sin ( )

| | | || |cos ( )
K B

K A K B
K B

K A K B
2 2

1 2 2

4 4

3 4 4

θ φ
θ φ

θ φ
θ φ

−
+ −

×
−

+ −
 = 0

or K1K3| A |2 + K1| K4 | | A | | B | cos (θ4 – φ) + K3| K2 | | A | | B | cos (θ2 – φ)

+ | B |2 | K2 | | K4 | cos (θ2 – φ) cos (θ4 – φ)

+ | K2 | | K4 | | B |2 sin (θ2 – φ) sin (θ4 – φ) = 0
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Dividing the equation by | K2 | | K4 | | A |2 cos (θ2 – θ4), we get

   B
A

B
A

K K K K K K K K

K K

2 1 4 4 2 3 2 1 4 4 2 3 2

2 4 2 4
�

� � �

�

{( | |cos | | cos )cos ( | |sin | | sin ) sin }

| || |cos ( )

� � � � � �

� �

+ 
K K

K K
1 3

2 4 2 4| || |cos ( )θ θ−
 = 0

or
B
A

B
A

2

+ {A0′ cos φ + B0′ sin φ} + C0′ = 0

where A0′ = 
K K K K

K K
1 4 4 2 3 2

2 4 2 4

| |cos | | cos
| || |cos ( )

θ θ
θ θ

+
−

B0′ = 
K K K K

K K
1 4 4 2 3 2

2 4 2 4

| |sin | | sin
| || |cos ( )

θ θ
θ θ

+
−

and C0′ = 
K K

K K
1 3

2 4 2 4| || |cos ( )θ θ−
The above equation represents an equation to a circle with radius

r = 
K K K K K K K K

K K
1
2

4
2

2
2

3
2

1 2 3 4 2 4

2 4 2 4

2

2

| | | | | | | |cos ( )

| || |cos ( )
+ − −

−
θ θ

θ θ
and the co-ordinates of the centre are (C, φ), where

C = 
K K K K K K K K

K K
1
2

4
2

2
2

3
2

1 2 3 4 2 4

2 4 2 4

2

2

| | | | | | | |cos ( )

| || |cos ( )
� � �

�

� �

� �

as given in Fig. 14.64.

B
A

sin �

B
A

cos �

�

C

r
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Duality between Amplitude and Phase Comparator

It can be shown with the help of phasor diagrams that if the input quantities to the comparator
are changed to the sum and difference of the original two input quantities, an inherent amplitude
comparator becomes a phase comparator and vice-versa.
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Consider, for example, an amplitude comparator with inputs S1 and S2 such that it
operates when

| S1 | > | S2 |

Now let the inputs be changed to | S1 + S2 | and | S1 – S2 | and they are such that
| S1 + S2 | > | S1 – S2 |. If these quantities are fed to the amplitude comparator, the comparator
essentially compares the phase relation between S1 and S2. This is indicated in Fig. 14.65.

S2

(S + S )1 2

S1

(S – S )2

� = 90°

(S + S )1 2
S2

�

S1

(S – S )21 (S – S )21

S1

(S + S )1 2
S2

�

����������������	� ,����� !	���!+	�!	�,�������	� ,����� �"

We see that the requirement | S1 + S2 | < | S1 – S2 | puts a condition on the phase
relation between S1 and S2 i.e., unless phase difference between original phasors S1 and S2
exceeds 90° (cosine of angle greater than 90° is negative), | S1 + S2 | cannot be less than
| S1 – S2 |. Therefore, the original amplitude comparator with inputs now as | S1 + S2 | and
| S1 – S2 | is a phase comparator, i.e., a converted phase comparator.

Amplitude
comparator

Phase
comparator (cos)

S2

S1

S2S1

������������:��;���!��	 �	�����	� ,����� �"

It is to be noted that the phase comparator in case of static circuits is a cosine comparator
as opposed to a sine comparator in case of electromechanical relays.

The amplitude comparison using a phase comparator is explained with the help of phasor
diagram (Fig. 14.67) and the schematic diagram of equivalence is shown in Fig. 14.68.
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S1

(S + S )1 2S2

��	 90°

(S – S )1 2

(S + S )1 2S2

S1��
 90°

(S – S )1 2

(S + S )1 2

S1

(S – S )1 2

S2

��� 90°
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From the phasor diagram it is clear that if the original inputs to phase comparator are
S1 and S2 with such a phase relation that they will operate the relay and if now the inputs are
changed to | S1 + S2 | and | S1 – S2 | and fed to the same phase comparator, the comparator
essentially compares the amplitude relation between S1 and S2. Unless | S1 | > | S2 |, the
phase relation between | S1 + S2 | and | S1 – S2 | will not be less than 90° and hence the
resultant comparator will be an amplitude comparator, that is it will be a converted amplitude
comparator.

Though a given relay characteristic can be obtained using either of the two comparators,
consideration of the constants calculated for required characteristics would indicate which
type of comparator is preferable. In general an inherent comparator is better than the converted
type because if one quantity is very small compared with the other, a small error in the large
quantity may cause an incorrect comparison when their sum and difference are supplied as
input to the relay.

Phase
comparator

cosine

S2

S1

S2S1

Amplitude
comparator

S2S1

������������:��;���!��	 �	�,�������	� ,����� �"

Static Amplitude Comparators

Mainly there are three types of amplitude comparators: (i) integrating comparators,
(ii) instantaneous comparators, and (iii) sampling comparators. These are discussed in brief
as follows:
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Integrating Comparators: These are further classified as (i) circulating current type and
(ii) voltage opposed type.

The basic circuit for the circulating current is shown in Fig. 14.69. The currents are the
input signals. The relay will operate whenever S1 > S2, where S1 = Ki1 and S2 = Ki2. The
voltage across the relay does not exceed twice the forward voltage drop of one of the rectifiers
and this will normally be of the order of 1 volt. The voltage across the relay is given in Fig. 14.70.
Ideally the comparator is independent of the phase angle between i1 and i2, but in practice the
wave shape is dependent on the phase angle. When i1 and i2 are out of phase, the difference
(i1 – i2) has both the positive and negative loops. If i1 > i2, the positive loop is bigger than the
negative and if i1 < i2, the negative loop is bigger than the positive. When i1 = i2 the positive

and negative loops are equal, each loop occupying 1
4  of the time duration of one cycle of the

input currents. The output wave form is, therefore, a double frequency pulsation.

Op
i1

Restn

i2

PR
–

–

+

+

(P)

+
V

–
V

i < i1 2

i = i1 2

i > i1 2

���������	������������	�������	�����������

i > i1 2

�/2�/2

i < i1 2

�/2�/2

i = i1 2

��������
������������	� 	��������

It is, therefore, desired that the output device should be an integrating device responding
to the average area over one cycle of the output wave form.
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V
I

A static integrating circuit instead of a polarized relay can be used which consists of an
averaging, polarity detecting circuit as shown in Fig. 14.71.

Averaging
circuit

Polarity
detector

Output

��������
�	����� ���	%��&��	����������	'��(	������	������	&�)����

The two currents i1 and i2 are rectified and their difference (i1– i2) is averaged. If the
average value is positive, output is obtained.

The opposed voltage type of comparator works with voltage input signals derived from
PTS and is shown in Fig. 14.72. The operation of the relay depends on the average of the
difference of the rectified voltages (V1 – V2). The bridge is less sensitive at low inputs and the
comparator has no limiting action on both voltage and current in the output device.

V1 V2

R

Rectifier
circuit

Rectifier
circuit

Average
circuit

Level
detector Output

S2

S1

��������
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Instantaneous Comparator: These comparators can further be classified as: (i) averaging
type, and (ii) phase splitting type.

Rectifier
circuit

Rectifier
circuit

Averaging
circuit

Level
detector

Output

S1

S2
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dI
dt

1

In case of an averaging type the restraining signal is rectified and smoothened completely
in order to provide a level of restraint. The operating signal is rectified full wave but is not
smoothened. The peak of the operating signal should exceed the restraint level for operation.
The block diagram is shown in Fig. 14.73 and the wave shapes are given in Fig. 14.74.

Smoothing is done with the help of a capacitor; as a result there is delay in operation.
Better method is phase splitting before rectification i.e., the input is split into six components
60° apart (Fig. 14.75), so that it is smoothed within 5%. In this case both operating and
restraining inputs are smoothed out before being compared so that a continuous output signal
is obtained. The time of operation is determined by the time constant of the slowest arm of the
phase splitting circuit.

Output

Restraining signal
rectified & smoothend

Operating signal
rectified

Operating
signal

Restraining
signal

��������
��#�)�	�(����	� 	��	 �������������	�������&�	�����������

R

B

–120°

–120°

120°120°

A

��������
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Sampling Comparator: In this comparator one or both the signals are sampled at the
same instant or at different instants and are compared. When one signal is sampled, it is
compared with the signal proportional to its rectified (average) value.

In case of reactance relay the sampled value of voltage is compared with the average
value of current when it is passing through zero value. Let φ be the p.f. angle of the circuit.
When current passes through zero the instantaneous value of voltage will be V sin φ. The
reactance relay operates when X < K, where X  is the reactance seen by the relay and K is
design reactance of the system.

Since X = Z sin φ,

∴ Z sin φ  < K

or
V
I

 sin φ < K

Vm

2
 sin φ < KIav × 1.11

or Vm sin φ < 2 KIav × 1.11 < K′Iav

The block diagram for the comparator is shown in Fig. 14.76. Reactance relay operation
can also be explained when both voltage and current signals are sampled. Voltage is sampled
again when the current is passing through zero value and current is sampled after a delay of
say α. Again if power factor of the circuit is cos φ, the voltage signal at the current zero instant
will be Vm sin φm and the current signal after a delay of α will be Im sin α. For the reactance
relay,

I
Rectifier Averaging

Ia

Zero
crossing
detector

Polarity
detectorDifference

Sampling
circuit

Output

V

V sin – Km av� �I

V sinm �

��������
���������	����������	  ��	���������	����,�

V
I

 sin φ  < K

or  Vm sin φ < K′Im sin α
The amplitudes of these two signals are converted into proportional pulse widths and

these pulses are compared in an AND gate. In case the two sampled signals are taken at
different instants of time, the pulse width representing the one taken first in time sequence is
delayed by the time difference between the two sampling instants, before feeding to the AND
gate. The scheme is shown in Fig. 14.77.
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Delay
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A/W

converter

AND
Output

Delay
�

V sinm �V Sampling
circuit

A/W
converter
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With the use of sampling techniques, the phase shifting and mixing circuits are eliminated
which results in saving in space and cost even though the sampling techniques need a higher
degree of sophistication in the relay circuitry.

Phase Comparator
In this type of comparator, the operation of the relay takes place when the phase relation
between two inputs S1 and S2 varies within certain specified limits. It is the phase relation
between the signals that is mainly compared and an output is obtained which operates the
tripping relays. Mathematically, the condition of operation is given by

– α1 ≤ θ ≤ α2

where θ is the angle by which S1 lags S2. If α1 = α2 = 90°, the comparator is known as cosine
comparator and if α1 = 0° and α2 = 180° it is known as sine comparator.

There are two types of phase comparators:
(i) Coincidence type; and

(ii) Vector product type.
Coincidence Type Phase Comparator: Consider two signals S1 and S2; their period of

coincidence depends upon their phase difference. If the two signals have a phase difference of
α, the period of coincidence of such signals is ψ = (180° – α) which means if the operation is
desired for a phase angle α less than say + 90°, then coincidence period should be greater than
90°. Thus, the criterion for operation becomes – 90° ≤ α ≤ 90° which is illustrated in Fig. 14.78.

XX S /S2 1S /S2 1

90°90°

–90°–90° RR

OperationOperation
Block

Operate Restraining

Output

��������
��	�(���	����������	������	'(��	�����	θ	%��'���

�
�
	��&	�

!
	��	'��(��	������	2	�"3	��&	4	�"3�
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By measuring the period of coincidence, it is possible to design the circuit to give an
output a ‘Yes’ or a ‘No’ depending upon the phase relation of the input signal. Some of the
techniques employed to measure the period of coincidence are given below:

Block-spike phase comparison: In this method one input is converted into a square wave
and the other into a pulse of short duration (known as a spike) at the instant when this input
is either passing through zero value or when it is passing through peak value. The squared
wave and the spike then are fed into an AND gate and there is an output when the two signals
coincide at any time as shown in Fig. 14.79 (a). Depending upon the instant of spiking (i.e.,
whether at zero or peak value) the output is available for different phase differences. With
spike derived at peak value, output for – 90° ≤ α ≤ 90° and with spike derived at zero value
output for 0° ≤ α ≤ 180° is obtained. The main disadvantage of this method is that in case of
spurious spike due to any switching or external interference, operation of the relay may take
place which is not desirable. Shielding of the circuit against electric and magnetic field is,
therefore, essential.

(a)

(b)

(c)

S 45°2

S 45°1

S1 S2

S –45°1

S –45°2

��������
	��(���	���������	 ���(��5���

Output
AND

S 45°1

S 45°2

S –45°2

S –45°1

S1

S2
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Phase splitting technique: The method requires splitting of phase of the two input signals,
each into two components shifted ± 45° with respect to the original signal. The four components
are then fed into an AND gate which gives an output when the four signals are positive
simultaneously at any time in the cycle as shown in Fig. 14.79. It can be seen that output will
be obtained for – 90° ≤ α ≤ 90°. The block schematic is shown in Fig. 14.80.

Because of the time constants of the phase shift circuit, the method is slower than the
block spike method. The time of operation can be reduced to less than half a cycle by using two
such comparators for each polarity. This method, however, is not affected by spurious signals.

Integrating phase comparator: The two signals S1 and S2 are fed into an AND gate the
output of which is integrated to measure the period of coincidence of the two signals. If period
of coincidence exceeds 90°, the output is obtained so that the condition is – 90° ≤ α ≤ 90° for
operation. The most common type of AND gate uses diode or transistor coincidence circuit as
shown in Fig. 14.81.

S1

S2

RC

VCC

R

C

Output
Level

detector
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During the positive coincidence period capacitor C charges through R and then discharges
suddenly as the coincidence period ends. A level detector compares the voltage built up across
the capacitor with a fixed voltage level corresponding to 90° charging period and gives an
output if the former exceeds the latter. If we use two comparators for the two polarities (two
half cycles), the operating time can be reduced to less than half a cycle.

Integrating type comparator with rectifier type AND gate: The rectifier circuit is shown
in Fig. 14.82. The signal i1 is known as the operating signal and i2 the gating signal. The device
works on the principle that a diode functions as a gate so long as it is kept open by a forward
current. Current can flow both in the forward and reverse direction provided the reverse current
is less than the forward current.

The gating current is more than two times the operating current. During one half cycle
the gating current i2/2 flows through D1 and D2; thereby it opens these diodes and allows the
current i1 to flow through D1 in the forward direction and through D2 in the reverse direction.
The voltage across PQ due to i1 is say of positive polarity. Since the current i2/2 flows in opposite
direction through the resistor, the drop due to gating current is zero. During the next half
cycle the gating signal flows through D3 and D4 and since i1 flows in reverse direction, therefore,
output of opposite polarity appears across PQ. The output across PQ can be shown to be
proportional to cosine of the angle between the two signals. The output is fed to the polarity
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VHVH

B

I

detection circuit, the RC charging circuit and the level detector circuit as in the previous phase
comparator. The output is positive during positive coincidence period and negative during
anticoincidence period.

Polarity
detector

R.C.
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circuit

Level
detector Output

i /22
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D4
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Vector Product Phase Comparator: In these devices an output proportional to the vector
product of two input quantities is obtained. These devices operate on the principle of Hall
effect and magneto resistivity.

Hall effect comparator: This comparator
is based on Hall effect discovered by E.H. Hall.
The semiconductors normally used as Hall
element are indium antimonide and indium
arsenide. Of these the latter is considered as a
better Hall element. The basic principle of
operation of Hall element is shown in Fig. 14.83.
When a current I is passed along X-direction of
the Hall element which is placed in a magnetic
field in the Y-direction, a voltage known as Hall
voltage is induced in the Z-direction across the edges of the element.

If the two inputs are φ and I, and are sinusoidal quantities, given by

φ = φm sin ωt

I = Im sin (ωt – α)

the vector product of the two vectors is given by

        VH = KφI sin 90° = KφmIm sin ωt sin (ωt – α)

  = 
K Im mφ

2
 [cos α – cos (2ωt – α)]

����������:���	�  ���	�(���	�����������
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It is clear from the expression that Hall voltage consists of a d.c. component and a time
varying component of double the original frequency. The double frequency component can be
eliminated by cross-connecting two Hall elements as shown in Fig. 14.84. The two input signals
are the two sinusoidal currents I1 and I2.

A B

K d /dtI22 I2VH

VBVB

VAVA

I1
K d /dtI1
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Let I1 = Im1
 sin ωt

I2 = Im2  sin (ωt + α)
The two fluxes φA and φB through the elements A and B are φA ∝ I1 and φB ∝ I2, and the

currents through the elements are IA ∝ 
dI
dt

2  and IB ∝ 
dI
dt

1 .

Since the two elements are so connected that the output voltages oppose each other,
therefore, the resultant voltage is given by

VH = VA – VB

∝ Im1
 . sin ωt . Im2

ω cos (ωt + α) – Im2
 sin (ωt + α)ωIm1

 cos ωt

or VH ∝ Im1
Im2

 sin α

The device thus acts as a sine phase comparator. Because of the high cost of Hall element,
large temperature error and low output, this comparator is normally not used.

Magneto-resistivity comparator: When a semiconductor is subjected to a magnetic field
its resistivity varies. This effect is known as Gauss effect or magneto resistivity. If a voltage V1
produces a magnetic field through a semiconductor disc and another voltage V2 passes current
through the disc at right angles to the magnetic field, the current will be proportional to V1V2
cos θ, where θ is the angle between the two voltages i.e., the current is maximum when the two
voltages are in phase and zero when they are in quadrature. This type of relay is mostly used
in USSR and is considered better than Hall element relay because of simpler construction and
circuitry (see Fig. 14.85). Polarizing current is not required and output is relatively higher.
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The term static relay refers to a relay which incorporates solid state components like transistors,
diodes etc., for the measurement or comparison of electrical quantities. The static network is
so designed that it gives an output signal in the tripping direction whenever a threshold condition
is reached. The output signal in turn operates a tripping device which may be electronic or
electromagnetic.

The need for the static relays arose because of the requirement of fast and reliable
protective schemes for the modern power systems which is growing both in complexity and
fault levels. The scheme should be fast so as to preserve dynamic stability of the system as the
character and loading approach design limits. The supply problem associated with the
thermionic valves has been solved with the use of semiconductors. The transistors have made
it possible to achieve greater sensitivity and at the same time excellent mechanical stability
which is not possible with the electromechanical relays. It is to be noted here that it is usually
not economical to replace existing electro-mechanical relays with their static counterparts just
to reduce maintenance. The protective relays, nowadays, are being fed by iron cored current
transformers and hence excessive saturation should be avoided to ensure high speed and
discriminative operation. The static relays reduce the burden on the current transformer.

It is interesting to note that the static relays have first been commercially manufactured
for the distance and differential protective schemes whereas the much simpler overcurrent
relays have not been brought out. The reason behind this is that the distance and differential
schemes are more amenable to mathematical analysis whereas the overcurrent characteristics
are more of empirical nature. Therefore, a static overcurrent relay cannot compete with the
conventional electromechanical relay. With the use of static relays it has been possible to
obtain many varied and complex distance protection characteristics which is impossible to
obtain with the conventional electro-mechanical relays.

The use of electronic valves for static relays was taken up by Fitzgerald in 1928 who
presented a carrier current protection scheme for the transmission line. In spite of the
advantages like fast operation, low maintenance, low CT and PT burden offered by the valves,
they suffered inherently from the requirements of HT supply, short life, large power
consumption, LT supply for the heater elements. These relays could not meet practical
requirements and hence never reached the commercial stages.
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Transductor relays are magnetic amplifier relays which consist of a control and operating
winding. The control winding is energized with d.c. and the operating winding with a.c. The
transductor relays are mechanically very simple and are quite reliable. Since the relay rectifies
and smoothens a signal, a delay is introduced because of the time constant of the smoothing
circuit and the relays are slow and, therefore, are discarded for protection applications.

Rectifier bridge relays, initially used in Germany, revolutionalized the development of
static relays. This relay consists of two rectifier bridges and a moving coil or polarized moving
iron relay. These will be discussed later on in this chapter.

Transistor relays are the most widely used static relays. In fact when we talk of static
relays we generally mean transistor relays. The fact that a transistor can be used both as an
amplifying device and as a switching device, makes this component suitable for achieving any
functional characteristic. The transistor circuits cannot only perform the essential functions of
a relay such as comparison of inputs, summation and integrating them but they also provide
necessary flexibility to suit the various relay requirements. The advantages of transistor relays
can be summarized as follows:

1. The power consumption is low and hence provides less burden on the CTs and PTs as
compared to the conventional electromechanical relays.

2. The relays are fast in operation.

3. No moving parts, hence friction or contact troubles are absent and as a result minimum
maintenance is required.

4. The relays have greater sensitivity as amplification of signals can be obtained very
easily.

5. The relay has a high reset to pick up ratio and the reset is very quick.

6. The use of printed circuits avoids wiring errors and facilitates rationalization of batch
production.

7. It is possible to obtain wide range of characteristics approaching more or less to the
ideal requirements.

Transistor relays, however, have the following limitations:

1. The characteristics vary with temperature and ageing.

2. The reliability of the scheme depends upon a large number of small components and
their electrical connections.

3. The relays have low short time overload capacity compared with electromechanical
relays.

With the advancement of semiconductor manufacturing technology it has been possible
to manufacture transistors which are insensitive to temperature variation and ageing and
careful design of the static relay circuitry can compensate for the other limitations.

Before we proceed further to study the static relays. A brief introduction of semi-
conductor devices is given below:

A semiconductor is a material which has its conductivity lying between  a good conductor
and an insulator. Since these materials are solid and include on moving parts, these are also
called solid state devices. Most of the diodes and transistors are made with junctions of large
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area formed between two different types of silicon. If phosphorous, arsenic or antimony is
added as an impurity to the pure silicon metal, an excess of electron is given so that it has N-
type conductivity wherein the majority carriers are the electrons. If the added impurity is
boron, aluminium or indium, holes are created in the pure silicon so that it acquires P-type
conductivity i.e., the majority carriers are the holes. A rectifier unit can be formed in a single
piece of silicon if one end is changed into P-type material and the other end is changed into N-
type material . In this way, a barrier layer or junction appears between the two kinds of material
as shown in Fig. 14.86; this is called a junction rectifier or diode and it contains a PN junction.
A diode is said to be forward biased when P terminal is made more positive than the N-terminal
and current passes easily through the diode if only a small voltage is applied. However, if the
applied voltage is reversed so that P material is made more negative than N material, the
diode is said to be reverse biased as shown in Fig. 14.86 (d). If the applied voltage is small, the
current is also small and is known as leakage current. If the reverse voltage is increased to a
large value, known as breakdown voltage, the diode loses its blocking property and a large
avalanche current limited only by the external resistance will flow. See Fig. 14.87 for the
characteristic of the diode.

P N
Anode Cathode

(a)

A K

(b) (c) (d)

�����������-�0	9��&�=	-�0	,�%��	� 	�	&��&�=	-�0	9��&�	 ��'��&	%����&=

��&	-�0	9��&�	��)����	%����&�

Leakage
current

V
Forward bias

I
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Transistor: A single piece  of silicon if doped with the same type of impurity at either
end and the central section has characteristics different from either end, a transistor is produced.
If the end sections are doped with P-type material and the central section with N-type, a PNP
transistor is produced. The two ends are emitter and collector and the central section the base.
Although both ends may be P-type material, the emitter and collector are not interchangeable
as the emitter is made with different dimensions and with heavier doping than the collector.
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The transistor could be considered as two diodes in series. One diode is the junction
between base and emitter which is usually forward biased and the other diode is the junction
between base and collector which must be reverse biased (see Fig. 14.88).

This is the kind of bias when the transistor is operating as an amplifier and the mode of
operation is known as common emitter as emitter is the common terminal between the input
and output terminals. The other two modes of operation are common base and common collector
which are shown in Figs. 14.89 and 14.90 respectively.

�����������8�8 ���������	������� ��������	��������
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Because of the high gain of common emitter circuit, it is most commonly used as an
amplifier.

Comparative study of different configurations of transistor amplifiers

Common emitter Common base Common collector

Voltage gain High High Low

Current gain High Low High

Power gain High Medium Low

Output impedance Medium High Low

Input impedance Medium Low High

Phase shift 180° 0° 0°

Transistor as a switch: Transistor for relaying purposes is more often used as a switch
rather than as an amplifier. Here also common emitter connections are most commonly used.
For putting the transistor into ON position the emitter-base and the collector-base junctions
are forward biased and for OFF both the junctions are reverse biased.

D.C. Amplifiers: When one transistor is not enough to provide required amplification,
two or more than two transistors are connected in cascade so that the output of one becomes
input to the next and so on till desired amplification is obtained. The cascading may be through
some component like the capacitor or the transformer or direct cascading without any component
between two stages of amplification. If the input signal is a slowly changing d.c. voltage or low
frequency a.c. voltage, a direct connection is made from the collector of T1 to the base of T2 as
shown in Fig. 14.91. This combination is known as a two-stage direct coupled amplifier.

In Fig. 14.91, it is to be noted that when collector current increases in T1, the collector
current decreases in T2. This is true when both transistors are NPN or PNP. However, if the
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NPN T2 is replaced by a PNP transistor shown as T3 in Fig. 14.92, the increase of T1 collector
current still drives point A more negative which increases the flow of electrons through R3 and
from collector to emitter of T3.

R1 R2

+

T1

T2

Rbias

Output

R1

R3

T1

Rbias

Output

T3

A
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Darlington Circuit: If two transistors of the same type are directly connected as shown
in Fig. 14.93, the emitter of T1 is connected to base of T2, the combination has a total of three
external connections B, C and E, and acts as a single transistor whose gain equals the T1 gain
× the T2 gain. In order to handle greater load current T1 may be connected to two or more than
two transistors in parallel as shown in Fig. 14.94. The RE resistors help to equalize the load
current.

C

T2 T3

RERE

E

T1

B

T1

C

T2

E

B

��������	�9���������	�������� ��������	��:��(	�������	9���������	��������

Schmitt Trigger Circuit: When a pair of transistors is direct coupled as shown in
Fig. 14.95, it provides a sudden turn-on or triggering action by T2 and occurs at a selected
value on a slowly changing signal applied to the base of T1. So long as the input signal is below
the desired trigger point, T1 has no current flow. The resistances R2, R3 and R7 form a voltage
divider across the HT supply so that the T2 base has a potential of about +7 volts if HT supply
is 12 volts and R2 = 2 kΩ, R3 = 3 kΩ and R7 = 7 kΩ; electrons flow through R6, emitter and
collector of T2 and through R4. While conducting, the T2 emitter must have forward bias. The
output across R4 is obtained.
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The Thyristor Family: Thyristor is a bistable semiconductor device, comprising, three or
more junctions which can be switched from the ‘‘off-state’’ to the ‘‘on-state’’ or vice-versa. Even
though power transistors with high current and voltage ratings are now available, the basic
differences in the fabrication and operation of a thyristor and a transistor make it possible for

Device Characteristic Symbol

A

G

C

V

I

G
V

I

G2
V

I

G1

V

I

Silicon controlled
rectifier (SCR)

Triac

SCS

Diac
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the former to have much higher voltage and current ratings for a given size than those of the
latter. For conduction, a transistor requires continuous base current whereas for an SCR, a
single gate pulse is required for its conduction. Further an SCR is used as a switching device
whereas a power transistor is required to operate in the active region in many applications.
The other members of the thyristor family are in general low power devices except the triac
which is a bilateral device with three terminals and conducts in both the directions. The triac
is equivalent to two SCRs connected in anti-parallel. The silicon controlled switch (SCS) is
similar to the SCR except for the fact that SCS has two gates and, therefore, can be turned on
or off by any of the gates. The diac is a two-terminal, four-layer device which is generally used
for triggering triacs. Fig. 14.96 shows a few of these devices and their respective V-I
characteristics and symbolic representation.

Zener Diode: If the impurities added to PN junction are more than the normal, the
breakdown voltage is decreased. Many diodes are made with the purpose of operating often or
continuously at a desired value of break-down voltage; such a diode may be used so as to limit
or regulate the amount of voltage applied to a load circuit. The characteristic and its application
as a voltage regulator are shown in Fig. 14.97.

V

I

(a) (b)
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voltage
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outputZD
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The Unijunction Transistor (UJT): A unijunction transistor consists of a bar or crystal
of N-type silicon of high resistance; an ordinary ohmic contact  is made at each of the ends
which are called base 1 and base 2. The UJT is not like other transistors but is used as a
switching device to apply a sudden pulse of power to energize a relay or to fire an SCR. The
characteristic of UJT and its application for firing an SCR are shown in Fig. 14.98.
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Time Delay Circuits: Various types of circuits for obtaining time delay depending upon
the amount of delay required are given in Fig. 14.99. If the delay required is in terms of few
microseconds a delay cable is used; for medium delays of the order of milliseconds a resonant
circuit is used whereas for delays of the order of minutes or even hours RC circuits are used.

Level Detectors: The level detector compares an alternating or unsmoothed rectified
signal against a d.c. datum. Whenever the peak input exceeds the d.c. datum, an output is
there; otherwise it is zero. The simplest form of level detector is shown in Fig. 14.100, where
the input voltage must exceed the opposing bias voltage for any output.

Schmitt trigger circuit (Fig. 14.95) is another level detector circuit which is normally
used for the purpose.

(a) (b)

Input Input
Delayed
output Output

Input
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C
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Positive Feedback: When the output of a device is not proportional to the input signal, it
is said to be non-linear. This is the result of positive feedback which means output is fed back
to the input in phase with the input so that the input is strengthened. This leads to rapid
increase of both the input and the output signals which leads to what is known as snap action
in electromagnetic relays.
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A multivibrator is a circuit constructed by coupling two amplifiers together using strong
positive feedback. If in the absence of the triggering pulses, the circuit can remain permanently
in only one state, it is monostable; if it can remain permanently in either state, it is bistable;
and if the circuit cannot remain permanently in either state, it is astable. The devices need two
transistors of equivalent characteristics. Bistable circuits are normally known as flip-flops.

Monostable Multi-vibrator: Refer to Fig. 14.101, where T2 is coupled to T1 through the
capacitor C. Under equilibrium condition T2 is ON and VBB causes T1 to be OFF and the capacitor
Ct is charged approximately to VCC. Resistor R1 is chosen so that T1 is ON if T2 happens to be
OFF—as a result of a negative going pulse. If this pulse turns T2 OFF, T1 turns ON and
remains ON so long as T2 is OFF. When T1 is ON, the left hand terminal of Ct is effectively
grounded and the base of T2 is driven negative by an amount equal to VCC—T2 is held OFF by
the charge on Ct. This charge decreases as Ct charges towards + VCC through Rt and T2 turns
ON again when the voltage across Ct reaches nearly zero. This turns T1 OFF and the circuit
reverts to its stable state.

C2

R3 RC
D Ct

T1

R2

VBB + VCC

Rt

+ VCC

RC

T2

R1

C1
V0
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Bistable Multi-vibrator: Refer to Fig. 14.102 for a bistable multi-vibrator or a flip-flop
which consists of two inverters in cascade where the output of the second inverter is fed to the
input terminals of the first inverter. Bistable circuit is used as an output element to switch a
polarized moving coil relay which in turn switches the auxiliary relays in the trip circuit. The
polarized relay is connected in the collector circuit of one of the transistors, say T1, such that
its coil resistance and any additional resistance will equal the value of Rc used in the collector
circuit of T2. A capacitor C is connected across the polarized relay and the additional resistance
so that T2 is ON when switch S is closed. At the time of switching, the base of T2 is quickly
driven to conduction because of the presence of the capacitor C.

If a positive pulse is now applied at the base of T1, it is driven to conduction and T2 is cut
OFF. As a result of this, the polarized relay is switched ON and it remains in this state till the
circuit is reset either by applying a reset positive pulse to the base of T2 or opening or closing
of the switch S.
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Astable Multi-vibrator: Refer to Fig. 14.103 wherein the astable multi-vibrator is shown
as two transistors identically connected. Due to component tolerances, however, an abrupt
application of power causes one transistor to turn on first.

RCRC

C

RR

+VCC

C

+VCC
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When a transistor turns on, the capacitor connected to its collector drives the base of the
other transistor negative turning it off. This is held OFF by the capacitor till its voltage falls to
nearly zero. The transistor then turns ON, turning OFF the other one. This process is repeated.

A switching circuit is said to be non-regenerative if an external drive is required to hold
the active devices in their desired operating states. The non-regenerative circuit is similar to a
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V

R

R2

VBB

RL

+ VCCsimple relay that requires a continuous current to keep its
contacts closed. Refer to Fig. 14.104 for a basic non-
regenerative switching circuit.

Here NPN transistor is turned ON by an input pulse
of magnitude V and turned off after the pulse reduces to
zero. The base bias VBB aids the transistor to turn off and
keeps it in that state till the next pulse appears.

Different logic circuits can be obtained by using the
basic non-regenerative circuit.

Figure 14.105 (a) is an inverter circuit. There is no
output voltage when VP is present while there is an output
when Vp is absent.
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Figure 14.105 (b) is a NOR circuit which has no output if either Vp or Vq is present.

Figure 14.105 (c) is an OR circuit which is obtained by connecting an inverter circuit at
the output of the NOR circuit and thus there is an output if either Vp or Vq is present.

Figure 14.105 (d) is a NAND circuit which has no output if Vp and Vq are present.

Figure 14.105 (e) is an AND circuit which is obtained by connecting an inverter at the
output of the NAND circuit and thus has an output if Vp and Vq are present.
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Overcurrent Relays

The overcurrent relays, even though simplest of all types of electromechanical relays, are the
most difficult static relays. This is because the induction disc characteristics of the overcurrent
relays (inverse characteristics) are not amenable to simple mathematical analysis. The first
static relays developed were the high speed differential relays and the distance relays. Although
the static overcurrent relays are complicated in circuit constructions they have the advantages
of low CT burden and occupy less space on the relay panel as compared to the electromechanical
relays.

Instantaneous Overcurrent Relays: Figs. 14.106 (a), (b) and (c) indicate the basic circuit
of the relay, the block diagram of the modified version of the relay and detailed circuit of the
relay respectively.

As shown in Fig. 14.106 (a), the auxiliary transformer is fed from the main current
transformer. The auxiliary transformer or the transactor gives an output voltage proportional
to the fault current. The filter circuit R1C1 protects the bridge circuit from transient overvoltages.
R2C2 is a filter circuit to smooth out the output from the bridge circuit. Th is a thermistor to
give temperature compensation to the transistor T1, P is the potentiometer for selecting different
pick up values. D is the diode to protect the output transistor T2 from high reverse voltages
induced when the inductive output circuit (relay trip coil TR) is opened. Initially the transistors
T1 and T2 are not conducting. Whenever a short circuit takes place, a voltage proportional to
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short circuit current develops across R2C2 and hence between the base and emitter terminals
of T1. Whenever the base voltage of T1 exceeds the pick up value set by the potentiometer P,
the transistor T1 conducts which in turn conducts T2 the output transistor. Thus, the trip coil
of the breaker is energized. The pick up value of the  relay is adjusted both by the tap position
of the transactor and the potentiometer P. Refer to Fig. 14.106 (b) for the block diagram of the
modified version of the instantaneous overcurrent relay. The current proportional to the fault
current is fed to the transactor which has an output proportional to this current. This voltage
is rectified and partially filtered so as to provide high speed of operation (filtering provides
inherent time delay). The partially filtered voltage is limited by a limiter (zener diode) and is
then compared against a preset pick up value (again a zener diode) and if it exceeds it, a signal
is given to the output transistor through an amplifier. The output transistor conducts and the
breaker trip coil is energized.
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The operation of the modified version of the relay is explained as follows. Refer to
Fig. 14.106 (c). The current proportional to the fault current is fed to the transactor which has
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an output proportional to this current. R1C1 protects the bridge circuit from transient
overvoltages. The output voltage from the transactor is rectified and smoothed partially. The

zener diode ZD1  acts as a limiter of the rectified voltage to safe value even though the fault

current is very high. A fixed portion of the rectified voltage through a potential divider is
compared against the breakdown voltage of another zener diode ZD2

. When the rectified voltage

is greater than the reference voltage, the transistor T2 conducts through T1 – R2  and the trip
relay is energized which operates the breaker.

Definite Time Overcurrent Relay: Fig. 14.107 shows the detailed circuit for the definite
time overcurrent relay. The time of operation of a definite time overcurrent relay is constant
and does not depend upon the severity of fault. The function of the input current is only to
initiate the charging of a capacitor and thereafter the circuit acts by itself till the breaker is
tripped.

R1

P1

+Vc
R3R2

R4
R5 R6

P2 TR

T3

T2
CT1
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The operation of the relay with reference to Fig. 14.107 is explained as follows; P1 is the
potentiometer to adjust the pick up value of the relay and P2 to adjust the operating time of the
relay.

Under normal conditions the transistor T1 is conducting due to the bias applied from
the supply voltage Vc through resistor R3; thereby the capacitor C is short-circuited. Whenever
fault current exceeds the pick up value set by the potentiometer P1, the rectified voltage is
applied to the base emitter junction of T1 through resistance R2 which thereby is reverse-
biased and, therefore, T1 is switched off. The capacitor C starts charging from the supply
voltage Vc through resistance R4. Since the supply voltage is of constant magnitude (independent
of the fault current), the capacitor C is charged through R4 to a certain voltage in a fixed
(definite) time which exceeds the emitter setting of transistor T2 fixed by the potentiometer P2.
T2 starts conducting which forces T3 also to conduct, thereby the trip coil of the breaker is
energized and the breaker operates. When healthy conditions are restored the transistor T1
starts conducting, thus short-circuiting the capacitor C and the relay is reset.

Inverse Time-current Relay: Whereas the input current, in case of definite overcurrent
relay controls only the pick up level, in case of inverse time overcurrent relay the input current
controls not only the pick up level but also the charging voltage level of the capacitor so that
the time of operation depends on the level input current. Fig. 14.108 shows the circuit for an
inverse time-overcurrent relay. Under normal conditions the transistor T1 is conducting due
to the bias applied from the supply voltage Vc, through resistor R4 and P2; thereby the capacitor
C is short-circuited. Whenever fault current exceeds the pick up value set by the potentiometer
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P2 and the transactor tap setting, the transistor T1 is switched off. The capacitor C starts
charging from the input current through the resistor R3 and potentiometer P1 by the voltage
developed across the resistor R1. It is to be seen that the basic difference between definite time
overcurrent relay and the inverse time-overcurrent relay lies in the source of charging the
capacitor. Whereas in case of definite time-overcurrent relay, the charging  takes place through
a source of constant magnitude and hence the capacitor requires a definite time to charge to a
predetermined voltage level, in case of inverse time-overcurrent relay the charging takes place
through a source of variable voltage magnitude (depending upon the severity of fault, the
more severe a fault is, the more will be the voltage across R1 and less the time for charging
capacitor C to a predetermined voltage level) and hence  capacitor gets charged in different
times. When the voltage across the capacitor exceeds the value set by the potentiometer P3,
transistor T2 conducts and thus forces output transistor T3 to conduct which in turn energizes
the trip coil of the breaker and the breaker operates. In this circuit the time multiplier setting
is determined by the potentiometers P1 and P3 and plug setting multiplier is determined by
the tap position of the transactor and the potentiometer P2.

R1

R2

R3 P1

C

Auxiliary
transformer

T1

R5

R4 R6 R7

P2

P3

+Vc

T3

T2

������������ ��)����	 ����/�������	 ����,�

Directional Relay

The induction cup type of electromagnetic relays even though are very sensitive have dead
zone in their operation. In static directional relays this problem is less serious because static
comparators are inherently very  sensitive and it is possible to make directional unit reliable
down to 1% of system voltage which is well within the minimum fault voltage.

There are two types of comparators used for the purpose. One of these is the Hall effect
generator which normally is used by Russian engineers whereas in European countries the
rectifier bridge type of comparator is used and it is this comparator which is described below
for directional relay.

Rectifier Bridge Phase Comparator: This comparator has already been described in section
14.15 of this chapter. The unit has a maximum output angle near unity p.f. so that for phase
faults when quadrature connections (90° connection) are made, the current in the potential
circuit must be shifted forward 30° by an RC circuit as shown in Fig. 14.109. For ground fault
the current in the potential circuit is made to lag by 45° using an R-L circuit. The maximum
output phase angle is adjusted with the help of variable resistor.
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V

I
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capacitor

Limiter

C
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Differential Protection

The basic differential scheme is given in Fig. 14.110.

Equipment

Operating Restraining

�����������������	&�  ��������	 ����,�

The relay operates when

K1n0I0 > K2nrIr + K′
where n0 and nr are the number of turns in the operating and restraining coils respectively
and K1 and K2 are the design constants and K′ the spring control torque.

At the threshold of operation K′ = K1n0I0 min.

Now equation under threshold condition becomes

K1n0I0 = K2nrIr + K1n0I0 min

or        I0 = 
K n
K n

Ir
r

2

1 0
 + I0 min  = K3Ir  + I0 min
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This is an equation to a straight line of the form y = mx + c, the intercept c = I0 min and
the slope m = K3. The characteristic is drawn in Fig. 14.111.

tan = K� 3
Imin

I0

Ir

������������
���������	������������	 �����	���������������

Rectifier bridge amplitude comparator is most widely used as a static element for
comparing the magnitude of currents or voltages for the differential scheme. Fig. 14.112 (a) is
a block diagram representation of Fig. 14.112 (b), where inputs P and Q to the comparator are
the sum and difference of the currents or voltages to be compared, the output from the
comparator is amplified and used to operate the relay. The figure gives a typical circuit for the
amplifier used.

P QComparator

Amplifier

Trip Indication
(a)

T1

Input
from the

comparator

T2
T3

+

Output to
trip device

(b)
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(
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The single phase circuit using rectifier bridge corresponding to the block diagram of
Fig. 14.112 (a) is given in Fig. 14.113.
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Here ZD the zener diode is used for limiting the output voltage from the difference CT
Figs. 14.114 (a) and (b) give a scheme for polyphase application. In scheme (a) the voltage
outputs are utilized from the rectifier bridges whereas in scheme (b) current outputs are utilized.
Here also in both the cases the zener diode ZD limits the output from the difference current
transformers. The voltage outputs from the restraining (sum of currents) and operating
(difference of currents) circuits are the maximum values from the three phases; therefore, the
tripping signal is automatically derived from the faulted phase and the restraining signal is
based on the through current in the sound phases.

ZD

A B C A B C

RestrainingOperating

Output(a)

R

R Y B R Y B

Sum CTsDifferential CTs

TRIP

(b)

ZD BLOCK

������������
"��&����	������������	 &�"�����"�+

�� 	,"�����	�"$&����"�%	���	�� 	�'�����	�"$&����"��
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Static Distance Relays

Static distance relays since do not have moving parts, they operate much faster and without
fear of incorrect tripping as compared to electromagnetic relays. With semiconductor devices
it is possible to obtain other distance characteristics than the traditional ones. Static distance
relays are accurate over a wider range of fault currents and line lengths and require much
lower burden as compared to their counterparts in electromechanical relays.

In a static distance relay the two input quantities must be similar, e.g., two voltages or
two currents because they are not electrically separate as they are in case of an electro-
mechanical relay, e.g., in an impedance relay magnets are energized by voltage and currents
and since the net effect required is a force on a moving mechanism, it can be equally obtained
either by a voltage or a current which is not true in case of static devices. Whenever two inputs
are compared in a static device circular or straight line distance characteristics are obtained.
With more than two inputs more complex characteristics can be obtained. In a current
comparator current is obtained from the voltage by connecting an impedance Zr ∠ θ in series
with it. Zr ∠ θ is the design impedance or a replica of the impedance of the line to be protected
when referred to the secondary side of the CT. With this, if the line voltage is V and line
current is I, then the current V/Zr is compared with I. Similarly, in a voltage comparator, the
current is turned into a voltage by passing it through the replica impedance Zr and the drop
IZr is compared with the line voltage V. Sometimes it may be convenient to compare the two
voltages V and IZr in a current comparator which is done by connecting resistance in series
with each voltage. Fig. 14.115 shows the arrangement of inputs for two-input comparators: (i)
with current inputs. and (ii) with voltage inputs.

Current
comparator

(a)

Aux CT Aux CT

K1I K3I

K2
V
Zr

K4
V
Zr

(b)

K V3

Voltage
comparator

K Z4 rIK Z2 rI

K V1

����������
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It is to be noted that if there are any transients in the primary current, the same will be
reflected in both V and IZr and cancel out their (transient) effects on the impedance
measurement. Therefore, the concept or use of replica impedance is not only convenient but
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permits fast tripping also as it eliminates error due to transients in the fault current. A simplified
static impedance relay circuit is shown in Fig. 14.116.

V

Output
to

integrator

I
Zr

�������������$&������	 �$&������	 ������

The main problem in the impedance relay is to smooth out one of the inputs so that the
pick-up does not vary from zero to infinity during the cycle as first the voltage and then the
current passes through zero. Normally, the voltage is smoothed as it is easier to do so as
compared to the current and this is done by a phase-splitting circuit as described in preceding
section (14.15).

Distance Relay Characteristics
These characteristics as we know are normally plotted on an R-X diagram but it is sometimes
convenient to plot them on G-B diagram as well.

We will discuss here again the characteristics in respect of (i) directional, (ii) impedance
(iii) angle impedance (iv) reactance (v) mho relays and the following points should be borne in
mind:

1. When only single term quantities are compared corresponding to the current and
voltage of the circuit to be protected the characteristic will either be a straight line passing
through the origin or a circle with its centre at the origin depending on whether it is a phase or
amplitude comparison and whether the characteristic is plotted on impedance or admittance
diagram.

2. If one quantity is compared with the sum or the difference of the two quantities, the
circle passes through the origin and the straight line is off-set from the origin. The directional
relay is a mathematical dual of impedance relay. We now derive the characteristics of various
relays including those of directional relay.

(i) Directional Relay: Phase Comparison: Directional relay is basically a phase compara-
tor which compares the phase relation between V and I and as long as the phase relation – 90°
≤ θ ≤ 90° is satisfied the relay operates. The inputs in case of static directional relay are V and
IZr and the characteristic is

Z . Zr cos (φ – θ) ≥ 0.

Since Z and Zr cannot be zero,

∴ cos (φ – θ) ≥ 0 or φ – θ = ± π/2
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Amplitude Comparison: The inputs for amplitude comparison will be

| V + IZr | and | V – IZr |

For operation of the relay

| (V + IZr) | > | (V – IZr) |

or | Z + Zr | > | Z – Zr |

and for no operation | Z + Zr | < | Z – Zr |.

This characteristic is similar to the one given in Fig. 14.117 when phase comparison is
made.

�

�

Op.

R

Block Z

X

Zr

������������3������"���	 �����	���������������

(ii) Impedance Relay: Amplitude comparison: Impedance relay is inherently an amplitude
comparator and the inputs for an electromechanical impedance relay are V and I whereas for
a static relay these inputs are IZr and V.

For relay to operate,

| IZr | > | V |

or | Z | < | Zr | or R + jX < Zr

For threshold condition R + jX = Zr, which is an equation to a circle on an R-X diagram.

Zr

X

R

(a) (b)

X

Z – Zr

�

�

Zr

Z
(Z + Z )r

R
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The circle has a centre at the origin and radius is Zr. The characteristic is shown in
Fig. 14.118 (a).

Phase comparison: The inputs are (V + IZr) and (V – IZr). The characteristic is shown in
Fig. 14.118 (b). It can be seen that as long as Z lies along the circumference of circle with
radius Zr, the two quantities (Z + Zr) and (Z – Zr) make angle of ± 90°. This gives the same
characteristic as in Fig. 14.118 (a).

(iii) Angle Impedance Relay: Amplitude comparison: The two input quantities are (2IZr –
V) and V, and for the relay to operate

| 2Zr – Z | > | Z |

The characteristic is shown in Fig. 14.119 (a).

2Z – Zr

Block
Zr

Z

R

Trip

X

(a) (b)

(Z – Z)r
Zr

Block

Trip

Z

X
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Phase Comparison: For phase comparison the inputs are (IZr – V) and IZr and for relay
to operate the angle between (Zr – Z) and Zr should lie within ± 90°. It can be seen that the
characteristic is a straight line normal to Zr. As long as Z lies below the line (Fig. 14.119 (b))
the angle between (Zr – Z) and Z does not go beyond the limits ± 90°.

�

�

ZZr

X
� �2X – Zr

2Xr

X

R

�

�

Z

R

X

�

Zr

(a) (b)
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(iv) Reactance Relay: Amplitude comparison: This relay is a particular case of an angle
impedance relay in which the reactance component of the impedance is measured and, therefore,
the characteristic should satisfy the condition | 2Xr – Z | > | Z |.
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The two inputs to the comparator are V and (2IZr – 2IRr – V), where Rr is made equal to
the resistance of Zr, thus leaving only its reactive component Xr.

Phase Comparison: The two inputs are IZr and (IZr – V) as in angle impedance relay.
Fig. 14.120 (b) shows the relay trips when Z is below the characteristic i.e., when (ψ + θ) < 180°.
If Z were purely reactive ψ would be 90° under threshold condition and the relay would trip
when Z sin φ < Xr on the impedance diagram.

(v) Mho or Angle Admittance Relay: On an admittance diagram this is a straight line
characteristic offset from the origin whereas on an impedance diagram it is a circle passing
through the origin. This is the inverse of the angle impedance relay. The two relays are dual of
each other. The equation of one type on an impedance diagram corresponds to the equation of
other type on admittance diagram and vice-versa.

(vi) Amplitude Comparison: The two input quantities are | IZr | and | 2V – IZr |. The
relay operates when | 2Z – Zr | < | Zr |. The characteristic is shown in Fig. 14.121. Since Zr is
the diameter of the circle, the relay will operate as long as the fault impedance Z lies within
the circle.

Trip

Block

2Z – Zr

�
�

�

Z

Zr

��������������"	�����	���������������

Phase Comparison: The two inputs are | IZr – V | and V and the relay trips when the
phase angle between them is less than 90° i.e., when 90° > ψ > – 90°.

Since mho relay is inherently a directional relay, phase comparator is the more convenient
construction.

The following tables summarize the voltage and current inputs to static distance relays.

Amplitude comparator Phase comparator

Operate Restrain Operate Polarize

Voltage inputs to static distance relay

Directional V + IZr V – IZr IZr V

Impedance IZr V IZr – V IZr + V

Characteristic
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Z1

Z2

ZL

X

R

Angle impedance (ohm) 2IZr – V V IZr – V IZr

Reactance relay 2IZr – 2IRr – V V IZr – V IZr

Angle admittance (mho) IZr 2V – IZr IZr – V V

Current inputs to static distance relay

Directional I + VYr VYr – I I VYr

Impedance I VYr I + VYr I – VYr

Angle impedance 2I – VYr VYr I I – VYr

Reactance 2I – 2IRrYr – VYr VYr I I – VYr

Angle admittance I 2VYr – I I – VYr VYr

Conic Characteristics: We have studied in section 14.10, that during power swings there
is a possibility of maloperation of the relays having circular or straight line characteristics
which could be avoided by using a relay with elliptic characteristics. This characteristic is
achieved by a three-input amplitude comparator or by hybrid comparator. The basic circuit for
three-input comparator is shown in Fig. 14.122.

A B C

R

�����������	 �����/��&'�	 �$&���'��	�"$&����"��

The three-inputs A, B and C are

A = 
V

Z Z
I

Z
Z Z

r

1 2

1

1 2+
−

+

B = 
V

Z Z
I

Z
Z Z

r

1 2

2

1 2+
−

+
C = I

where Z1 and Z2 are the design impedances, I the fault
current and Vr the voltage at the relay point during fault.

If Z1 and Z2 represent the vectors, the tips of which
coincide with the foci of the ellipse drawn on complex
plane and if the characteristic passes through the origin,
then from Fig. 14.123,

| ZL – Z1 | + | ZL – Z2 | = | Z1 + Z2 |
����������		����&�����	 ���������������
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Multiplying the above equation by I, we obtain

| IZL – IZ1 | + | IZL – IZ2 | = | IZ1 + IZ2 |

Now since IZL = Vr, we can write

   | Vr – IZ1 | + | Vr – IZ2 | = | I(Z1  + Z2) |

Dividing throughout by | Z1 + Z2 |, we get

V
Z Z

I
Z

Z Z
V

Z Z
I

Z
Z Z

r r

1 2

1

1 2 1 2

2

1 2+
−

+
+

+
−

+
 = | I |

This equation represents the operating characteristic of an elliptic relay.

Quadrilateral Characteristic: The characteristic can be obtained by using four relays
having straight line characteristics. One of the static arrangements for such a characteristic is
by using multi-input comparator.

The four inputs required for a quadrilateral characteristic are

S1 = Z1I ∠ (θ1 – φ) – K1 ∠ α1 . V

S2 = Z2I ∠ (θ2 – φ)

S3 = Z3I ∠ (θ3 – φ)

and S4 = K4 ∠ α4 . V

where V is the line voltage, I the line current, φ the angle between V and I and θ1, θ2 and θ3 are
the phase angles of the impedances Z1, Z2 and Z3 respectively which are connected in the
current circuit, α1 and α4 are the phase shifts of the voltage where required for locating the
impedance characteristic.

To enclose the fault area, let

Z2 = Xr, Z3 = Rr, Z1 = Rr + jXr = Zr

and let α1 = α4 = 0 and K1 = K4 = 1

the above inputs become

S1 = IZr – V, S2 = IXr, S3 = IRr and S4 = V

This gives a composite impedance characteristic as shown in Fig. 14.124 (g). The mho
circle caused by the intersection of S1 and S2 will not interfere with the rectangular tripping
area if Zr = Rr + jXr because the circle of diameter Zr goes through the corners of the rectangle
bounded by Rr and Xr.

Tripping occurs if all the equations resulting from comparison of all the inputs in pairs
are simultaneously satisfied for the length of time set by the delay unit. The rectangle can be
rotated through an angle α in the leading direction by phase shifting V or I.

AND Delay AND Trip

IZ – V

IXr

IRr

V

(a)
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(c) (d)

X

R

(e)
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With increase in interconnection of power system components, larger sizes of alternators and
higher capacity (Higher voltage) transmission lines it has become almost essential to operate
the protective relays and CBS as fast as possible to improve the transient stability of power
system.

As the transmission operating voltage increases the X/R ratio also increases e.g., for
500 kV line it is 20 and for 765 kV lines it is 27 (Table 21.1). Also for large size alternators the
ratio X/R >> 1. (We know that larger the X/R ratio of a circuit the longer is the duration of
transients in the circuit, whenever a switching operation in the form of a fault or a sudden
increase of load takes place.)

The transients consist of a large number of harmonic currents and voltages besides the
d.c. component. For protective relaying purposes, since it is the fundamental component of
current and voltage that is required, which should be extracted from the transients. Earlier
analog filters were used which have an inherent large time delays. Digital filters play an
important role  in extracting the fundamental components from the transient in about half a
cycle. For this reason the digital protection relaying schemes have been developed which are
fast in operation and have a higher index of reliability.

With the advent of microprocessors, minicomputers and now PC, protective relaying
schemes have been developed using on line these devices. The use of these devices has resulted
in several advantages such as low burden, faster in operation, low maintenance and not affected
by external causes such as vibrations or mechanical shocks. The other advantages are :

1. Flexibility : With the same hardware or slight modifications in the hardware, a variety
of protection functions viz. Various distance relay characteristics (ohm, mho, quadrilateral,
parabolic etc.) can be obtained with suitable changes in the software.
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2. Lower Cost: With advancement in technology and higher level of competition in the
manufacture of hardware and software, will bring down the cost of these protective schemes.

3. Self Checking Capability: With the proper software control, most of the hardware
faults can be diagnosed and properly checked.

4. Digital Communication: The microprocessor based relay furnishes easy interface with
digital communication equipments.

We will consider here briefly the digital protection of three major and important
components of power system, the transmission lines, the generator and the power transformers.

�������������� ����!�����"�

In digital distance relaying scheme, the line current and voltage are continuously monitored
by CT and PT respectively. In case of a fault, the digital filter eliminates the higher harmonics
and d.c. components and only fundamental component of voltage and current are filtered out
which are used to determine the line impedance up to the point of fault.

If R and L are the resistance and inductance of the line from the fault to the relay point
and v and i the relay voltage and current respectively then

v = Ri + L 
di
dt

(14.21)

The impedance of the line can be calculated by

(i) Predictive calculation of apparent impedance and

(ii) Solution of difference equations methods.

Without going through the mathematical aspect, the results are given as follows :

(i) Predictive calculation

Z = 
V

I
m

m

2

2

1/2
�

��
�

��
 and impedance angle

θ = tan–1 
ω ωv
v

i
i′

�
��
�
��

−
′

�
��
�
��

−tan 1 (14.22)

where ω is fundamental angular frequency v and v′ are the instantaneous voltage and its
derivative respectively.

(ii) Solution of difference equations:

R = 
( )( ) ( )( )

( )( ) ( )( )

V V i i V V i i

i i i i i i i i
k k k k k k k k

k k k k k k k k

− − − − + −

− − − − − −

+ − − + −
+ − − + −

1 1 2 1 2 1

1 1 2 1 2 1

and L = 
h V V i i V V i i

i i i i i i i i
k k k k k k k k

k k k k k k k k2
1 2 1 1 1 2

1 1 2 1 2 1

( )( ) ( )( )

( )( ) ( )( )
− − − − − −

− − − − + −

+ + − + +
+ − − + −

(14.23)

where h is the time interval between two successive samples and suffix k indicates the value of
V or i during kth interval.

In the software design of the logic the data acquisition system (DAS) simultaneously
samples the filtered voltages and currents of the protected line and by the interface system
these sampled values are stored in the memory of the work station. After a sample sweep, the
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voltage and current are compared with its corresponding samples in the previous 50 Hz cycle
stored in the microprocessor memory. If any five consecutive samples of current or voltage are

found to be more or less than a predetermined set value (i.e., 6.25% = 
1

16
1

24=  shifting of the

bits), a significant disturbance in the system is assumed to have taken place. When the
microprocessor detects such a disturbance, it disables the interrupt, determines the peak values
of voltages and currents of fundamental frequency and calculates the impedance of the line
from the relay point to the fault point both in its magnitude and phase angle using the equation
(14.22) or calculates R and L using the equations (14.23). If the fault impedance lies within the
requisite R – X characteristic which is stored in the EPROM, the relay operates and finally it
sends tripping signal to the circuit breaker.

Hardware Design : Fig. 14.125 shows a simplified diagram of the microprocessor based
distance relay. The data acquisition is carried out after removing all the higher harmonics and
d.c. transient by Butterworth active band pass (48–52 Hz) filter. The band pass filter output is
converted into digital signals by the sample and hold circuit using A/D converter and these
signals are fed into the input ports of the microprocessor. The sampling interval of the digital
signals is set by a timer which is also controlled by the same microprocessor. The work station
which is used for this realisation is an Intel 8086 A based system.

Work
station

Voltage
signal from

X-mission line

Current
signal from

transmission line

R
A
M

R
O
M

CPU

Decoder Trip CKT

ADC MultiplexerI/O port

ROM Timer

S/H

S/H
Active
BPF

Active
BP filter

Transactor

PT

CT
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In the sample and hold circuit, the samples are taken at an interval of 0.5 m sec. to

obtain 40 samples 
1000

50
40

×
=

�
��

�
��0.5

 per cycle. For this 8253 programmable timer is used. The

sample and hold operation is carried out using NE5537 chip which operates from ±5 V to ±18 V
supplies. For A to D conversion CMOS eight channel analog multiplexer IC 4051 is used. The
enabling of the multiplexer is done by the INTEL 8255 PPI port as shown in Fig. 14.126.
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AD 7574 IC is selected as analog to digital converter which is a CMOS microprocessor
compatible 8-bit ADC and uses the successive approximation technique to provide a conver-
sion time of 15 µ sec. AD 7574 is designed to operate as a memory-mapped impact device and
can be interfaced like static RAM, ROM or slow memory. Here it is operated in bipolar opera-
tion –10 V to +10 V in slow memory mode.

The tripping circuit consists of LEDs and an open collector NAND gates. These gates
are used to indicate the occurrence of faults in different zones. The unused lines of port A
(8255 A) are used to give the trip command to operate a circuit breaker possibly through an
SCR or some other triggering device.

����������"�"��#!����!#"$#�!�

The percentage differential protection using electromechanical relays has already been discussed
in article 14.8. For the relay to operate for an internal fault.

(i1 – i2)n0 ≥ ( )i i nr1 2

2
+

where i1 is the current entering the stator winding and i2 the current leaving the stator winding,
n0 is the number of turns of the operating coil and nr the turns of the restraining coil of the

relay. The ratio 
n
n

r

0
 = S is known as bias setting and lies within 5 to 10%.

The current i1 and i2 are converted into voltages using transactor and these voltages are
selected one by one by multiplexer and sampled. A/D converter digitises these samples and
with the help of digital filters, harmonics and d.c. components are filtered out and only r.m.s.
values of digital samples (I1 – I2) and (I1 + I2)/2 are stored in the memory of microprocessor.
Whenever r.m.s. value of (I1 – I2) exceeds S times the r.m.s. value of (I1 + I2)/2 trip signal is
given and the breaker operates.

Another scheme using second harmonic currents induced in the field winding during
fault is suggested here. We know that for any unbalanced faults negative sequence currents
flow in the stator winding which gives rise to rotating magnetic field with relative velocity 2ns
with respect to field winding.

www.EngineeringBooksPdf.com



D-8\N-SYSTEM1\SYS14-5.PM6.5


�������)�	����� �*0

As a result second harmonic currents are induced in the field winding. The presence of
second harmonic component in the field circuit more than 0.2 p.u. is an indication of abnormality
or fault in the stator circuit or external to the stator circuit. In order to ensure that the fault is
internal a reverse power relay is used which shows the direction of current or power flow at
the stator terminals. If the second harmonic current in the field winding exceed 0.2 p.u. and if
the reverse power relay operates which suggests that there is a severe internal fault in the
stator winding for which the relay gives trip signal to the CB.

Figure 14.127 shows the scheme for segregating the sequence currents from the phase
fault currents. Once the sequence currents are obtain following logic is used to fix up the type
of fault:

(i) If there is only positive sequence current and negative and zero sequence currents
are absent it is a 3-φ fault or 3-φ to ground fault.

(ii) If all the three sequence are present and all are equal it is a L-G fault.

(iii) If all the three sequence currents are present and if | | | ( )|I I Ia a a1 2 0
= − +  it is a LLG

fault.

(iv) If zero sequence is absent and positive and negative sequence currents are equal in
magnitude it is a L-L fault.

�

Delay
T/3

Delay
T/3

Delay
T/3

Delay
T/3

�

�Ic

Ib

Ia

Ia2

Ia1

Ia0

50 Hz band pass filter
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The relay is realised by using 8085 or 8086 microprocessor. Samples are taken at an
interval of 2.5 mS (8 samples per cycle) to make the relay fairly fast. Sampling of positive and
negative sequence currents in the armature and field circuit is carried out simultaneously
which are then converted into the digital form using A/D converter and fed to the input port of
the microprocessor. The sampling interval is set by the timer which is also controlled by the
microprocessor.

The hardware consists of Data Aquisition System (DAS) and interface with the work
station. The DAS consists of an analog multiplexer and A/D converter. The sampling is achieved
by a 8252 programmable timer, the output of which is fed to the interrupt RST 7.5.

Selection of sequence currents in the armature and field circuit for input to ADC is
carried out through an analog multiplexer CD 4052 BM. The select input of this multiplexer is
driven by two lower bits of upper half of output port C of 8255 A device. The start of conversion
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(SOC) is generated using the most significant bit of port C is 8255 A and is driven to ADC 570.
The ADC converts the currents one by one. The trip signal is the output from port B of 8255 A
which has been programmed in mode D and the type of fault is indicated on the screen.

������	�������%!� "����!#"$#�!�

Figure 14.51 shows a harmonic restraint percentage differential relay to avoid the operation of
the relay at the time of energization of the transformer when the secondary of the transformer
is open. Under this condition, the transformer draws a very large current of the order of 6 to 8
times the normal full load current; of course for a short duration (1 to 2 sec.) which may appear
to be an internal short circuit fault: As this in-rush current is rich in second harmonic and this
is fed into the restraining coil of the relay and the relay is so adjusted that it will not operate
when the second harmonic current exceeds 15% of the fundamental current.

Similarly there could be in rush current in the primary of the transformer whenever
there are overvoltages in the system due to either Ferranti effect or load rejection. This in rush
current is rich in odd harmonics especially third and fifth harmonics. Since the transformer
usually has delta connection, the third harmonic currents circulate within the delta winding
and hence are absent in the line of the system and is, therefore, difficult to monitor. Hence,
fifth harmonic component of current is monitored to avoid maloperation of the percentage
differential relay. It is estimated that whenever fifth harmonic current exceeds 8% of the full
load current, the relay should be restrained from operation.

For filtering out the 2nd and 5th harmonic components digital filters are used because
of their inherent advantages of high accuracy, high reliability, greater flexibility, performance
not attacked by ageing of components etc.

Various digital filters have been designed. Walsh Transform based filter is normally
used for protective relaying purpose, because of its faster response as compared to other filters
and for protective relay fast and reliable filters are a must. We will not go into the details of
various digital filters as it is out of the scope of the book, the readers can refer to some of the
references given at the end of the chapter. However, we define here walsh transform as follows:

Any given continuous function periodic with a time period T = 1 can be synthesised from
a Walsh series, is given by

f(t) = W W l n tn a
n

( , )
=

∞

∑
0

(14.24)

where Wn = 
0

1

� f t W l n ta( ) ( , ) (14.25)

If, however, a function f(t) is specified by N samples (X1, X2, ..., XN) during a time period,
we cannot use walsh series for it. But we can define the discrete Walsh transform and its
inverse from equations (14.24) and (14.25) as

Xn = 
1

0

1

N
W W l n k Nk a

k

N

=

−

∑ ( , / ) (14.26)

where Wk = X W l n k Nn a
k

N

=

−

∑
0

1

( , / ) (14.27)

for k, n = 0, 1, 2, ..., N – 1
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The settling time of the filter is less than 20 mS.

Principle of Operation of Relay: The currents I1 and I2 from the CT secondaries are
converted into proportional voltages using air cored transformer i.e., transactors. These are
then selected one by one with the help of multiplexer and sampled. According to sampling
theorem the sampling frequency must be at least equal to twice the highest frequency that is
to be detected by sampling process. In the present scheme 16 samples per cycle is chosen in
order that filter harmonic component is also evaluated without causing more attenuation and
distortion.

We know that for percentage relay to operate

| I1 – I2 |1 ≥ S 
I I1 2

12
+

(14.28)

Where I1 and I2 are fundamental components of currents. Here subscript 1 to the
magnitude of currents represents fundamental component. If we consider the magnetising in
rush current due to switching in of an unloaded power transformer (rich in 2nd harmonic) and
in rush current due to over voltages rich in 5th harmonic, we have the final tripping criterion
as

| I1 – I2 |1 ≥ S 
I I1 2

12
+

and the final blocking criterion

| I1 – I2 |2 ≥ 0.15 | I1 – I2 |1 (14.29)

| I1 – I2 |5 ≥ 0.08 | I1 – I2 |1 (14.30)

Here S is a bias factor which varies between 0.1 to 0.4 for power transformer. The above
tripping criterion makes the relay in rush current proof. The procedure is summarised as
follows:

(a) Obtain samples of I1 and I2, convert them to digital signals and construct

| I1 – I2 | and
I I1 2

2
+

(b) Extract the r.m.s. values of

| I1 – I2 |1, | I1 – I2 |2, | I1 – I2 |5 and 
I I1 2

12
+

(c) If the r.m.s. value of 2nd harmonic current is greater than 15% of the fundamental
current or if the r.m.s. value of 5th harmonic current is greater than 8% of the r.m.s. value of
the fundamental current (Equations 14.29 and 14.30) the relay is restrained to operate. However,
if it is a normal internal fault then the r.m.s. value of operating current | I1 – I2 | is greater
than the r.m.s. value of restraining current multiplied by bias setting i.e.,

| I1 – I2 | > S 
I I1 2

2
+

the relay operates. The relaying schemes are shown in Fig. 14.128 and Fig. 14.129.
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Hardware and Software Used : The relay is realised using intel 8086 system. Fig. 14.128
and Fig. 14.129 show the simplified diagram of the hardware. Data Aquisition System (DAS)
has 4 Channel analog multiplexer (CD 4052 BM) and A/D converter AD 570. Three primary
and three secondary currents of the power transformer are obtained through CT secondaries
and are converted into proportional voltage using transactors. These six voltage signals are
fed to the multiplexer. These analog signals from the multiplexer reach the A/D converter
which converts analog signals into an equivalent 12-bit digital signals. The A/D converter is
connected in bipolar mode (± 5 V) to read both the positive and negative values of the analog
signal and gives minimum conversion time of about 3 µ sec. A start of conversion (SOC) pulse
is generated by timer (8253) and starts the conversion at it’s falling edge. The 12-bit output is
read by software through port B and C (lower) of PPI 8255 and is stored in the memory buffer
for processing.

The input/output interface, a link between external circuit and the microprocessor
consists of programmable interrupt controller (PIC 8259), a programmable peripheral interface
(PPI 8255) and a programmable interval timer (PIT 8253).

www.EngineeringBooksPdf.com



D-8\N-SYSTEM1\SYS14-5.PM6.5


�������)�	����� �-6

The microprocessor used is a 16 bit Intel 8086 Vinytics kit which is connected to PC-XT
through a serial interface using RS-232 connector. The kit and PC are interfaced by a software
package called PC-KIT. The software enables easy development of assembly language program
on the PC using Microsoft Assembler and executing the code after downloading it into the kit
i.e., it provides an interactive environment for the kit through PC-XT. The relaying scheme is
shown in Fig. 14.129.
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A fuse is a small piece of wire connected in between two terminals mounted on insulated base
and is connected in series with the circuit. The fuse is perhaps the cheapest and simplest form
of protection and is used for protecting low voltage equipments  against overloads and/or short
circuits. The fuse is expected to carry the normal working current safely without overheating
and during overloads or short circuits it gets heated up to melting point rapidly. The materials
used normally are tin, lead, silver, zinc, aluminium, copper etc. For small values of currents an
alloy of lead and tin in the ratio of 37 per cent and 63 per cent respectively is used. For currents
more than 15 amperes this alloy is not used as the diameter of the wire will be large and after
fusing, the metal released will be excessive. Silver is found to be quite satisfactory as a fuse
material because it is not subjected to oxidation and its oxide is unstable. The only drawback is
that it is a relatively costlier material. Therefore, for low range current circuits either lead-tin
alloy or copper is used.

Definition

Fuse: Fuse is a device used in circuit for protecting electrical equipments against overloads
and/or short circuits.

Fuse element or Fuse Wire: It is that part of the fuse device which melts when an excessive
current flows in the circuit and thus isolates the faulty device from the supply circuit.

Minimum Fusing Current: Minimum fusing current is a value corresponding to operation
in an arbitrary time obtained under prescribed test conditions. Alternatively, it is a value of
current corresponding to a chosen value of time indicated on a time/current curve which is
itself obtained from prescribed testing condition.

Fuse Rating: It is that value of current which when flows through the element, does not
melt it. This value of the fuse is less than the minimum fusing current.

Fusing Factor: This is the ratio of minimum fusing current to the current rating of
fusing element, i.e.,

Fusing factor = 
Minimum fusing current

Fuse rating
The fusing factor is always greater than unity.

Prospective Current: It is defined as the r.m.s. value of current which would flow in a
circuit immediately following the fuse when a short circuit occurs assuming that the fuse has
been replaced by a link of negligible resistance.

Melting Time or Pre-arcing Time: The time taken from the instant the current that
causes a break in the fuse wire starts flowing, to the instant the arc is initiated.
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Arcing Time: The time taken from the instant of arc initiation to the instant of arc being
extinguished.

Total Operating Time: It is the sum of the pre-arcing and the arcing time. The most
commonly used fuse in ‘house wiring’ and small current circuits is the semi-enclosed or rewirable
fuse. Whenever the fuse wire blows off due to overload or short-circuit, the fuse carrier can be
pulled out, the new wire can be placed and the supply can be restored. This looks simple and is
really very simple only if the wire is replaced by the correct size. For a layman this may prove
dangerous if he replaces the fuse wire by some copper wire not to the specification and there is
a possibility of burning the equipment. Besides, the fuse wire, since is exposed to atmosphere,
it is affected by ambient temperature. The time-current characteristics of such fuse get
deteriorated with time and hence are not reliable for discrimination purposes. These fuses are,
therefore, mainly used for domestic and lighting loads. For all important and costly equipments
operating at low voltages (up to 33 kV) another class of fuse is used which is known as cartridge
fuse. These are described below. When the HRC (High Rupturing Capacity) cartridge fuse link
was first introduced, it was designed to satisfy two important requirements. The first was to
cope up with the increasing rupturing capacity on the supply system and the second was non-
deterioration to overcome the serious disadvantages suffered by the types of semi-enclosed
fuses.

Construction of HRC Fuse

The HRC fuse consists of a ceramic body usually of steatite, pure silver element, clean silica
quartz, asbestos washers, porcelain plugs, brass end-caps and copper tags (see Fig. 14.130).
The brass end-caps and copper tags are electro-tinned. The metal end-caps are screwed to the
ceramic body by means of special forged screws to withstand the pressure developed under
short circuit condition. The contacts are welded to the end-caps. The assembly also includes
solder of various types, cement and indicator devices. Deterioration of the fuse must involve a
change in one or more of these materials or a change in their structure. Normally the fuse
element has two or more sections joined by means of a tin joint. The fuse wire is not in the form
of a long cylindrical wire as after it melts, it will form a string of droplets and will result into an
arc between the droplets. Afterwards these droplets will also evaporate and a long arc will be
struck. The purpose of the tin joint is to limit the temperature of fuse under small overload
conditions. The melting point of silver is 960°C while that of pure tin is 230°C. As the circuit is
overloaded the melting of tin prevents the silver element from attaining high temperature.
The shape of the fuse element depends upon the time-current characteristic required.

Fuse element

Ceramic body

Contact blade

Metal end
capQuartz

powder
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Fuse Operation

When an HRC fuse operates, the element absorbs energy from the circuit and heats until it

melts. The heat produced during operation is given by � i2R dt, where R is the instantaneous

resistance and i the instantaneous current during the operating time. The fuse element melts
before the fault current reaches its peak value. As the element melts, it vaporizes and disperses.
This action is then followed by a period of arcing during which chemical reaction between the
silver vapour and the quartz powder takes place, which further results into building up a high
resistance and reduces the current to zero. Thus the arc is quenched. Generally, the filling
powder used is quartz-sand as it can absorb heat at a very high rate and it does not evolve
appreciable amount of gas.

Cut-off Current

When an HRC fuse interrupts a heavy fault it exhibits an ability to limit the short circuit
current. This ability is referred to as a ‘cut-off’ as shown in Fig. 14.131 and has the effect of

Voltage
across fuseZero

voltage

Cut-off
current

t + t = Total operating
time

1 2

t = Prearcing
time

1

t = Arcing
time

2

Prospective
current
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reducing the magnetic and thermal stresses both in the system and within the fuse itself
under fault conditions. Cut-off is in fact one of the main reasons why HRC fuse is so successful
as a protective device and it is at times preferred over the circuit breaker of low ratings. Due to
this property of the HRC fuse the operating time is as low as 1/4th of a cycle. The maximum to
which the fault current reaches before the fuse melts is called the cut-off current.

Properties of HRC Fuses

The careful designs of HRC fuses have overcome the disadvantages of the conventional rewirable
fuses and their properties are described as follows:

(i) Fast Operation: The HRC fuse interrrupts the short circuit current long before its
maximum value is attained which is not true in case of CBs. This property of the HRC fuse
reduces both thermal and magnetic stresses on the equipment to be protected and the short
circuit fault is interrupted well within the first quarter of a cycle.

(ii) Rupturing Capacity: The rupturing capacity of a fuse is expressed in terms of MVA
and is equal to the product of service voltage and the r.m.s. value of the prospective current it
can handle. Since the fuse melts much before the current reaches prospective value due to its
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cut-off property, it is clear that a fuse is never called upon to carry a current equal to its ruptur-
ing capacity. It is to be noted here that the rupturing capacity of a breaker is different from the
rupturing capacity of a fuse.

(iii) Non-deterioration: This means that all the characteristics of the fuse are maintained
throughout its life. As the fuses are called upon to function only once in a while, it is most
essential that they should preserve their characteristics throughout their useful life. This also
implies that they should not operate inadvertently when carrying normal load currents as so
often happens with a rewirable fuse which may fail due to oxidation and reduction of cross-
sectional area. This property of HRC fuses is very important and is achieved by the hermetic
sealing of the silver element within the fuse body with the help of special cementing and the
soldering of the end caps. It has been found that HRC fuses maintain non-deterioration prop-
erty unimpaired even after approximately 20 years of their manufacture.

(iv) Low-temperature Operation: This is required to eliminate the deterioration of the
fuses and to prevent overheating of associated contacts. This is achieved by employing fabri-
cated elements of pure silver which are specially designed to give a low temperature rise when
carrying their full-rated current.

(v) Accurate Discrimination: By this characteristic is meant that an HRC fuse on a
distribution system will isolate the faulty section from the healthy section whenever a fault
takes place. In case of an HRC fuse it is found that the time of operation is inversely proportional
to the prospective short circuit current over a much wider range of fault condition and, within
practical limits, while the values of prospective short circuit current increase, the time of
operation will continue to decrease without reaching a definite minimum. This means that a
fuse of low current rating will blow before a fuse of a higher rating, no matter how heavy the
fault. It is, therefore, desirable while designing the installation from the view point of
discrimination to use fuses of the same design and characteristics throughout, which will ensure
that time-current characteristics of each succeeding current size will not cross and the
characteristics will be parallel to one another up to the maximum values of fault current.

Arc Voltage within Safe Limits: Whenever an inductive circuit is inter-rupted, there is
likelihood of large voltages induced. The magnitude of such voltages depend upon the magnitude
of the short circuit to be interrupted and the circuit constants. A careful design of the HRC
fuse controls these overvoltages and keeps them within safe limits.

Low Cost: It is known that because of the cut-off characteristics of the HRC fuse, for the
same rupturing capacity the actual current to be interrupted by an HRC fuse is much less as
compared to any other interrupting device and hence it is less expensive as compared to other
interrupting devices. It is, therefore, usual to employ a circuit breaker of low rupturing capacity
backed up by an HRC fuse where circuit breakers are necessary for other reasons. A combination
of these two circuit interrupting devices works as follows. Whenever there is an overload the
CB trips whereas for short circuits the HRC fuse operates.

Applications of HRC Fuses
The applications of HRC fuses are enormous but a few very important are: (i) protection of
cables, (ii) protection of bus bars, (iii) protection of industrial distribution system, (iv) contactor
gear for motor control, (v) earth faults—both of low and high magnitude, (vi) semiconductor
rectifiers and (vii) aircraft.
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It is to be noted that the HRC fuses cover a very wide range of applications. This involves
the principles of fuse design in varying degrees. For special application, the parameters of the
fuse are defined to close limits. The design of HRC fuses for the same rupturing capacities for
protecting an SCR are different from the one for protecting cables.

An HRC fuse rated for 150 amps continuous rating and 200 kA rupturing capacity at
400 V used for protecting a semiconductor device weights about 30 gm whereas an industrial
application HRC fuse rated for 100 amps and 250 kA rupturing capacity weights about 200 gms.
The HRC fuses have been used for protecting aircraft equipments and offer many advantages
not available by alternative means.

Within wide limits HRC fuses are not affected by frequency. For practical purposes, a
fuse tested and rated at 50 Hz is satisfactory for 60 Hz duty and vice versa. As frequency tends
towards d.c., the interrupting capability of the fuse at the lower and medium overcurrents
may be less, because it is in these zones that d.c. duty is the more onerous. A fuse which has
been tested and rated at a given frequency will almost invariably safely interrupt short-circuit
faults of higher frequency.
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The protective relays are normally not connected directly to the system but these are connected
through current and/or potential transformers. With this, the relays have to handle smaller
magnitudes of voltages and currents and, therefore, the protective relays become relatively
cheaper. During the process of transformation of primary quantities (voltages and currents) to
the secondary quantities, certain errors are involved. The primary quantities are not in exact
ratio of transformation and also the phase relations are not proper.
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The primary winding of a current transformer is connected in series
with the circuit whose current is to be sensed and across the
secondary of the current transformer, the operating coil of the relay
is connected. The current transformers used in protection are
usually primary bar i.e., these have one turn of primary winding
i.e., the conductor of the circuit itself forms the primary of the current
transformer. Since the primary is connected in series with the power
circuit, the voltage drop across its terminals is very small and the
primary current is independent of the secondary current contrary
to power transformer where the primary current depends upon the
secondary current.

Fig. 14.132 shows phasor diagram for a current transformer.

Here Iµ represent the magnetising current, Iw the working
current (iron loss components), Ip the primary, Is the secondary
current and Es the induced secondary voltage and Vs the secondary
terminal voltage.

Let R be actual transformation ratio i.e., R = 
I

I
p

s
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Using phasor diagram as shown in Fig. 14.132 and after certain algebraic manipulation,
it is found that

R = n + 
I I

I
w

s

cos sinδ δµ+

where n is the nominal transformation ratio,

i.e., n = 
Number of secondary turns
Number of primary turns

It can be seen from the above expression that the current ratio R of the transformer
differs from the turns ratio n by an amount which depends upon the magnitude of the exciting
current of the transformer and upon the current and p.f. of the secondary circuit. The ratio
error is defined as

Nominal ratio Actual ratio
Actual ratio

�

 = 
n R

R
−

Similarly phase angle error introduced by the current transformer is defined as the
angle by which the secondary current phasor when reversed differs in phase from the primary
current. The angle is taken as positive if the reversed secondary current leads the primary
current. On very low p.f. the phase angle error may be negative. The phase angle error is
approximately given by

θ = 
I I

nIs

µ ωδ δcos sin−

Usually the angle δ is small and hence it can be seen from the expression that the ratio
error is largely dependent upon the working component of exciting current whereas the phase
angle error is dependent upon the magnetising component of the exciting current.

In order to minimize the exciting ampere turns required to reduce these errors, the core
must have small iron loss and a low reluctance path. The flux density should be as low as
possible. The length of magnetic path should be as small as is consistent with good mechanical
construction and with insulation requirements. This results into low reluctance path. For the
same reason, joints in the core should be avoided as far as possible. If these are unavoidable
because of a typical construction, these should be made as efficient as possibly by careful
assembly. For protective relays where the primary current is very large, the ring form of core
is most commonly used. The secondary winding is uniformly wound on the core and the primary
is a single bar in the form of the power conductor. Since there is no joint, this construction
gives the minimum reluctance path for the magnetic path and very small leakage reactance.
To meet these requirements mumetal cores are commonly used because this material has very
high permeability, low loss and small retentivity.

It is desirable that the winding should be so designed that they withstand without damage
the large electromagnetic forces which are developed when a short circuit takes place on the
system. The bar primary ring-core construction is generally recognised as the most satisfactory
from this point of view.

The ratio error can be compensated by using one or two turns less than that number
which would make turns ratio n equal to the nominal ratio e.g., for 400/5 current transformer
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of the bar primary type the number of secondary turns would be 79 instead of 80. However,
with this the phase angle error is not affected.

From Fig. 14.127 it is seen that as the power factor of the load is reduced, the angle φ
increases which brings the reversed secondary vector nIs more and more in phase with I0. This

increases the value of Ip for any given value of Is and then the transformation ratio 
I

I
p

s

 increases.

With reduced power factor since reversed nIs moves more into phase wtih I0 and hence Ip, the
phase angle error is obviously reduced.

For a given value of secondary current if the burden (VA loading) on the CT is increased,
the secondary terminal voltage increases which calls for increased secondary induced voltage
and hence increased core flux density. The exciting current I0 is thus increased and this increases
the transformation ratio, causing the ratio error to become less positive for any given values of
frequency and power factor. Similarly, the phase angle error also increases with increase in
secondary burden.

For a given burden and p.f., the secondary induced voltage is constant and is proportional
to the product of frequency and flux density. Therefore, an increase in frequency will result in
a proportionate decrease in flux density. Thus the effect of increase in frequency on ratio and
phase angle error is similar to decrease in burden of the CT.

As mentioned earlier the current in the primary winding of a current transformer is a
fixed quantity and is thus not affected by the state of the secondary winding i.e., whether it is
shorted or is kept open. Therefore, if a current transformer has its secondary circuit opened
when current is flowing in its primary circuit, a very high flux density is produced in the core
owing to the absence of opposing ampere turns from the secondary winding. This high flux
density results in a very high induced voltage in the secondary winding which may result in
damage of insulation and danger to the personnel. Also, if the large magnetising force acting
on the core is removed suddenly, the core of the CT may get saturated which will affect the
performance of the CT adversely in terms of ratio and phase angle errors and the CT may have
to be discarded. For these reasons care should be taken to ensure that whenever primary is
connected in a line circuit, the secondary should not be left open.

If due to some reasons the secondary circuit is left open while the primary current is
flowing, the transformer should be demagnetised before being used again. Following methods
are normally recommended.

A current at least equal to the one which was flowing through the primary when the
open circuit took place, is passed. The current is supplied by a motor generator set. The supply
to the motor is disconnected but the alternator field is still on. As the alternator slows down,
its terminal voltage falls gradually to zero, and the core of the transformer is passed through
a large number of cycles of magnetisation of gradually decreasing magnitude and finally
reducing to zero.

In yet another method, a very high resistance is connected across the secondary of the
current transformer. Rated full load current is then passed through the primary and the
secondary resistance is then gradually reduced to zero as uniformy as possible. Thus the
magnetisation of the core is reduced to its normal value.
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Current
transformer

In general the percentage ratio error increases with increase in primary current. The
accuracy class of a CT is normally indicated as follows:

15/5 P, 10.

Here the first number (15) represents the VA burden of the CT, the second number (5 P)
the number of times the primary current i.e., 5 P means the accuracy is being determined for
a current 5 times the normal primary current and the third number (10) represents the
percentage composite error. The percentage composite error is defined as

100 1
0

2

I T
ni i dt

p

T

s p� −( )

where n = nominal transformation ratio,

is = instantaneous secondary current,

ip = instantaneous primary current,

Ip = r.m.s. value of primary current, and

T = time period of current wave.

The current transformers for protective relaying are
mostly of ring construction (bushing type) because it is simple
in construction, less expensive and has linear characteristic
(input/output). This transformer is built into equipments such
as circuit breakers, generators or power transformers, the core
being arranged to encircle an insulating bushing through which
the power conductor passes (Fig. 14.133). Because of larger
cross-section of bushing CT, it is more accurate than other CTs
at high multiple of the primary current which exist under fault
conditions. This is why this CT has linear characteristic i.e.,
smaller ratio error for large currents. However, for smaller
currents bushing CTs are less accurate because of its larger
exciting current.

In case of protective current transformers we are normally concerned with the ratio
error rather than the phase angle error for the following reasons:

(i) The power factor of the load (operating coil of a relay) connected to the secondary of a
current transformer is generally low and, therefore, the reversed secondary current vector is
almost in phase with the exciting current and hence the effect of the exciting current on the
phase angle accuracy is negligible.

(ii) The phase angle error normally existing in CTS can be tolerated in protective relaying.

The B-H curve of a magnetic material is, in general, given by the curve as shown in
Fig. 14.134. Between the points A (Ankle point) and B (Knee point) the characteristic is linear.
If the same stampings are used both for the protective CTS and the measuring CTS, the working
range of the protective CT lies between the ankle and the knee point (as a protective CT is
expected to transform primary currents linearly on to the secondary side for a relatively large
range of currents about 20 times the full load currents) of the characteristic whereas the
measuring CT usually operates at a point around the ankle point as the measuring CT is
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expected to be accurate up to its 120% rated current only. Therefore, if the same material is
used for both the CTS i.e., for protective and measuring CTS, it is quite obvious that for the
same volt amperes ratings, the protective CT would require larger cross-section and this would
be bigger in size.

A

Measuring C.T.

Protective C.T.

B

Exciting current

S
ec

on
da

ry
vo

lta
ge
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Polarity Marking: In a.c. circuits current is reversing its direction every half a cycle, one
might wonder what the significance is of polarity marking. The polarity marking assumes its
importance whenever two or more than two CTS are to be interconnected (to get sum or
difference of various currents) or a CT and a PT are to be used to produce some desired effect
such as torque in a relay (directional relay). If a CT is used in isolation, polarity marking is not
necessary.

The relative polarities of CT primary and secondary terminals are identified either by
the symbols P1 and P2 for the primary and S1 and S2 for the secondary terminals or by painted
polarity marks. The convention is that when primary current enters the P1 terminal, secondary
current leaves the S1 terminal as shown by the arrows in Fig. 14.135 or, when current enters
the P2 terminal, it leaves the S2 terminal. However, when paint is used the terminals
corresponding to P1 and S1 are identified.

S2S1

P1 P2
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The potential transformer is similar in construction to the power
transformer. The main difference between the two is that
whereas the secondary current in the power transformer depends
upon the loading conditions, the current in the potential
transformer equals its magnetising current. The errors
introduced by potential transformers are, in general less serious
as compared to the current transformers. Refer to Fig. 14.136
for the phasor diagram of the potential transformer.

Here Ep, Es are primary and secondary induced voltages,
Vp, Vs, the corresponding terminal voltages. The load p.f. angle
φ is usually very small as the load connected across the PT
secondary is highly resistive. Here nominal ratio

n = 
E
E

s

p

whereas the actual ratio of transformation is V
V

s

p

 . From the

phasor diagram it can be proved after certain manipulation that
the ratio error.

R = 
nI r X I r I X

V
s s s w p p

s

[ cos sin ]φ φ µ+ + +

Similarly, the phase angle error which is defined as the angle between the reversed
secondary terminal voltage and the primary voltage, is given by

θ = 
I
V

s

s
 X r

I X I r

nVs s
w p p

s
cos sinφ φ µ− +

−�

��
�

��

where rp, xp are the equivalent resistance and reactance referred to the primary side and rs
and xs correspond to the secondary side.

From the expressions above, it is clear that the ratio and phase angle errors depend
upon the resistance and reactance of the transformer windings and also it depends upon the
loss component and magnetising components of the exciting current of the transformer.

In order to bring down the errors of the potential transformers

(i) the flux density in the core should be as low as possible.
(ii) the reluctance of the transformer core should be as low as possible.

(iii) the leakage reactance of the two windings should be made small by placing the two
windings as close together as is consistent with insulation requirements.

(iv) The resistance of the winding should be made small.
(v) Turns compensation should be done by adjusting the number of primary and second-

ary turns so that ‘n’ is less than the nominal ratio.

With increase in burden, assuming the secondary voltage to remain constant, the
secondary current increases and hence the primary current increases. With this, the  primary
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To relay

Supply
voltage
Supply
voltage

and secondary voltage drops are increased and, therefore, for a given value of VP, Ep, Es and Vs

are reduced. The net result is to increase the actual ratio 
V

V
p

s
 of the transformer as the burden

increases. From the phasor diagram, it is clear that  with increase in Ip and Is the voltage drops
in the primary and secondary windings increase and hence the phasor Vs retards whereas Vp
advances with respect to the flux phasor φ. Hence, the phase angle error also increases with
increase in burden.

Similarly it can be seen that the ratio of transformation increases and the phase angle
error decreases with reduction in load p.f.

For a given applied voltage, reduction in frequency results in increase of core flux and
hence increase in exciting current I0 which does not influence the transformer ratio seriously.
Whereas reduction in frequency results in reduction in phase angle error.

Mainly there are two types of potential transformers:

(i) The instrument potential transformers, and
(ii) The capacitance potential transformer or potential divider.
The instrument potential transformer is a conventional two winding transformer in which

primary is connected to the system directly between phase and
ground or between two phases as the case may be and the
secondary is connected to the voltage coil of a relay. A capacitance
potential transformer is a capacitance potential divider
connected between phase and ground of the power circuit.

The capacitance potential devices used for protective
relaying are of two types (i) the coupling capacitor potential
device and (ii) the bushing potential device. The two devices
are more or less similar electrically, the main difference being
in the formation of the capacitances which in turn affects their
rated burden. Whereas the coupling capacitor  device consists
of a stack of series connected capacitor units and an auxiliary
capacitor (Fig. 14.137), the bushing potential device uses the capacitance coupling of a specially
constructed bushing of a circuit breaker or power transformer as shown in Fig. 14.138.

Capacitance potential devices are used for potective relaying for operating voltages
exceeding 66 kV when these are sufficiently less expensive as compared to the potential
transformers. However, the potential devices can prove to be less costly even below 66 kV if a
carrier current system is to be used on the power system. because then coupling between the
power system (operating at high voltage) and the carrier system (operating at low voltage) can
be provided very easily using coupling capacitor potential devices.

Whenever two or more than two parallel lines are running from a common bus, it is
desirable to use a single potential transformer connected to the bus rather than a potential
device, as a potential transformer will generally have sufficient capacity to supply the protective
relaying equipment of all the lines whereas one set of potential devices may not.

Another advantage of potential transformers connected to the bus is when the protective
relays make use of ‘memory action’ for their reliable operation when the fault is close to the
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P1

S1

circuit breaker (e.g., dead zone in a directional relay). Under these conditions, the relays will
get the voltage supply before the line circuit breaker was closed and hence the relays can use
the memory action for their operation. Whereas if the voltage source is on the line side of the
breaker as is usually the case with the potential devices, the relays will not get any voltage
and hence the memory action will not be effective. Therefore, the main relay may not operate
and the back up relays at other location will be required to clear the fault affecting the continuity
of supply to some other unfaulted section.

Stem

Porcelain

Insulation

Metal foils

Ground sleeve
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In case of a ringmains system, it is desirable to provide
capacitance potential devices on the line side of the breakers of
each circuit as there is no satisfactory location for a single set
of potential transformer to serve the relays of all circuits.

Polarity Marking: The terminals of the potential
transformer are marked to indicate the relative polarities of
the primary and secondary windings. The polarity marks have
the same significance as for a current transformer, namely,
that if the current enters the P1 terminal, it leaves S1 terminal
(or T1 terminal of tertiary winding) of the secondary winding
as shown in Fig. 14.139. However, in case of capacitance
potential devices S1 and T1 terminals are marked, the P1 terminal being obvious from the
configuration of the device.

Example 14.10: A 100/5A bar primary current transformer supplies an over current
relay set at 25% pick up and it has a burden of 5 VA. Determine the knee point voltage and
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cross-section of the core if the CT has 50 turns on its secondary and the fault current is 15
times the relay setting. Assume the flux density as 1.4 Wb/m2.

Solution: The operating current of the relay

= 5 × 0.25 = 1.25 Amp.

The secondary voltage = 
5
125
VA
.

 = 4 volts

The CT secondary voltage when current is 15 times the relay setting = 15 × 4 = 60 volts.
The knee voltage must be slightly greater than 60 volts.

Now         E = 4.44 Bm A f N

∴          A = 
60

4 44 14 50 50. .× × ×
= 3.86 × 10–3 sq. m

= 38.6 sq. cms.

Example 14.11: Determine the VA output of a current transformer having a ratio of
100 : 5 and secondary resistance of 0.1 ohm. The resistance of the connecting lead is 0.1 ohm
and the relay burden is 5 VA.

Solution: Here output voltages are 52 (0.1 + 0.1) + 5 = 10 VA. Ans.

���+��,'

14.1. What is a protective relay ? Explain the functional characteristics of a protective relay.

14.2. Explain what is meant by primary protection and back up protection.

14.3. Define the terms: (i) Pick up value, (ii) Reset value, (iii) Operating time, and (iv) Reset time.

14.4. What are unit system and non-unit system of protection?

14.5. Show that the torque on the disc of an induction disc relay is maximum when the phase differ-
ence between the two fluxes is 90°. Indicate the direction of rotation of the disc with reference to
the fluxes under the poles.

14.6. Explain the process of fault clearing with the help of a neat sketch.

14.7. Describe the construction, principle of operation and application of an (i) induction disc and (ii)
induction cup type of relay. What is the ratio of reset to pick up value in case of these relays ?

14.8. Explain why the ratio of reset to pick up should be high.

14.9. Write a short note on the time-current characteristics of an overcurrent relay. Draw these
characteristics for the relays used to protect a radial feeder with three substations fed from one
end.

14.10. Classify the various types of overcurrent relays and give their applications alongwith approximate
characteristics.

14.11. What is an IDMT characteristic ? Explain how this is achieved in practice.

14.12. What is meant by ‘directional feature’ of a directional overcurrent relay ? Describe the construction,
principle  of operation and application of a directional overcurrent relay.

14.13. Explain clearly the V-I and polar characteristics of a directional relay. Mark clearly the operation
and no-operation zones.
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14.14. What is meant by ‘dead zone’ when referred to a directional relay and explain clearly how it is
taken care of.

14.15. What is Universal Torque Equation ? Using this equation derive the following characteristics:
(i) impedance relay; (ii) reactance relay; (iii) mho relay.

Draw the characteristics and indicate clearly the zones of operation and no-operation.

14.16. Explain how you provide directional feature to (i) impedance, and (ii) reactance relay. Explain
why the directional feature provided for impedance relay cannot be used for a reactance relay.

14.17. Draw schematic diagrams for the (i) impedance relay, (ii) reactance, relay and (iii) mho relay.

14.18. Show mathematically how the distance relays should be connected so that they provide equally
sensitive protection against three-phase and phase-to-phase faults. Give the diagram of
connections also.

14.19. Explain what is meant by phase fault compensation as applied to distance protection. Why is it
necessary and how can it be achieved ? Give the diagram of connections.

14.20. Explain clearly the basic principle of operation of a differential relay. Explain the working of this
type of relay for (i) an internal fault, and (ii) a through fault.

14.21. Compare the merits and demerits of various pilot wire relaying schemes for protecting
transmission lines.

14.22. What is meant by per cent bias ? How is this achieved in practice in differential relay ? Under
what circumstances is a percentage differential relay preferred over the differential relay ?

14.23. Explain clearly the basic principle of operation of a percentage differential relay for (i) internal
fault, and (ii) through fault.

14.24. Give various schemes of protection for feeders and compare their performance.

14.25. What is meant by (i) time-graded, (ii) current graded, and (iii) time-current graded system ?
Explain why time-current graded system is normally preferred over the other systems of
protection ?

14.26. Explain clearly how the selection of current and time settings is done in a time-current graded
system ?

14.27. Give schemes of protection for a parallel feeder fed from (i) one end, and (ii) both the ends.

14.28. Give a scheme of protection for a ring main having three substations and fed from one end.
Explain whether the same scheme could be used if the ring mains were fed from more than one
end.

14.29. What is meant by 3-zone protection ? Give such schemes of protection for (i) short length lines,
(ii) medium length lines, and (iii) long lines. Give schematic diagrams of contact circuits and
explain their principle of operation for these schemes.

14.30. Explain the carrier system of protection. With a block diagram and neat sketches discuss how
the phase comparison scheme can be used for protecting a feeder fed from (i) one end, and
(ii) both the ends. What is the basis for the choice of frequency in power line carrier system ?
Explain whether this scheme can be used for the protection of underground cables.

14.31. Explain the principle of Merz-Price system of protection used for power transformers. What are
the limitations of this scheme and how are they overcome ?

14.32. Describe, with a neat diagram, a circulating-current protection scheme for a 3-phase, 1 MVA, 11
kV/400 volts delta-star transformer. If the current transformers have a nominal secondary current
of 5 amps, calculate their ratios.

14.33. A 3-phase 66/11 kV star-delta connected transformer is protected by Merz-price Protection System.
The CTs on the LT side have a ratio of 420/5 amps. Show that the CTs on the HT side will have
a ratio of 70 : 5/ 3 .
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14.34. An IDMT overcurrent relay rated at 5 amp has a current setting of 150% and has a time-multi-
plier setting of 0.8. The relay is connected in the circuit through a CT having ratio 400/5. Calcu-
late the time of operation of the relay if the circuit carries a fault current of 4800 amps. Assume
the relay to have 2.2 sec IDMT characteristic.

14.35. A 13.8 kV, 125 MVA star connected alternator has a synchronous reactance of 1.4 p.u./phase and
a negligible resistance. It is protected by a Merz-Price balanced current system which operates
when the out of balance current exceeds 10% of the full load current. If the neutral point is
earthed through a resistance of 2 ohms, determine what proportion of the winding is protected
against earth fault.

14.36. What is restricted earth fault protection for alternators ? Why is this form of protection used for
alternators even though it does not provide protection for the complete winding ?

14.37. A 3-phase 33 kV star connected alternator is to be protected using circulating current protection.
The pilot wires are connected to the secondary windings of 100/5 ratio current transformer. The
protective relay is adjusted to operate with an out-of-balance current of 1 amp in the pilot wires.
Determine the (i) earthing resistance which will protect 90% of the winding, and (ii) the per cent
of the winding which would be protected if the earthing resistance is 15 ohm.

14.38. Explain with reasons the connection of CTs for protecting a delta/star transformer. Justify your
scheme of protection for (i) internal fault, and (ii) external fault by showing current distribution
in the scheme.

14.39. Describe the construction, principle of operation and applications of ‘Buchholz relay. Why is this
form of protection an ideal protection scheme ?

14.40. What are the abnormal conditions in a large alternator against which protection is necessary ?

14.41. Determine the time of operation of the relays placed at location No. 1 and 2 assuming that fault
current is 2000 amps, CT ratio 200/1, relay 1 set at 100% and 2 at 125% and that the relay No. 1
has a time-multiplier of 0.2. The time grading margin between the relays is 0.5 sec for
discrimination. Assume the relay to have 2.2 sec IDMT characteristic.

2 1

125% 100%
2000 amps.

14.42. Describe schemes of protection for an alternator against inter-turn faults when the number of
circuits per phase are (i) even, and (ii) odd.

14.43. Describe the rotor protection against earth fault.

14.44. What is Translay protection ? Give such a scheme of protection for a three-phase transmission
line.

14.45. What is an HRC fuse ? Compare an HRC fuse with a circuit breaker as interrupting device.

14.46. Explain the terms (i) Pre-arcing time, (ii) Arcing time, (iii) Cut-off.

14.47. Describe the construction, principle of operation and application of an HRC fuse.

14.48. Explain the characteristics of an HRC fuse and discuss how they are useful in circuit breaking.

14.49. Explain briefly why digital protection schemes are required for large capacity power system
components.

14.50. Discuss with the help of neat diagrams, the hardware and software of the digital protection
scheme for transmission lines using distance relays.

14.51. Describe with neat block diagram the constructions and principle of operation of microprocessor
based percentage differential relay protection scheme for a large synchronous generator.

www.EngineeringBooksPdf.com



D-8\N-SYSTEM1\SYS14-5.PM6.5

�0- ����������	
����	����

14.52. Describe with neat block diagram, the microprocessor based relaying scheme for the protection
of synchronous generator by monitoring the field current of the alternator.

14.53. Describe with block diagram the construction and principle of operation of a microprocessor
based percentage differential relay scheme for the protection of a power transformer.

14.54. Describe a protection scheme which restrains the operation of the relay during in rush magnetising
current and also during in rush magnetising current due to over voltage caused by load rejection.
Write tripping and blocking signals for preventing relay operation during in rush current
phenomenon for a unit protection scheme for the power transformer.
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An electrical power system is very complex. It needs some form of switchgear in order that it
may be safely and efficiently controlled or regulated under both normal and abnormal operating
conditions. A tumbler switch with a fuse serves to control the light and other electrical
equipments and is, in a way, a form of switchgear. On the other hand, a C.B. in a station
serves exactly the same purpose but it has many added and much more complex features.

The basic construction of any circuit breaker requires the separation of contacts in an
insulating fluid which serves two functions here: (1) It extinguishes the arc drawn between
the contacts when the C.B. opens. (2) It provides adequate insulation between the contacts
and from each contact to earth.

Many insulating fluids are used for arc extinction and the fluid chosen depends upon
the rating and type of C.B. The insulating fluids commonly used for C.B. are:

1. Air at atmospheric pressure.
2. Compressed air.
3. Oil which produces hydrogen for arc extinction.
4. Ultra high vacuum.
5. Sulphur hexafluoride (SF6).
The gases which have been considered for C.B. are: (i) simple gases—air, oxygen,

hydrogen, nitrogen, carbon dioxide; and (ii) electronegative gases—sulphur hexafluoride, arcton.
Properties required of a gas for C.B. use are:
(i) High dielectric strength.

(ii) Thermal and chemical stability.
(iii) Non-inflammability.
(iv) High thermal conductivity: This assists cooling of current carrying conductors im-

mersed in the gas and also assists the arc extinction process.

���
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(v) Arc extinguishing ability: It should have a low dissociation temperature, a short ther-
mal time constant (ratio of energy contained in an arc column at any instant to the rate of
energy dissipation at the same instant) and should not produce conducting products such as
carbon during arcing.

(vi) Commercial availability at moderate cost: Of the simple gases air is the cheapest and
most widely used for circuit breaking. Hydrogen has better arc extinguishing property but it
has lower dielectric strength as compared with air. Also if hydrogen is contaminated with air,
it forms an explosive mixture. Nitrogen has similar properties as air, CO2 has almost the
same dielectric strength as air but is a better arc extinguishing medium at moderate currents.
Oxygen is a good extinguishing medium but is chemically active. SF6 has outstanding arc
quenching properties and good dielectric strength. Of all these gases SF6 and air are used in
commercial gas blast circuit breakers.

Air at atmospheric pressure is ‘free’ but dry air costs a lot when stored at say 75
atmospheres. The compressed air supply system is a vital part of an air blast C.B. Moisture
from the air is removed by refrigeration, by drying agents or by storing at several times the
working pressure and then expanding it to the working pressure for use in the C.B. The relative
cost of storing the air reduces with increase in pressure. If the air to be used by the breaker is
at 35 kg cm2 it is common to store it at 210 kg/cm2.

Air has an advantage over the electronegative gases in that air can be compressed to
extremely high pressures at room temperature and then its dielectric strength even exceeds
that of these gases.

The dielectric strength of SF6 at normal pressure and temperature is 2 to 3 times that
of air and at 2 atm its strength is comparable with the transformer oil. Although SF6 is a
vapour, it can be liquefied at moderate pressure and stored in steel cylinders. Even though
SF6 has better insulating and arc quenching properties than air at an equal pressure, it has
the important disadvantage that it cannot be used much above 14 kg/cm2 unless the gas is
heated to avoid liquefaction. Circuit breakers, using SF6 at 14 kg/cm2, have heaters installed
in the high pressure reservoir. The interrupting capacity of a C.B. is approximately directly
proportional to the gas pressure; therefore, it is possible for a compressed-air break to have a
higher interrupting capacity than an SF6 break at the expense of increased gas pressure. The
choice between the two gases depends to a large extent on the cost of the complete equipment.
During maintenance of an SF6 filled C.B. the gas is pumped from the breaker into a receiver
and stored in liquid form. Metal fluorides which may be formed during the interruption of
short circuit currents are removed from the C.B. tank by filtering the gas through activated
alumina before the breaker is inspected. When maintenance is complete, the breaker is resealed,
dried with nitrogen and evacuated to a few mm Hg pressure to remove air prior to refilling
with SF6. During operation of the C.B. the gaseous decomposition products, which can be toxic
in the presence of moisture are removed using activated alumina as an absorber.

	
�	 ��������

In an oil circuit breaker, the heat of the oil decomposes the oil which boils at 658°K. The
gases liberated are approx. (1) Hydrogen 70%; (2) Acetylene 20%; (3) Methane 5%; and
(4) Ethylene 5%.
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The temperature about the arc is too high for the three last-named gases to exist and
the arc itself runs into a mixture of hydrogen, carbon and copper vapour at temperature above
6000°K. The hydrogen being a diatomic gas gets dissociated into the atomic state which changes
the characteristics of the arc on account of its associated change in its thermal conductivity.
The outcome of this is that the discharge suddenly contracts and acquires an appreciably
higher core temperature. In certain cases the thermal ionization may be so great that the
discharge runs with a lower voltage which may stop the ionization due to the electric field
strength. The transition from the field ionization to thermal ionization is most marked in
hydrogen and, therefore, in oil circuit breakers.

Arcs in Air

The arc in an air circuit breaker runs in a mixture of nitrogen, oxygen and copper vapour.
When the current is more than 100 amps, these gases get dissociated into atoms and the arc is
contracted as explained above. The oxygen gas may remain dissociated even when the current
is of the order of 1 ampere.

Initiation of the Arc

The separation of the C.B. contacts which are carrying current gives rise to an arc without
changing much the current waveform. Initially when the contacts just begin to separate the
magnitude of current is very large but the contact resistance being very small, a small voltage
appears across them. But the distance of separation being very very small, a large voltage
gradient is set up which is good enough to cause ionization of the particles between the contacts.
Also it is known that with the copper contacts which are generally used for the circuit breakers
very little thermal ionization can occur at temperature below the melting point. For effective
field emission the voltage gradient required is 106 V/cm. From this it is clear that the arc is
initiated by the field emission rather than the thermal ionization. This high voltage gradient
exists only for a fraction of a micro-second. But in this short period a large number of electrons
would have been liberated from the cathode and these electrons while reaching anode, on
their way would have collided with the atoms and molecules of the gases. Thus each emitted
electron tends to create others and these in turn derive energy from the field and multiply. In
short, the work done by the initially emitted electrons enables the discharge to be maintained.
Finally, if the current is high, the discharge attains the form of an arc having a temperature
high enough for thermal ionization, which results in lower voltage gradient. Thus an arc is
initiated due to field effect and then maintained due to thermal ionization.

Deionization

As discussed above, the arc consists of ionized particles of gases. This arc can be interrupted if
the contact gap could be deionized. This is the basic principle of arc interruption in all circuit
breakers. The process of deionization is possible in the following ways: (i) high pressure, (ii)
forced convection and turbulence, and (iii) arc splitting.

Forced Convection and Turbulence

When a gas blast is directed along a discharge, efficient cooling is obtained. In case of oil C.B.
the hydrogen gas which has better thermal conductivity flows along the discharge. If the gas
blast is axially directed, this not only gives cooling action but compels arc to shrink in diameter
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which in turn raises the temperature of the core of the arc. Because of the gases being generated
at high pressure there will be turbulence near the surface of the arc and under certain conditions
this effect may be used in the process of deionization especially in the C.B. where gas blast is
used for extinction of the arc.

Arc Splitting

There are two methods: (1) The arc is forced into an arrangement of splitters by which the arc
is lengthened and the cooling is improved because of contacts with the splitters. (2) The arc is
made to split into relatively smaller arcs. The idea here is to ensure that the sum of the
cathode-anode voltage drops of short length should be more than the supply voltage; thereby
the energy fed to the arc will be reduced.

	
�� �����������������������

When a short circuit on a system occurs, the relay gives a signal to the C.B. to trip and isolate
the healthy section of the system from the faulted without causing any harm to the system or
to itself. There are two methods by which arc interruption is done: (i) high resistance method,
and (ii) low resistance or current zero interruption method.

High resistance method: In this method the arc resistance is increased in time to such a
high value that it forces the current to reach zero without possibility of arc being restruck
thereafter. The rate at which the resistance is increased or the current is decreased is not
abnormal so as to cause harmful induced voltages in the system. The arc resistance may be
increased due to any or all of the deionizing methods discussed earlier i.e., cooling, lengthening
and splitting of the arc. Because of the resistive nature of the arc discharge, most of the energy
in the system will be received by the C.B. Therefore, while designing the C.B., provision of
mechanical strength to withstand such sudden release of large quantities of energy must be
made. This is the main drawback of this method of arc interruption. This method is, therefore,
used for low and medium power a.c. circuit breakers and in d.c. circuit breakers.

Low resistance or current zero interruption: This method is used only in a.c. circuit
interruption because there is natural zero of current present in such systems. In case of a 50
Hz supply there are 100 zeros per second. This property of a.c. circuit is exploited for interruption
purposes and the current is not allowed to rise again after a zero occurs. Also it is neither
necessary nor desirable to cut off the current at any other point on the a.c. wave because this
will induce high voltages in the system.

The phenomenon of arc extinction is explained by two theories: (i) energy balance theory;
and (ii) voltage race theory.

Energy balance theory: This theory is based on the fact that if the rate at which the heat
generated between the contacts is lower than the rate at which heat between the contacts is
dissipated the arc will be extinguished, otherwise it will restrike. The heat generated varies
from time to time depending upon the separation of contacts. Initially when the contacts are
about to open, the restriking voltage is zero and, therefore, the heat generated is zero. Again
when the contacts are fully open, the resistance between the contacts is almost infinite and
hence the heat generated is zero. Between these two limits the heat generation reaches a
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maximum. Now, if the heat so generated could be removed by cooling, lengthening and splitting
the arc at a rate faster than the generation the arc is extinguished.

Voltage race theory: The arc, as is said earlier, is due to the ionization of the gap between
the contacts. Effectively the resistance in the initial stages is small and as the contacts separate,
resistance is increasing. The problem here is to remove the electrons and ions from the contact
gap immediately after the current reaches zero. Because it is this stage where the ionization
is at minimum and if the ions could be removed either by recombining them into neutral
molecules or by sweeping them away by inserting insulation at a rate faster than the rate of
ionization, the arc will be interrupted. The recombination can be accelerated by cooling and
increasing the pressure in the arc space.

The ionization at current zero depends upon the voltage appearing between the contacts.
This voltage is known as restriking voltage which depends upon the power factor and other
factors of the circuit like the inductance and capacitance. The expression for voltage is given
by (for a lossless system)

   v = V 1−
�
��

�
��

cos
t
LC

where v = restriking voltage at any instant t, V the value of voltage at the instant of interruption
and L and C are the series inductance and shunt capacitance up to the fault point. It can be
seen that lower the value of the inductance and capacitance the higher will be the natural
frequency of oscillation and more severe will be the effect of restriking voltage. Therefore, a
fault near the source is more severe from the view-point of arc interruption as compared to a
fault far from the source. It is seen that v is a function of V which in turn depends upon the
power factor of the system. In case the system is highly lagging, this voltage will correspond to
the peak system voltage. The variation of this voltage is shown in Fig. 15.1(a).

v(t)

2 Vm

tt = LC��

����	
�		���	������ �!"	#$%�&"�	&'�$��	(��& ��	'$!�&'��)

In the analysis in Section 12.3 we assumed that the arc voltage across the breaker
contacts is negligible which is true in high voltage circuits where it is usually only a small
percentage of the system voltage even though in low voltage circuits it may be much more
significant. Fig. 15.1(a) shows the restriking voltage across the breaker contacts when arc
voltage is neglected and losses are also neglected. If losses are taken into account but arc
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voltage neglected, the restriking voltage will be damped out depending upon the effective
resistance of the system. The restriking voltage across the breaker contacts will then be as
shown in Fig. 15.1(b).

t

Recovery
voltage

System
voltage

Fault
current

Restriking
voltage

����	
�	���	������ �!"	#$%�&"�	+,�!	%$����	&��	�!'%-.�.)

While drawing Fig. 15.1(b) we assumed that the current lags behind the voltage during
fault by 90°. In actual practice it is not always true. A fault current can have any degree of
asymmetry depending upon the time in the cycle at which the fault occurs. The circuit breaker
will again interrupt at current zero and the recovery voltage will oscillate about the
instantaneous value of the supply voltage which in this case will be Vm sin φ, where φ is the
angle by which the current lags the voltage. The restriking voltage, therefore, in this case will
be low as compared to when φ = 90°. This is illustrated in Fig. 15.1(c).

System
voltage Restriking

voltage

t

Recovery
voltageAsymmetrical

fault current

����	
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If the arc voltage is included into the analysis it will have the effect of increasing the
restriking voltage. This effect is offset by a second effect of the arc voltage which is to oppose
the current flow and thereby change the phase of the current, bringing it more into phase with
the supply voltage; thereby the voltage is not at its peak when the current passes through zero
value. This is illustrated in Fig. 15.1(d).
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Restriking voltage: The resultant transient voltage which appears across the breaker
contacts at the instant of arc extinction is known as the restriking voltage.

Recovery voltage: The power frequency r.m.s. voltage that appears across the breaker
contacts after the transient oscillations die out and final extinction of arc has resulted in all
the poles is called the recovery voltage.

Active recovery voltage: It is defined as the instantaneous recovery voltage at the instant
of arc extinction.

The instantaneous recovery voltage is given by

Var = KVm sin φ
where K = 1 if the three-phase fault is also grounded and K = 1.5 if the three-phase fault is
isolated.

Rate of Rise of Restriking Voltage (RRRV): As shown in Fig 15.1(a),

  The average RRRV = 
Peak value of restriking voltage

Time taken to reach to peak value

= 
2V

LC
m

π
Rewriting the equation,

v = Vm
1−
�
��

�
��

cos
t
LC

The RRRV is given by

dv
dt

 = 
V

LC

t

LC
m sin

This is maximum when

   
t

LC
 = 

π
2

or t = 
π
2

LC

and the value is 
V

LC
m
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The rate at which the restriking voltage rises is, therefore, very important in the arc
extinction process because the ionization process will depend upon this rate. Therefore, it is
found that if the RRRV is smaller than the rate at which the dielectric between the contacts is
developed, the arc will be extinguished; otherwise there will be further restrike. This theory
has been advocated by Dr. J. Slepian.
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When a circuit breaker is made to interrupt low inductive currents such as currents due to no
load magnetising current of a transformer, it does so even before the current actually passes
through zero value especially when the breaker exerts the same deionizing force for all currents
within its short circuit capacity. This breaking of current before it passes through the natural
zero is termed as current chopping. This current chopping may take place even in breakers
which produce varying degree of deionizing force. The effect of a practically instantaneous
collapse of the arc current, even of only a few amperes, is potentially very serious from the
point of view of over-voltages which may result in the system. Referring  to  Fig. 15.2, the arc

Arc
voltage

Prospective
voltage

t

Arc
current

t

Recovery
voltage

B C eS

L

����	
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current is seen to approach zero in normal fashion initially with low arc voltage so that there
is virtually no capacitance current. At a certain arc current, because of the large deionizing
force, the current suddenly reduces to zero. The current in the arc was flowing from the source
through the inductance and the circuit breaker contacts. The energy contained in the
electromagnetic field cannot become zero instantaneously. It changes into some other form of
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energy. The only possibility is the conversion from electromagnetic to electrostatic form of
energy i.e., the current is diverted to the capacitor from the arc. If ia is the instantaneous
value of arc current where the chop takes place, the prospective value of voltage to which the
capacitor will be charged, will be

V = ia L C/
where L is the series inductance and C the shunt capacitance. This voltage appears across the
circuit breaker contacts. Fortunately, the breaker gap restrikes before the voltage is allowed
to reach this value (prospective voltage which normally is very high as compared to the system
voltage). The deionizing force is still in action and the current will again be chopped. Successive
chops may occur as shown in the diagram until a final chop brings the current to a zero
prematurely with no further restrike since the gap is now in an advanced stage of deionization.

Resistance Switching

As is seen in the previous section that during current
chopping very high voltages may appear across the C.B.
contacts and these voltages may endanger the operation
of the system. To reduce these voltages, a resistance across
the breaker contacts is connected as shown in Fig. 15.3.
The shunt resistor performs one or more of the following
functions:

(i) It reduces the rate of rise of restriking voltage
and thus reduces duties of the breaker.

(ii) It reduces the transient voltages during switch-
ing out inductive or capacitive loads.

(iii) In a multi-break C.B. they may be used to help to distribute the transient recovery
voltage more uniformly across the several gaps.

To reduce the transient recovery voltage requires a considerably lower value of resistor
whereas for voltage equalisation a resistor of relatively high ohmic value will be required. In
this case it is required that its resistance be low compared with the reactance of the capacitance,
shunting the breaks at the frequency of the recovery transient. It is often necessary to
compromise and make one resistor do more than one of these jobs Critical restriking voltage
damping is obtained if

R = 0.5
L
C

Example 15.1: In a system of 132 kV, the line to ground capacitance is 0.01 µF and the
inductance is 5 henries. Determine the voltage appearing across the pole of a C.B. if a
magnetising current of 5 amps (instantaneous value) is interrupted. Determine also the value
of resistance to be used across the contacts to eliminate the restriking voltage.

Solution: This is a case of conversion of electromagnetic energy into electrostatic energy
and hence the voltage appearing across breaker contacts is nothing but the voltage across the
capacitor which is given by
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   e = i
L
C

= × × = ×5
5 10

0 01
5 10 5

6
4

.
= 11.18 × 104 volts or 111.8 kV. Ans.

In order to eliminate the transient critically the value of resistance across the breaker
contacts required is

  R = 
1
2

0 5 10 54L
C

= ×.

= 11180 ohms

= 11.18 kΩ. Ans.

Example 15.2: In a short circuit test on a 132 kV 3-phase system, the breaker gave the
following results: p.f. of the fault 0.4, recovery voltage 0.95 of full line value; the breaking
current is symmetrical and the restriking transient had a natural frequency of 16 kHZ.
Determine the rate of rise of restriking voltage. Assume that the fault is grounded.

Solution: The peak value of line to neutral voltage

132

3
2.  = 107.75 kV

Since the recovery voltage is 0.95 times the full line value, the recovery voltage = 107.75
× 0.95 = 102.4 kV. Since the power factor of fault is 0.4, the value of the voltage when the
current is zero will be Vm sin θ, where θ = cos–1 0.4 = 66.42° or sin θ = 0.916.

∴ The active recovery voltage = 102.4  × 0.916

  = 93.85 kV

The maximum restriking voltage = 2 × 93.85 = 187.7 kV

∴   RRRV = 
V
t

, where t = 
1

2fn

 = 
10

2 16

3−

×
 sec

∴   RRRV = 187 7 2 16
10 3

. × ×
−  = 32 × 187.7 × 103 kV/sec

= 6.0 kV/µsec Ans.

Example 15.3. In a short circuit test on a 3-pole, 132 kV C.B. the following observations
are made: p.f. of fault 0.4, the recovery voltage 0.90 times full line value, the breaking current
symmetrical, the frequency of oscillations of restriking voltage 16 kHz. Assume that the neutral
is grounded and the fault does not involve ground, determine the average rate of rise of
restriking voltage.

Solution: Peak value of L-G voltage = 
132

3
2×  = 107.77 kV

Instantaneous value of recovery voltage is

Vr = KVm sin φ
where  K = K1K2

and K1 = multiplying factor due to system voltage

K2 = 1.5 here as fault does not involve ground
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Air cushion

Oil level

Fixed contact

Moving contact

∴  Vr = 0.90 × 1.5 × 107.77 × 0.92 = 133.85 kV

Now   fn = 
1

2π LC

∴          
1

π LC
 = 2 × 16 × 103 = 32 × 103

The average  RRRV = 
2V

LC
r

π
 = 2 × 133.85 × 32 × 103 kV/sec

or       the average   RRRV = 2 × 133.85 × 32 × 103 × 10–6 kV/µsec

= 8.566 kV/µsec. Ans.
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Mineral oil has better insulating properties than air. It is this property of oil which prompted
Steinmetz to break current under oil. He immersed an ordinary knife switch in oil and
investigated the breaking capacity of the arrangement. Reliability, simplicity of construction
and relative cheapness are particular virtues of oil breakers. Oil, however, has the following
disadvantages:

1. It is inflammable and may cause fire hazards.

2. There is a possibility of its forming an explosive mixture with air.

3. Because of the production of carbon particles in the oil due to heating, periodical
reconditioning or replacement is required.

The following are the categories of oil circuit breakers that have been developed so far:

1. The plain-break oil C.B.

2. The controlled break oil C.B. or bulk oil C.B.

3. Minimum oil C.B.

The first and second categories of breakers are also known as the dead tank construction
because the tank is held at earth potential whereas the third category is known as live tank as
the tank containing oil is insulated from the ground.

The Plain-break Oil Circuit Breaker

The circuit breaker consists of a metal tank containing
oil and encloses two or more contacts (Fig. 15.4). Since
large energies are to be dissipated within the tank, a
large gaseous pressure is developed. To withstand such
a large pressure the tank has to be a strong one. It is
usual to make the tank and the top plates either of
welded sheet steel or boiler plates. The distance
between phases and the clearances between the live
metal and the earthed metal are a function of the
operating voltage.

����	
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An air cushion is necessary between the oil surface and tank cover to accommodate the
displaced oil when gas forms around the arc. The air cushion also serves to absorb the
mechanical shock of the upward oil movement. The breaker tank should be securely bolted to
an adequate foundation, otherwise it may jump out when interrupting very heavy current.

An ample head of oil above the arcing contacts is necessary (i) to provide substantial oil
pressure at the arc; and (ii) to prevent occurrence of the chimney effect. A chimney of gas from
the arc to the oil surface is produced which comes in contact with the earthed tank. If this gas
is partially ionized and is of low dielectric strength, an arc will strike between the contact and
the earthed tank with serious consequences. Therefore, an appreciable amount of oil depending
upon the working voltage should always exist between the contact and the tank.

A gas outlet from the tank is essential and some form of vent is fitted in the tank cover.
The position of the vent is carefully chosen so that the partially ionized gases which come out
of the vent do not harm the personnel and also do not cause flash-over to the neighbouring
equipments.

Principle of Operation: The plain-break principle involves the simple process of separating
the current carrying contacts under oil with no special control over the resulting arc other
than the increase in length caused by the moving contact. The final arc extinction is obtained
when a certain critical gap between the contacts is reached, the length of which depends upon
the arc current and the recovery voltage.

At the instant of contact separation an arc is established between them. Initially, the
separation is very small and a high voltage gradient between the contacts ionizes the oil. The
gas obtained from the oil is mainly hydrogen which cannot remain in molecular form and is
dissociated in its atomic form releasing lots of heat. With this, the arc core attains a temperature
of 5000°K. The mixture of gases occupies a volume about one thousand times that of the oil
decomposed. The oil is, therefore, pushed away from the arc and an expanding gas bubble
surrounds the arc region Based on energy balance principle, final extinction of arc takes place
at a current zero when the power input to the arc is less than that dissipated between the
contacts.

From practical point of view the speed of the break should be as high as possible because
a certain break distance has to be reached before interruption is likely to occur and the sooner
this is achieved the smaller the energy released in the breaker and the less mechanically
strong a breaker will have to be designed.

The double break arrangement as shown in Fig. 15.4 is perhaps the most familiar of all
oil circuit breakers. The two breaks in series give rapid arc lengthening without the need for a
specially fast contact speed, and the total gap distance at the end of stroke can conveniently be
made ample. He vertical break principle also permits the use of a cylindrical oil tank requiring
relatively low floor area.

The Controlled-break Oil Circuit Breakers

The plain-break circuit breakers are used widely on low voltage d.c. circuits and on low voltage
distribution a.c. circuits. For higher voltages they become unduly large in size and require
huge amounts of transformer oil. Also it is not suitable for high speed interruption i.e., they
cannot be used for auto reclosing.
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The primary object of any controlled-break principle is to obtain final extinction
consistently, while the contact gap is still short and is approximately equal to the clearance
required under oil when in the open position. The arc control pots are shown in Fig. 15.5.

Moving contact

Fixed contact

(i) (ii)
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The contacts are enclosed in a chamber made of insulating material and provided with
a series of vents on one side of the chamber. Final arc extinction takes place within the chamber
which is secured to the fixed contact. The whole assembly is immersed in the oil. There is a
small clearance between the throat and the moving contact. Also, in most types, one or more
small bleed holes are provided in the upper wall to prevent air being trapped when the breaker
is filled with oil.

The arcing conditions in this breaker are different from those of plain-break breakers.
The internal space available to the gases which are produced due to the decomposition of oil is
little more than that swept out by the moving contact. As is said earlier, the mixture of gases
occupies a volume about one thousand times that of oil decomposed, a large pressure is set up
between the contacts. As a result the movement of oil is restricted in the chamber and the
expansion of internal gas bubble is limited in the pressure chamber. Also the heated gas is
forced out of the chamber away from the arc. These two conditions allow much better cooling
of the arc which results in higher breaking capacities of these breakers as compared to plain-
break breakers. The flow of gases through the vents lengthens the arc and the gases flowing
around the arc with high velocity give turbulent condition which increases the energy losses.
Also because of the large gas pressures, the mean free path of the electrons and ions is reduced
which results in effective deionization. It is seen that the pressures are self-regulated in the
sense that higher the breaking currents larger will be the pressures generated and these
breakers give their best performance at the highest currents within their ratings.

Various improvements in the design of pressure chambers have been suggested to provide
high speed arc interruption especially at currents below the rated maximum. One solution to
this problem is to use an intermediate contact between the fixed and moving contacts in the
chamber. The important features of the intermediate contact are that its movement is limited
and that spring pressure tends to keep it up against the moving contact. Thus when the moving
contact starts to withdraw, the intermediate contact follows and a primary arc is drawn between
this and the fixed contact (Fig. 15.6). After some time the intermediate contact meets a stop
and a second (series) arc is drawn between the intermediate and moving contacts.
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The aim here is to extinguish the second arc quickly by
using the gas pressure and the oil momentum due to the first arc.
This is done by arresting the intermediate contact at a definite
short distance and high gas pressure is achieved by providing a
small vent. Thus fast and high gas pressures are obtained with
safety to the chamber.

A modification of this double break oil C.B. has been
developed to give a similar effect. A common cross-bar carries
both sets of moving contacts which are so arranged that contact
separation at one of the breaks occurs slightly before that in the
other break. The arc in the first break creates gas pressure and
oil momentum, which are effective at the second break. This second
arc, therefore, experiences ‘ready-made’ deionizing effects as soon
as it appears.

Minimum Oil Circuit Breakers

One of the important developments in the design of oil C.Bs. has been to reduce the amount of
oil needed because the severity of a fire involving an oil switch is to some extent proportional
to the volume of oil contained. The other advantages are:

(i) Reduction in tank size.

(ii) Reduction in total weight.

(iii) Reduction in cost.

The use of pressure chamber for arc control in the bulk oil C.B. mentioned in the previous
article reduced the volume of oil. But it still requires huge amounts of oil for higher voltages.
The minimum oil C.B. uses solid materials for insulating purposes and uses just enough oil for
arc quenching. The bulk oil breakers described in the previous section are of the dead tank
type because tank is at earth potential whereas the arc interrupting device is enclosed in a
tank of insulating material in case of a minimum oil breaker, the whole of which is at line
voltage during normal operation and, therefore, these are known as live tank breakers.

The minimum oil C.Bs. can be of self-blast type or external blast type or a combination
of the two. In case of self-blast type the gas pressure developed depends upon the current to be
interrupted. The higher the current to be interrupted the larger is the gas pressure developed
and hence more effective is the breaker for arc quenching. But this puts a limit on the design
of the arc chamber for mechanical stresses. With the use of better insulating materials for the
arcing chambers such as glass fibre, reinforced synthetic resins etc., the minimum oil C.Bs.
are able to meet easily the increased fault levels of the systems. Most of the minimum oil C.Bs.
these days are the self-blast type.

There are two different designs of the arcing chambers in terms of the ventings provided:
(i) axial venting, and (ii) radial venting.

In case of axial venting the gases produced sweep the arc in longitudinal direction
whereas in case of radial venting they sweep the arc in transverse direction. Since axial venting
generates high gas pressures and has high dielectric strength it is used mainly for the
interruption of low currents at high voltages. The radial venting is used for interruption of
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relatively heavy currents at low voltages as the gas pressures developed are low and also the
dielectric strength is low. Many a times a combination of both is used so that the arc chamber
is equally efficient at low as well as at high currents. Such chambers, however, suffer from the
disadvantages of longer arcing periods which can be eliminated by providing oil injection devices
in addition to the self-blast. The contacts are usually operated by pull rods or rotating insulators
actuated in turn by solenoid or pneumatic mechanisms. This type of C.B. is available up to
8000 MVA at 245 kV with a total break time of 3 to 5 cycles.

	
�
 ������������������

The arc interruption in oil is due to the generation of hydrogen gas because of the decomposition
of oil. This fact prompted the investigators to study the interruption in air. No doubt, arc
interruption properties of hydrogen are much superior to air, but air has several advantages
as an arc extinguishing medium as compared to oil. They are:

1. Fire risk and maintenance associated with the use of oil are eliminated.

2. Arcing products in air are generally completely removed whereas oil deteriorates
with successive breaking operation. Therefore, the expense of regular oil replace-
ment is avoided.

3. Heavy mechanical stresses set up by gas pressure and oil movement are absent.

4. Relatively inferior arc extinguishing properties of air may be offset by using various
principles of arc control and operating air at high pressures.

This is why except for a certain medium range of voltages, air circuit breakers are
widely used for the low voltage circuits as well as the highest transmission voltages.

Main
contacts

Arcing
contacts

(a) (b)
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Simple air circuit breakers which do not incorporate any arc-control devices are used
for low voltages, below 1 kV. The oil C.Bs. are not used for heavy fault currents on low voltages
due to carbonization of oil and unduly rapid current collapse. These breakers usually have two
pairs of contacts per phase. The main pair of contacts carries the current under normal operating
conditions and is made of copper. The additional pair actually becomes the arcing electrode as
the circuit breaker is opened and are made of carbon because the vaporization and distortion
of the contacts due to the heat of the arc are confined to these contacts and, therefore, the
material used for the contacts should be non-volatile. The main contacts separate while the
arcing pair is still in contact and the arc is, therefore, initiated only when the arcing pair
separates (Fig. 15.7).

The principle of operation of these breakers is based on the high resistance method
discussed earlier.

Arc Chute Air Circuit Breakers: In this case the arc is extinguished by lengthening and
increasing the voltage gradient i.e., power loss of the arc. The arc discharge is moved upward
by both thermal and electromagnetic effects as shown in Fig. 15.8. This is then driven into a
chute consisting of splitters and baffles. The splitters increase the length of the arc even further
and the baffles give improved cooling. In this breaker relatively high arc resistance is obtained
near current zeros. This effect plays an important role in obtaining high breaking capacity by
modifying the circuit p.f. near current zero such that the voltage available to restrike the arc
is appreciably less than the peak value. A disadvantage of arc chute principle is the inefficiency
at low currents where the electromagnetic fields are weak. The chute itself is not necessarily
less efficient in its lengthening and de-ionizing action than at high currents, but the movement
of the arc into the chute tends to become slower and high speed interruption is less assured.
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The most common method of arc control in air circuit breakers is that of subjecting the arc to
high pressure air blast. There are two types of air blast circuit breakers: (i) Axial blast types,
and (ii) Cross blast types.

The designations refer to the direction of the air blast in relation to the arc.

Axial Blast Circuit Breaker

The fixed and moving contacts are held in closed position by spring pressure (Fig. 15.9). The
breaker reservoir tank is connected to the arc chamber when a tripping impulse opens the air
valve. The air entering the arc chamber exerts pressure on the moving contacts which moves
when the air pressure exceeds the spring force. The air moves with sonic velocity near the
nozzle and the arc is subjected to high pressure and there is considerable heat loss due to
forced convection. With this the diameter of the arc is reduced and the core temperature is
very high. The temperature gradients set up within the arc are very steep which results in
greater heat losses.

Air reservoir

Arcing
chamber

Piston
Moving
contacts

Spring
closing

Series
isolator

Fixed
contact

Air valve opened
by tripping impulse
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 When the current passes through zero, the air blast is more effective because the residual
column is very narrow and the high rate of heat loss becomes increasingly effective. It is
known that with a given arc length and heat loss per unit surface area, the total rate of heat
loss is proportional to the arc diameter, whereas the total energy content of the arc is roughly
proportional to the square of the diameter. The narrower the residual column, the more effective
are the heat losses in reducing the temperature and conductivity. Such conditions may allow
the column to recover dielectric strength very rapidly at current zeros.
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It is important to note here that the air pressure from the reservoir is maximum initially
and falls thereafter. It is known that for a particular reservoir pressure there is a certain
optimum contact gap at which the breaking capacity is a maximum. This gap is usually small
(in mm) and may reach very quickly if the inertia of the moving parts is kept to a minimum.
The shorter the gap, relatively smaller amounts of energy are released in the arcing chamber.
The arc is kept in the high velocity blast of air converging into the nozzle throat. The falling
reservoir pressure and short optimum gap result in three important features of the axial blast
principle.

1. The interruption must take place at the first current zero after the optimum gap has
reached otherwise restrikes may take place at subsequent zeros due to falling air pressures. It
is to be noted here that the chances of interruption in case of O.C.B. increase if arcing persists
beyond the first current zero.

2. The axial blast circuit breaker gives high speed clearance because of the short gap
needed for interruption. This is desirable for improving transient stability on high voltage
transmission and interconnection networks.

3. The small contact gap after interruption constitutes inadequate clearance for the
normal system voltage; therefore, an auxiliary switch known as an isolating switch is
incorporated as part of this C.B. and opens immediately after fault interruption to provide the
necessary insulation clearance. The moving contact is allowed to return and engage the fixed
contact as the air pressure in the chamber falls below the spring pressure. The air pressure on
the moving contact must be maintained until the isolator is fully open.

For low voltages the isolating switch is not required and an adequate travel is provided
instead for the moving contact.

The arcing time of arc controlled circuit breaker varies considerably depending upon
the breaking current. The higher the breaking current (within the rating of the breaker), the
smaller the arcing time. The arcing time in case of air blast circuit breaker is independent of
the breaking current because of the fixed air pressure and the optimum short gap. The arc
duration as a function of breaking current is almost flat as can be seen in Fig. 15.10. The short
gap along with an isolating switch gives a total break time of 2 to 5 cycles.
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The operation of the air blast circuit breaker is very much affected by the circuit natural
frequency. When the current is passing through zero value the residual column has relatively
high resistance which reduces the likelihood of the restriking voltage transient being damped.
Now the effect of rate of rise of restriking voltage during this zero current condition is more
serious especially where the chance of extinction decreases after the optimum gap has reached.
It is to be noted that the chance of extinction in case of oil circuit breaker increases form one
current zero to the next. The effect of natural frequency on the performance of the air blast
circuit breaker is overcome by shunting the arc with resistors of suitable values.

The Cross Blast Air Circuit Breakers

In this case the blast is directed transversely, across the arc and the physical conditions are
different from the axial blast. The cross blast lengthens and forces the arc into a suitable
chute and serves rather the same purpose as electromagnetic force in the low voltage air C.B.
discussed earlier. The final interruption gap is good enough to provide normal insulation
clearance so that a series isolating switch is unnecessary. Consistent high speed operation is
not usually obtained to the extent possible with the axial blast air C.Bs.

Air blast C.Bs. can also be of (i) live tank type, and (ii) dead tank type. Live tank has a
metal tank insulated from ground and compressed air is used for insulation between contacts.
The tank is supported by a porcelain insulator. In case of dead tank type, the tank is held at
ground potential. The breaker contacts are insulated from the tank by compressed air in parallel
with solid insulation immersed in the air.

Most of the circuit breakers up to 11 kV are either of the air break type or of the oil
break type. Between 11 kV and 66 kV mainly oil C.Bs. are in use while between 132 kV and
275 kV the market is shared by oil (both minimum as well as bulk oil) and gas blast breakers.
At the highest system voltages i.e., between 400 kV and above the C.Bs. are of the gas blast
type.
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A vacuum system is one in which the pressure maintained is at a value below the atmospheric
pressure and is measured in terms of mm of mercury. One standard atmospheric pressure at
0°C is equal to 760 mm of mercury. One mm of Hg pressure is also known as one torr after the
name of Torricelli who was the first to obtain pressures below atmospheric, with the help of
mercury barometer. Sometimes 10–3 torr is known as one micron. It is now possible to obtain
pressures as low as 10–8 torr.

In a Townsend type of discharge, in a gas, the mean free path of the particles is small
and electrons get multiplied due to various ionization processes and an electron avalanche is
formed. In a vacuum of the order of 10–5 torr the mean free path is of the order of few metres
and thus when the electrodes are separated by a few mm an electron crosses the gap without
any collision. Therefore, in a vacuum the current growth prior to breakdown cannot take place
due to formation of electron avalanches. However, if it could be possible to liberate gas in the
vacuum by some means, the discharge could take place according to Townsend process. Thus,
a vacuum arc is different from the general class of low and high pressure arcs. In the vacuum
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arc the neutral atoms, ions and electrons do not come from the medium in which the arc is
drawn but they are obtained from the electrodes themselves by evaporating its surface material.
Because of the large mean free path for the electrons, the dielectric strength of the vacuum is
a thousand times more than when the gas is used as the interrupting medium. In this range of
vacuum the breakdown strength is independent of the gas density and depends only on the
gap length and upon the condition of electrode surface. Highly polished and thoroughly degassed
electrodes show higher breakdown strength. Contacts get roughened after use and thus the
dielectric strength or breakdown strength decreases which can be improved by applying
successive high voltage impulses which of course does not change the roughened surface but
removes the loosely adhering metal particles from the electrodes which were deposited during
arcing. It has been observed that for a vacuum of 10–6 torr some of the metals like silver,
copper-bismuth etc. attain their maximum breakdown strength when the gap is slightly less
than 3 mm. This property of vacuum switches permits the use of short gaps for fast operation.

The Vacuum Arc

The vacuum arc results from the neutral atoms, ions and electrons emitted from the electrodes
themselves. As the current carrying contacts are separated, cathode spots are formed depending
upon the current to be interrupted. For low currents a highly mobile cathode spot is formed
and for large currents a multiple number of cathode spots are formed. These spots constitute
the main source of vapour in the arc. The processes involved in drawing the arc will be due to
high electric field between the contacts or resistive heating produced at the point of operation
or a combination of the two. The cathode surfaces, normally, are not perfectly smooth but have
many micro projections. When the contacts are separating, the current flowing in the circuit
will be concentrated in these projections as they form the last point of contact. Due to their
small area of cross-section, the projections will suffer explosive evaporation by resistive heating
and supply sufficient quantity of vapour for the arc formation. Since in case of vacuum breakers
the emission occurs only at the cathode spots and not from the entire surface of the cathode,
the vacuum arc is also known as cold cathode arc. In cold cathode the emission of electrons
could be due to any of the combinations of the following mechanisms: (i) Field emission; (ii)
Thermionic emission; (iii) Field and Thermionic emission; (iv) Secondary emission by positive
ion bombardment; (v) Secondary emission by photons; and (vi) Pinch effect.

Vacuum Arc Stability

In a.c. circuit the current passes through zero value 100 times in a second. It is desirable to
interrupt the current when it is passing through zero value, otherwise over-voltage will be
induced due to current chopping. Therefore, it is necessary for successful arc interruption that
it be stable for a half cycle duration and particularly it should continue to exist when the
current approaches zero. The stability of arc in vacuum depends upon: (i) the contact material
and its vapour pressure, and (ii) circuit parameters such as voltage, current, inductance and
capacitance. It has been observed that higher the vapour pressure at low temperature the
better is the stability of the arc. There are certain metals like Zn, Bi which show these
characteristics and are better electrode materials for vacuum breakers. Besides the vapour
pressure, the thermal conductivity of the metal also affects the current chopping level. A good
heat conducting metal will cool its surface faster and hence its contact surface temperature
will fall which will result into reduction in evaporation rate and arc will be chopped because of
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insufficient vapour. On the other hand, a bad heat conductor will maintain its temperature
and vaporization for a longer time and the arc will be more stable.

Shunt capacitor across the breaker contacts reduces the average life time of the arc.
The higher the value of the capacitance, more is the reduction in life time. An inductance, in
series, on the other hand increases the life time. Similarly, higher the system operating voltage,
the longer is the duration for which the arc exists because more restoring voltage is available
to keep the arc burning.

Current Chopping
It is known that current chopping in air and oil C.Bs. occurs due to instability in the arc
column whereas in case of vacuum breakers it depends upon the vapour pressure and the
electron emission properties of the contact material. It is possible to reduce the current level
at which chopping takes place by selecting a contact material which gives out sufficient metal
vapour to allow the current to come to a very low value or zero value but it is normally not
done as it affects the dielectric strength adversely. Since gas pressure is low in a vacuum
switch, the main criterion to limit current chopping is the proper selection of contact material.
It has been found that no single metal gives all the desirable properties. A high vapour pressure
and low conductivity metal is more desirable to limit the current chopping whereas low vapour
pressure metals are more desirable from the arc extinction point of view. Materials having
high boiling and melting points have low vapour pressure at high temperatures but are poor
conductors whereas metals having low boiling and melting points have high vapour pressure
at high temperatures, low electron functions and have good thermal and electrical
conductivities. Therefore, to combine these contradictory properties in one single material,
composites of two or more metals or a metal and a nonmetal have to be made. Copper-bismuth,
silver-bismuth, silver-lead, copper-lead are some of the alloys used as contact materials.

Vacuum Arc-recovery Phenomenon
When the arc interruption is over, the space between the surrounding the electrodes is filled
with vapour and plasma. The presence of this residue affects very much the ability of an
interrupter to withstand high voltages. The process by which this residue decays and by which
the vacuum gap regains its dielectric strength is known as arc recovery phenomenon. At current
zero the cathode spot extinguishes within 10–8 second and after this the original dielectric
strength is established very soon. This quick build-up of dielectric strength is due to the
condensing, quick diffusion and of metal vapour to the glass walls in absence of gas molecules.
After the arc is interrupted, the recovery strength during the first few micro-seconds is 1 kV/
µsec for an arc current of 100 A, as compared with 50 V/µsec in case of air gap.

Construction of Vacuum Breaker

A schematic diagram of the vacuum C.B. is shown in Fig. 15.11. It is a very simple device as
compared to an air or an oil C.B. The outer envelope is normally made of glass due to the ease
of joining it to the metallic end-caps and also because the glass envelope makes it easy to
examine from outside the state of the contacts after the breaker has interrupted the current.
This is important since a change from a silvery mirror-like finish to a milky white colour
shows that the baffle is losing its vacuum. A sputter shield is provided in between the contacts
and the envelope in order to prevent the metal vapour reaching the envelope as it reduces the
breakdown strength between the contacts. This is generally made of stainless steel. Inside the
sputter shield the breaker has two contacts, one fixed and the other moving contact which
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moves through a short distance of 5 to 10 mm depending upon the operating voltage. The
metallic bellows made of stainless steel is used to move the lower contact. The design of the
bellows is very important as the life of the vacuum breaker depends upon the ability of this
part to perform repeated operations satisfactorily. The periphery of the end-cap is sealed to
the envelope and the fixed contact stem is an integral part of one end-cap. One end of the fixed
as well as moving contact is brought out of the chamber for external connections.

Fixed contact

End cap

Ceramic envelope

Contact tip

Sputte shield

Bellows

Moving contact

����
������
�������������� !���"#���$��%%����!�%���&!��'�!(

The lower end of the breaker is fixed to a spring-operated or solenoid operated mechanism
so that the metallic bellows inside the chamber are moved downward and upwards during
opening and closing operation respectively. It is to be noted that the operating mechanism
should provide sufficient pressure for a good connection between the contacts and should avoid
any bouncing action.

Application of Vacuum Breakers

Because of the short gap and excellent recovery characteristics of vacuum breakers, they can
be used where the switching frequency is high and required to be reliable. For low fault
interrupting capacities the cost is low as compared to other interrupting devices. The vacuum
switches can be used for capacitor switching which is a very difficult task using oil C.Bs. They
can be used along with static overcurrent relays and given an overall clearance time of less
than 40 m-sec on phase-to-phase faults. There are many applications where a simple load-
break switch is not enough and at the same time the devices used should not be costly. They
include reactor switching, transformer switching, line dropping, capacitor bank switching.
These applications give a fast RRRV and vacuum breakers are the best solutions. Where
voltages are high and the current to be interrupted is low, these breakers have definite
advantages over the air or oil C.Bs. As the maintenance required is the least, these breakers
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are most suitable in a country like India where there is a very big complex rural electrification
programme. the distribution network is mostly at 11 kV or 33 kV, and therefore, they will be
more suitable than any other type of C.Bs.
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SF6, as has been discussed earlier, has excellent insulating strength because of its affinity for
electrons (electronegativity) i.e., whenever a free electron collides with the neutral gas molecule
to form negative ion, the electron is absorbed by the neutral gas molecule. The attachment of
the electron with the neutral gas molecule may occur in two ways:

SF6 + e → SF6
–

SF6 + e → SF5
– + F

The negative ions formed are relatively heavier as compared to free electrons and,
therefore, under a given electric field the ions do not attain sufficient energy to lead cumulative
ionization in the gas. Thus, these processes represent an effective way of removing electrons
from the space which otherwise would have contributed to form electron avalanche. This
property, therefore, gives rise to very high dielectric strength for SF6. The gas not only possesses
a good dielectric strength but it has the unique property of fast recombination after the source
energizing the spark is removed. This property of SF6 makes it very effective in quenching
arcs. SF6 is approximately 100 times as effective as air in quenching arcs. SF6 has excellent
heat transfer properties because its high molecular weight together with its low gaseous
viscosity enable it to transfer heat by convection more effectively than the common gases. The
arc is thus better interrupted by slowing down the electrons by cooling in case of SF6 as the arc
quenching medium. The thermal time constant of SF6 is low and as a result the pressures at
which it should be stored and used are relatively smaller as compared to air. Also for the same
limiting voltage the natural frequency of mains may be greater (almost 100 times) in case of
SF6 as compared to air because of lower time constant of SF6. This means that SF6 breakers
can withstand severe RRRV and thus are most suitable for short line faults without switching
resistors and can interrupt capacitive currents without restriking.

Construction of SF6 Breaker

A 132 kV dead tank type SF6 circuit breaker is shown in Figs. 15.12(a) and (b). This consist of
two parts mainly: (i) the interrupter unit, and (ii) the gas system.

The Interrupter Unit: This consists of fixed contacts which comprise a set of current
carrying fingers and an arcing probe. When the breaker is in the close position, the fingers
make contact round the circumference of the moving contact which has the arcing probe enclosed
within its hollow end. The contacts are surrounded by interrupting nozzles and a blast shield
which controls are displacement and the movement of the hot gas. The moving contact is in
the form of hollow nozzle sliding in a second set of spring loaded fingers. Side vents in the
moving contact allow the high pressure gas into the main tank. As soon as the moving contact
is withdrawn from the fixed finger contacts an arc is drawn between the moving nozzle and
the arcing probe. As the contacts move further apart, the arc is extended and attenuated. It is
finally extinguished by the gas flow from the high pressure to the low pressure systems.
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The Gas System: The closed circuit gas system used in the SF6 C.Bs. is shown in
Fig. 15.12(b). Since the gas pressure is very high, lot of care is to be taken to prevent gas
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leakages at joints by providing perfect scaling. The low and high pressure system are fitted
with low pressure alarms and a set of lock-out switches which give a warning the moment the
gas pressure drops below a certain value, because otherwise there will be reduction in the
dielectric strength and arc quenching ability of the breaker is endangered. If the danger limit
is reached the safety devices immobilise the breaker. The over-riding safety devices see to it
that a fault in the control circuit does not permit the compressor to build up excessive pressure
in the high pressure reservoir or continue to pump gas into the atmosphere in the event of a
major leak. The gas is stored in the high pressure chamber at 16 atmospheres whereas the gas
pressure on the low pressure side is 3 atmospheres. The temperature is 20°C. In order to
prevent liquefaction of the gas in the high pressure chamber at low temperature, a heater is
fitted in the high pressure chamber. A thermostat is set to switch on when the ambient
temperature falls below 16°C.

Advantages of SF6 Breakers

The following are the advantages of SF6 breakers over the conventional breakers:

1. The current chopping tendency is minimized by using the gas SF6 at low pressure
and low velocity.

2. The closed circuit gas cycle and low velocity operation eliminates the moisture prob-
lem and gives noiseless operation of the breaker.

3. Because of the outstanding arc quenching properties of SF6, the arcing time is small
and, therefore, contact erosion is less.

4. No carbon particle is formed during arcing and, therefore, there is no reduction in the
dielectric strength of the gas.

5. The circuit breaker performance is not affected due to the atmospheric conditions.
6. Electrical clearances are drastically reduced due to high dielectric strength of SF6.

��� ���!"
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A circuit breaker has to work under different circumstances. It is rated in terms of (i) the
number of poles, (ii) rated voltage and current, (iii) rated frequency, (iv) rated making capacity,
(v) rated symmetrical and asymmetrical breaking capacities, (vi) short time rating, and (vii)
operating duty.

The number of poles per phase of a breaker is a function of the operating voltage.

The voltage levels at various points in a system vary depending upon the system condition
and as a result the breaker has to operate under such variable voltage conditions. The breaker
is expected to operate at a maximum voltage which normally is higher than the rated nominal
voltage.

The rated current of a circuit breaker is the maximum value of current in r.m.s. amperes
which it shall carry continuously without exceeding the temperature limits of the various
parts of the breaker.

The rated frequency of a breaker is the frequency for which it is designed to operate.
Applications at frequencies other than the designed, need special considerations.
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The making current is the peak value of the maximum current loop, including d.c.
component, in any phase during the first cycle of current when the C.B. is closed (Fig. 15.13).
Then making current corresponds to the ordinate I1. The capacity of a breaker to make currents
depends upon its ability to withstand and to close successfully against the effect of
electromagnetic forces. The maximum force in any phase is a function of the square of the
maximum instantaneous current occurring in that phase on closing. It is, therefore, the practice
to specify making current in terms of peak value rather than in terms of r.m.s. value. The
making capacity is, therefore, specified by the product of the making current it can make and
carry instantaneously at the rated service voltage.
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It is known that in a particular phase the current is maximum right at the instant short
circuit takes place, after which the current decreases. The current in the first one or two cycles
(depending upon the time constant of the damper winding) is known as subtransient current
and in the next 8 to 10 cycles it is known as transient current and finally the steady current
where the effect of both damper and field winding dies down. The asymmetry in the current is
due to the d.c. component. In case the symmetrical breaking current is known, the making

current can be obtained by multiplying this current by 2  to get the peak value and again by

1.8 to include the doubling effect (i.e., d.c. component at the first peak is almost equal to the
a.c. component).

The breaking current of a breaker depends upon the instant on the current wave when
the contacts begin to open. In Fig. 15.13 the contacts start separating at AB. The symmetric

breaking current is given by x/ 2  amp and the asymmetric breaking current is given by

x
y

2

2
2�

��
�
��

+

The breaking capacity of a breaker is the product of the breaking current and the recovery
voltage. The symmetrical breaking capacity is the product of symmetric breaking current and
the recovery voltage. Similarly, the asymmetrical breaking capacity is the product of asymmetric
breaking current and the recovery voltage.
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The short time rated current is the current that can be safely applied, with the C.B. in
its normal conditions, for 3 seconds, if the ratio of symmetrical breaking current to normal
current is less than 40 or for 1 second otherwise.

These ratings are based on thermal limitations. In case the circuit breaker is not used
for auto-reclosing, it must be capable of the following short circuit operating duty:

B – 3 – MB – 3 – MB

where B is breaking operation, 3 is the duration in minutes, M is the making operation.

Circuit breakers with auto-reclosures should be capable of the following short circuit
operating duty:

B–Dt–MB

Here Dt is the dead time of the breaker in terms of cycles.

Example 15.4: A circuit breaker is rated at 1500 amps, 2000 MVA, 33 kV, 3 sec, 3-
phase, oil circuit breaker. Determine the rated normal current, breaking current, making
current and short time rating (current).

Solution: The rated normal current is 1500 amps.

Breaking current = 
2000

3 33×
 = 34.99 kV

Making current = 2.55 × 34.99 = 89.22 kA

Short time rating = 34.99 kA for 3 sec. Ans.

Example 15.5: A generator connected through a 3-cycle C.B. to a transformer is rated
10 MVA, 13.8 kV with reactances of Xd″ = 10%, Xd′ = 15% and Xd = 100%. It is operating at no
load and rated voltage when a 3-phase short circuit occurs between the breaker and the
transformer. Determine (i) the sustained short circuit current in the breaker; (ii) the initial
symmetrical r.m.s. current in the breaker; (iii) the maximum possible d.c. component of the
short circuit current in the breaker; (iv) the momentary current rating of the breaker; (v) the
current to be interrupted by the breaker; and (vi) the interrupting kVA.

Solution:

(i) Since the steady reactance is 100%,

∴ The steady state short circuit MVA = 10 MVA

∴ Steady state short circuit current = 
10 1000

3 13 8
×
× .

 = 418 amps

(ii) The initial symmetrical r.m.s. current is the current corresponding to sub-transient
state where the % reactance is 10.

∴ Short circuit MVA = 
10
10

100×  = 100 MVA

∴ The short circuit current = 
100

3 13 8× .
 = 4180 amps (r.m.s.)

(iii) The maximum possible d.c. component = peak value of the subtransient current = 2 ×
4180 = 5910 amps.
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(iv) Momentary current rating = 1.6 × 4180 = 6688 amps
(v) Since it is a 3-cycle breaker the current to be interrupted by the breaker = 1.2 ×

symmetrical breaking current = 1.2 × 4180 = 5019 amps.

(vi) The interrupting kVA = 3 13 8 5016× ×.  = 119897 kVA or 119.897 MVA Ans.
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An equipment when  designed to certain specification and is fabricated, needs testing for its
performance. The general design is tried and the results of such tests conducted on one selected
breaker and are thus applicable to all others of identical  construction. These tests are called
the type tests. These tests are classified as follows:

1. Short circuit tests:
(i) Making capacity test.

(ii) Breaking capacity test.
(iii) Short time current test.
(iv) Operating duty test.

2. Dielectric tests:
(i) Power frequency test:

(a) One minute dry withstand test.

(b) One minute wet withstand test.
(ii) Impulse voltage dry withstand test.

3. Thermal test.

4. Mechanical test.
Once a particular design is found satisfactory, a large number of similar C.Bs. are

manufactured for marketing. Every piece of C.B. is then tested before putting into service.
These tests are known as routine tests. With these tests it is possible to find out if incorrect
assembly or inferior quality material has been used for a proven design equipment. These
tests are classified as: (i) operation tests, (ii) millivoltdrop tests, (iii) power frequency voltage
tests at manufacturer’s premises, and (iv) power frequency voltage tests after erection on site.

We will discuss first the type tests. In that also we will discuss the short circuit tests
after the other three tests.

Dielectric Tests
The general dielectric characteristics of any circuit breaker or switchgear unit depend upon
the basic design i.e., clearances, bushing materials, etc., upon correctness and accuracy in
assembly and upon the quality of materials used. For a C.B. these factors are checked from
the viewpoint of their ability to withstand overvoltages at the normal service voltage and
abnormal voltages during lightning or other phenomenon.

The test voltage is applied for a period of one minute between (i) phases with the breaker
closed, (ii) phases and earth with C.B. open, and (iii) across the terminals with breaker open.
With this the breaker must not flashover or puncture. These tests are normally made on
indoor switchgear. For such C.Bs. the impulse tests generally are unnecessary because it is
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not exposed to impulse voltages of a very high order. The high frequency switching surges do
occur but the effect of these in cable systems used for indoor switchgear are found to be safely
withstood by the switchgear if it has withstood the normal frequency test.

Since the outdoor switchgear is electrically exposed, they will be subjected to overvoltages
caused by lightning. The effect of these voltages is much more serious than the power frequency
voltages in service. Therefore, this class of switchgear is subjected in addition to power frequency
tests, the impulse voltage tests.

The test voltage should be a standard 1/50 µ sec wave, the peak value of which is specified
according to the rated voltage of the breaker. A higher impulse voltage is specified  for non-
effectively grounded system than those for solidly grounded system. The test voltages are
applied between (i) each pole and earth in turn with the breaker closed and remaining phases
earthed, and (ii) between all terminals on one side of the breaker and all the other terminals
earthed, with the breaker open. The specified voltages are withstand values i.e., the breaker
should not flashover for 10 applications of the wave. Normally this test is carried out with
waves of both the polarities.

The wet dielectric test is used for outdoor switchgear. In this, the external insulation is
sprayed for two minutes while the rated service voltage is applied; the test overvoltage is then
maintained for 30 seconds during which no flashover should occur. The effect of rain on external
insulation is partly beneficial, insofar as the surface is thereby cleaned, but is also harmful if
the rain contains impurities.

Thermal Tests

These tests are made to check the thermal behaviour of the breakers. In this test the rated
current through all three phases of the switchgear is passed continuously for a period long
enough to achieve steady state conditions. Temperature readings are obtained by means of
thermocouples whose hot junctions are placed in appropriate positions. The temperature rise
above ambient, of conductors, must normally not exceed 40°C when the rated normal current
is less than 800 amps and 50°C if it is 800 amps and above.

An additional requirement in the type test is the measurement of the contact resistances
between the isolating contacts and between the moving and fixed contacts. These points are
generally the main sources of excessive heat generation. The voltage drop across the breaker
pole is measured for different values of d.c. current which is a measure of the resistance of
current carrying parts and hence that of contacts.

Mechanical Tests

A C.B. must open and close at the correct speed and perform such operations without mechanical
failure. The breaker mechanism is, therefore, subjected to a mechanical endurance type test
involving repeated opening and closing of the breaker. B.S. 116 : 1952 requires 500 such
operations without failure and with no adjustment of the mechanism. Some manufacturers
feel that as many as 20,000 operations may be reached before any useful information regarding
the possible causes of failure may be obtained. A resulting change in the material or dimensions
of a particular component may considerably improve the life and efficiency of the mechanism.

Short Circuit Tests

These tests are carried out in short circuit testing stations to prove the ratings of the C.Bs.
Before discussing the tests it is proper to discuss about the short circuit testing stations.
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There are two types of testing stations: (i) field type, and (ii) laboratory type.

In case of field type stations the power required for testing is directly taken from a large
power system. The breaker to be tested is connected to the system. Whereas this method of
testing is economical for high voltage C.Bs. it suffers from the following drawbacks:

1. The tests cannot be repeatedly carried out for research and development as it disturbs
the whole network.

2. The power available depends upon the location of the testing stations, loading
conditions, installed capacity, etc.

3. Test conditions like the desired recovery voltage, the RRRV etc. cannot be achieved
conveniently.

In case of laboratory testing the power required for testing is provided by specially
designed generators. This method has the following advantages:

1. Test conditions such as current, voltage, power factor, restriking voltages can be
controlled accurately.

2. Several indirect testing methods can be used.

3. Tests can be repeated and hence research and development over the design is possible.

The limitations of this method are the cost and the limited power availability for testing
the breakers.

Short Circuit Test Plants
The essential components of a typical test plant are represented in Fig. 15.14. The short-circuit
power is supplied by specially designed short-circuit generators driven by induction motors.
The magnitude of voltage can be varied by adjusting excitation of the generator or the
transformer ratio. A plant master-breaker is available to interrupt the test short circuit current
if the test breaker should fail. Initiation of the short circuit may be by the master breaker, but
is always done by a making switch which is specially designed for closing on very heavy currents
but never called upon to break currents. The generator winding may be arranged for either
star or delta connection according to the voltage required; by further dividing the winding into
two sections which may be connected in series or parallel, a choice of four voltages is available.
In addition to this the use of resistors and reactors in series gives a wide range of current and
power factors. The generator, transformer and reactors are housed together, usually in the
building accommodating the test cells.

Test
breakerRLL

Motor
Generator

Master
breaker

Making
switch
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Generator

The short circuit generator is different in design from the conventional power station. The
capacity of these generators may be of the order of 2000 MVA and very rigid bracing of the
conductors and coil ends is necessary in view of the high electromagnetic forces possible. The
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limiting factor for the maximum output current is the electromagnetic force. Since the operation
of the generator is intermittent, this need not be very efficient. The reduction of ventilation
enables the main flux to be increased and permits the inclusion of extra coil end supports. The
machine reactance is reduced to a minimum.

Immediately before the actual closing of the making switch the generator driving motor
is switched out and the short circuit energy is taken from the kinetic energy of the generator
set. This is done to avoid any disturbance to the system during short circuit. However, in this
case it is necessary to compensate for the decrement in generator voltage corresponding to the
diminishing generator speed during the test. This is achieved by adjusting the generator field
excitation to increase at a suitable rate during the short circuit period.

Resistors and Reactors

The resistors are used to control the p.f. of the current and to control the rate of decay of d.c.
component of current. There are a number of coils per phase and by combinations of series and
parallel connections, desired value of resistance and/or reactance can be obtained.

Capacitors

These are used for breaking line charging currents and for controlling the rate of re-striking
voltage.

Short Circuit Transformer

The leakage reactance of the transformer is low so as to withstand repeated short circuits.
Since they are in use intermittently, they do not pose any cooling problem. For voltage higher
than the generated voltages, usually banks of single phase transformers are employed. In the
short circuit station at Bhopal there are three single phase units each of 11 kV/76 kV. The
normal rating is 30 MVA but their short circuit capacity is 475 MVA.

Master C.Bs.

These breakers are provided as back up which will operate, should the breaker under test fail
to operate. This breaker is normally air blast type and the capacity is more than the breaker
under test. After every test, it isolates the test breaker from the supply and can handle the full
short circuit of the test circuit.

Make Switch

The make switch is closed after other switches are closed. The closing of the switch is fast,
sure and without chatter. In order to avoid bouncing and hence welding of contacts, a high air
pressure is maintained in the chamber. The closing speed is high so that the contacts are fully
closed before the short circuit current reaches its peak value.

Test Procedure

Before the test is performed all the components are adjusted to suitable values so as to obtain
desired values of voltage, current, rate of rise of restriking voltage, p.f., etc. The measuring
circuits are connected and oscillograph loops are calibrated.

During the test several operations are performed in a sequence in a short time of the
order of 0.2. sec. This is done with the help of a drum switch with several pairs of contacts
which is rotated with a motor. This drum when rotated closes and opens several control circuits
according to a certain sequence. In one of the breaking capacity tests the following sequence
was observed:
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(i) After running the motor to a speed the supply is switched off.

(ii) Impulse excitation is switched on. (iii) Master C.B. is closed.

(iv) Oscillograph is switched on. (v) Make switch is closed.

(vi) C.B. under test is opened. (vii) Master C.B. is opened.

(viii) Exciter circuit is switched off.

The circuit for direct test is shown in Fig. 15.15.
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Here XG = generator reactance, S1 and S2 are master and make switches respectively. R
and X are the resistance and reactance for limiting the current and control of p.f., T is the
transformer, C, R1 and R2 is the circuit for adjusting the restriking voltage.

For testing, breaking capacity of the breaker under test, master and breaker under test
are closed first. Short circuit is applied by closing the making switch. The breaker under test
is opened at the desired moment and the breaking current is determined from the oscillograph
as explained earlier.

For making capacity test the master and the make switches are closed first and short
circuit is applied by closing the breaker under test. The making current is determined from
the oscillograph as explained earlier.

For short time current test, the current is passed through the breaker for a short time
say 1 second and the oscillogram is taken as shown in Fig. 15.16.
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From the oscillogram the equivalent r.m.s. value of short-time current is obtained as
follows:

The time interval 0 to T is divided into 10 equal parts marked as 0, 1, 2, ... , 9, 10. Let
the r.m.s. value of currents at these instants be I0, I1, I2, ..., I9, I10 (asymmetrical values). From
these values, the r.m.s.  value of short-time current is calculated using Simpson formula.
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Operating duty tests are performed according to standard specification unless the duty
is marked on the rating plate of the breaker. The tests according to specifications are:

(i) B–3′–B–3′–B at 10% of rated symmetrical breaking capacity;

(ii) B–3′–B–3′–B at 30% of rated symmetrical breaking capacity;

(iii) B–3′–B–3′–B at 60% of rated symmetrical breaking capacity;

(iv) B–3′–MB–3′–MB at not less than 100% of rated symmetrical breaking capacity and
not less than 100% of rated making capacity. Test duty (iv) may be performed as two separate
duties as follows:

(a) M–3′–M (Make test);

(b) B–3′–B–3′–B (Break test).

(v) B–3′–B–3′–B at not less than 100% of rated asymmetrical breaking capacity.

Here B and M represent breaking and making operations respectively. MB denotes the
making operation followed by breaking operation without any intentional time lag. 3′ denotes
the time in minutes between successive operations of an operating duty.
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Depending upon the time, for which the faults exist on the system, are classified as follows:

(i) Transient fault (ii) Semi-permanent fault and (iii) Permanent Fault.

The transient fault exists only for a short time and these can be removed faster still if
the line is disconnected from the system momentarily so that the arc extinguishes. After the
arc is deionised, the line can be reclosed to restore normal service. It is found that about 80%
of the faults are transient faults, 12% semi-permanent and 8% are permanent faults. If it is
semi-permanent fault, may be due to a twig falling on the power conductor or a bird spanning
the power conductors, reclosing could be resorted with some delay so that the cause of the
fault could be burnt away during a time delay trip and the line could be reclosed to restore
normal service. However, for permanent fault reclosing does not help as it has to be attended
and removed, and the line is to be taken out till the fault is cleared. Therefore, if the fault is
not cleared after the first reclosure, a double or triple shot reclosing is desired. If the fault still
persists, the line is taken out of service.

Autoreclosing could be single phase or three phase. Single phase autoreclosing is resorted
when a line to ground fault takes place and reclosed after a predetermined time. For multiphase
faults, all three phases are opened and reclosure is not attempted. In single phase autoreclosing
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the power can still be fed through the healthy phases to the system and the system is less
unstable as compared to 3-phase reclosing. In case of three phase autoreclosing, all the three
phases are opened independent of the type of fault, be it a single line to ground, or a line to line
or 3-phase fault and are reclosed after a pre-determined time. Here during the opening period,
no power can be transmitted and hence the system is liable to operate unstably.

������	�

15.1. Explain how arc is initiated and sustained in a circuit breaker when the circuit breaker contacts
separate.

15.2. Discuss the principle of arc interruption in (i) an oil C.B.; and (ii) air blast circuit breaker.

15.3. Compare the performance and characteristics of (i) minimum oil breakers and air blast C.B.; (ii)
air blast C.B. and bulk oil C.B.

15.4. Explain the terms (i) Symmetrical breaking current; (ii) Asymmetrical breaking current; and
(iii) making current. Explain clearly how these currents can be determined from oscillograms
taken during short circuit tests on a 3-phase C.B.

15.5. Explain the terms (i) restriking voltage; (ii) recovery voltage; and (iii) RRRV. Derive an expres-
sion for the restriking voltage in terms of system voltage, inductance and capacitance, across a
C.B. contact when a 3-phase fault takes place. Assume the neutral of the system to be solidly
grounded.

15.6. In a short circuit test on a C.B. the following readings were obtained on a single frequency tran-
sient:

(i) Time to reach the peak restriking voltage 40 µsec;

(ii) the peak restriking voltage 100 kV.

Determine the average RRRV and the frequency of oscillation.

15.7. An 11 kV, 50 Hz alternator is connected to a system which has inductance and capacitance per
phase of 10 mH and 0.01 µF respectively. Determine (i) the maximum voltage across the breaker
contacts; (ii) Frequency of transient oscillation; (iii) the average RRRV; and (iv) the maximum
RRRV.

15.8. A 66 kV, 50 Hz, 3-phase alternator has an earthed neutral. The inductance and capacitance per
phase of the system are 7 mH and 0.01 µF respectively. The short circuit test gave the following
results: Power factor of fault 0.25, fault current symmetrical recovery voltage is 90% of full line
voltage. Assuming that the fault is isolated from the ground, calculate the RRRV.

15.9. A circuit breaker is rated as 2500 A, 1500 MVA, 33 kV, 3 secs, 3-phase oil C.B. Determine the
rated symmetrical breaking current, rated making current, short time rating and rated service
voltage.

15.10. Differentiate between type tests and routine tests. What different tests are carried out to prove
the ability of a C.B.?

15.11. Describe with the help of a neat diagram the procedure of testing a C.B. in a testing station.

15.12. Describe with the help of neat diagram short circuit testing stations. What are the advantages of
laboratory type testing station?

15.13. What are the requirements of the contact material for a vacuum circuit breaker? Why is current
chopping not a serious problem with such circuit breakers?

15.14. Describe the construction, principle of operation and application of a vacuum breaker.

15.15. Compare the performance of SF6 gas with air when used for circuit breaking.
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15.16. Explain the process of ‘current chopping’ in SF6 breakers.

15.17. Describe the construction, principle of operation and application of SF6 circuit breaker. How does
this breaker essentially differ from an air blast breaker?
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Insulation coordination means the correlation of the insulation
of the various equipments in a power system to the insulation
of the protective devices used for the protection of those
equipments against overvoltages. In a power system various
equipments  like transformers, circuit breakers, bus supports
etc. have different breakdown voltages and hence the volt-time
characteristics. In order that all the equipments should be
properly protected it is desired that the insulation of the various
protective devices must be properly coordinated. The basic
concept of insulation coordination is illustrated in Fig. 16.1.
Curve A is the volt-time Curve of the protective device and B
the volt-time curve of the equipment to be protected. Figure
16.1 shows the desired positions of the volt-time curves of the
protecting device and the equipment to be protected. Thus, any insulation having a withstand
voltage strength in excess of the insulation strength of curve B is protected by the protective
device of curve A.

The ‘volt-time curve’ expression will be used very frequently in this chapter. It is,
therefore, necessary to understand the meaning of this expression.
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The breakdown voltage for a particular insulation or flashover voltage for a gap is a function
of both the magnitude of voltage and the time of application of the voltage. The volt-time curve
is a graph showing the relation between the crest flashover voltages and the time to flashover
for a series of impulse applications of a  given wave shape. For the construction of volt-time
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curve the following procedure is adopted. Waves of the same shape but of different peak values
are applied to the insulation whose volt-time curve is required. If flashover occurs on the front
of the wave, the flashover point gives one point on the volt-time curve. The other possibility is
that the flashover occurs just at the peak value of the wave; this gives another point on the
V-T curve. The third possibility is that the flashover occurs on the tail side of the wave. In this
case to find the point on the V-T curve, draw a horizontal line from the peak value of this wave
and also draw a vertical line passing through the point where the flashover takes place. The
intersection of the horizontal and vertical lines gives the point on the V-T curve. This procedure
is nicely shown in Fig. 16.2.
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The overvoltages against which coordination is required could be caused on the system
due to system faults, switching operation or lightning surges. For lower voltages, normally
up to about 345 kV, overvoltages caused by system faults or switching operations do not cause
damage to equipment insulation although they may be detrimental to protective devices.
Overvoltages caused by lightning are of sufficient magnitude to affect the equipment insulation
whereas for voltages above 345 kV it is these switching surges which are more dangerous for
the equipments than the lightning surges.

The problem of coordinating the insulation of the protective equipment involves not
only guarding the equipment insulation but also it is desired that the protecting equipment
should not be damaged.

To assist in the process of insulation coordination, standard insulation levels have been
recommended. These insulation levels are defined as follows:

Basic impulse insulation levels (BIL) are reference levels expressed in impulse crest
voltage with a standard wave not longer than 1.2/50 µsec wave. Apparatus insulation as
demonstrated by suitable tests shall be equal to or greater than the basic insulation level.
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The problem of insulation coordination can be studied under three steps:

1. Selection of a suitable insulation which is a function of reference class voltage (i.e.,
1.05 × operating voltage of the system). Table 16.1 gives the BIL for various reference class
voltages.

Table 16.1 Basic Impulse Insulation Levels

Reference Standard basic Reduced insulation
class impulse level levels
kV kV

23 150

34.5 200

46 250

69 350

92 450

115 550 450

138 650 550

161 750 650

196 900

230 1050 900

287 1300 1050

345 1550 1300

2. The design of the various equipments such that the breakdown or flashover strength
of all insulation in the station equals or exceeds the selected level as in (1).

3. Selection of protective devices that will give the apparatus as good protection as can
be justified economically.

The above procedure requires that the apparatus to be protected shall have a withstand
test value not less than the kV magnitude given in the second column of Table 16.1, irrespective
of the polarity of the wave positive or negative and irrespective of how the system was grounded.

The third column of the table gives the reduced insulation levels which are used for
selecting insulation levels of solidly grounded systems and for systems operating above 345 kV
where switching surges are of more importance than the lightning surges. At 345 kV, the
switching voltage is considered to be 2.7 p.u., i.e., 345 ×
2.7 = 931.5 kV which corresponds to the lightning level.
At 500 kV, however, 2.7 p.u. will mean 2.7 × 500 =
1350 kV switching voltage which exceeds the lightning
voltage level. Therefore, the ratio of switching voltage
to operating voltage is reduced by using the switching
resistances between the C.B. contacts. For 500 kV, it
has been possible to obtain this ratio as 2.0 and for 765
kV it is 1.7. With further increase in operating voltages
it is hoped that the ratio could be brought to 1.5. So, for
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switching voltages the reduced levels in third column are used i.e., for 345 kV, the standard
BIL is 1550 kV but if the equipment can withstand even 1425 kV or 1300 kV it will serve the
purpose. Figure 16.3 gives the relative position of the volt-time curves of the various equipments
in a substation for proper coordination. To illustrate the selection of the BIL of a transformer
to be operated on a 138 kV system assume that the transformer is of large capacity and its
star point is solidly grounded. The grounding is such that the line-to-ground voltage of the
healthy phase during a ground fault on one of the phase is say 74% of the normal L-L voltage.
Allowing for 5% overvoltage during operating conditions, the arrester rms operating voltage
will be 1.05 × 0.74 × 138 = 107.2 kV. The nearest standard rating is 109 kV. The characteristic
of such a L.A. is shown in Fig. 16.4. From the figure the breakdown value of the arrester is
400 kV. Assuming a 15% margin plus 35 kV between the insulation levels of L.A. and the
transformer, the insulation level of transformer should be at least equal to 400 + 0.15 × 400 + 35
= 495 kV. From Fig. 16.4 (or from the table the reduced level of transformer for 138 kV is
550 kV) the insulation level of transformer is 550 kV; therefore a lightning arrester of 109 kV
rating can be applied.
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It is to be noted that low voltage lines are not as highly insulated as higher voltage lines
so that lightning surges coming into the station would normally be much less than in a higher
voltage station because the high voltage surges will flashover the line insulation of low voltage
line and not reach the station.

The traditional approach to insulation coordination requires the evaluation of the highest
overvoltages to which an equipment may be subjected during operation and selection of
standardized value of withstand impulse voltage with suitable safety margin. However, it is
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realized that overvoltages are a random phenomenon and it is uneconomical to design plant
with such a high degree of safety that they sustain the infrequent ones. It is also known that
insulation designed on this basis does not give 100% protection and insulation failure may
occur even in well designed plants and, therefore, it is desired to limit the frequency of insulation
failures to the most economical value taking into account equipment cost and service continuity.
Insulation coordination, therefore, should be based on evaluation and limitation of the risk of
failure than on the a priori choice of a safety margin.

The modern practice, therefore, is to make use of probabilistic concepts and statistical
procedures especially for very high voltage equipments which might later on be extended to
all cases where a close adjustment of insulation to system conditions proves economical. The
statistical methods even though laborious are quite useful.

	
�� ���������������������

The causes of overvoltages in the system have been studied extensively in Chapter 12. Basically,
there are two sources: (i) external overvoltages due to mainly lightning, and (ii) internal
overvoltages mainly due to switching operation. The system can be protected against external
overvoltages using what are known as shielding methods which do not allow an arc path to
form between the line conductor and ground, thereby giving inherent protection in the line
design. For protection against internal voltages normally non-shielding methods are used
which allow an arc path between the ground structure and the line conductor but means are
provided to quench the arc. The use of ground wire is a shielding method whereas the use of
spark gaps, and lightning arresters are the non-shielding methods. We will study first the
non-shielding methods and then the shielding methods. However, the non-shielding methods
can also be used for external overvoltages.

The non-shielding methods are based upon the principle of insulation breakdown as the
overvoltage is incident on the protective device; thereby a part of the energy content in the
overvoltage is discharged to the ground through the protective device. The insulation breakdown
is not only a function of voltage but it depends upon the time for which it is applied and also it
depends upon the shape and size of the electrodes used. The steeper the shape of the voltage
wave, the larger will be the magnitude of voltage required for breakdown; this is because an
expenditure of energy is required for the rupture of any dielectric, whether gaseous, liquid or
solid, and energy involves time. The energy criterion for various insulations can be compared
in terms of a common term known as Impulse Ratio which is defined as the ratio of breakdown
voltage due to an impulse of specified shape to the breakdown voltage at power frequency. The
impulse ratio for sphere gap is unity because this gap has a fairly uniform field and the
breakdown takes place on the field ionization phenomenon mainly whereas for a needle gap it
varies between 1.5 to 2.3 depending upon the frequency and gap length. This ratio is higher
than unity because of the nonuniform field between the electrodes. The impulse ratio of a gap
of given geometry and dimension is greater with solid than with air dielectric. The insulators
should have a high impulse ratio for an economic design whereas the lightning arresters should
have a low impulse ratio so that a surge incident on the lightning arrester may be by passed to
the ground instead of passing it on to the apparatus.
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The volt-time characteristics of gaps having one electrode grounded depend upon the
polarity of the voltage wave. From Fig. 16.5 it is seen that the volt-time characteristic for
positive polarity is lower than the negative polarity, i.e., the breakdown voltage for a negative
impulse is greater than for a positive because of the nearness of earthed metal or of current
carrying conductors. For post insulators the negative polarity wave has a high breakdown
value whereas for suspension insulators the reverse is true.

Horn Gap

The horn gap consists of two horn shaped rods separated by a small distance. One end of this
is connected to the line and the other to the earth as shown in Fig. 16.6, with or without a
series resistance. The choke connected between the equipment to be protected and the horn
gap serves two purposes: (i) The steepness of the wave incident on the equipment to be protected
is reduced. (ii) It reflects the voltage surge back on to the horn.

Whenever a surge voltage exceeds the breakdown value of the gap a discharge takes
place and the energy content in the rest part of the wave is by-passed to the ground. An arc is
set up between the gap, which acts like a flexible conductor and rises upwards under the
influence of the electromagnetic forces, thus increasing the length of the arc which eventually
blows out.

There are two major drawbacks of the horn gap: (i) The time of operation of the gap is
quite large as compared to the modern protective gear. (ii) If used on isolated neutral the horn
gap may constitute a vicious kind of arcing ground. For these reasons, the horn gap has almost
vanished from important power lines.
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Surge Diverters

The following are the basic requirements of a surge diverter:

(i) It should not pass any current at normal or abnormal (normally 5% more than the
normal voltage) power frequency voltage.

(ii) It should breakdown as quickly as possible after the abnormal high frequency volt-
age arrives.

(iii) It should not only protect the equipment for which it is used but should discharge
the surge current without damaging itself.

(iv) It should interrupt the power frequency follow current after the surge is discharged
to ground.

There are mainly three types of surge diverters: (i) Rod gap, (ii) Protector tube or
expulsion type of lightning arrester, (iii) Valve type of lightning arrester.

Rod Gap

This type of surge diverter is perhaps the simplest, cheapest and most rugged one. Fig. 16.7
shows one such gap for a breaker bushing. This may take the form of arcing ring. Fig. 16.8
shows the breakdown characteristics (volt-time) of a rod gap. For a given gap and wave shape
of the voltage, the time for breakdown varies approximately inversely with the applied voltage.

Conductor electrode

Earther
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The times to flashover for positive polarity are lower than for negative polarities. Also
it is found that the flashover voltage depends to some extent on the length of the lower
(grounded) rod. For low values of this length there is a reasonable difference between positive
(lower value) and negative flashover voltages. Usually a length of 1.5 to 2.0 times the gap
spacing is good enough to reduce this difference to a reasonable amount. The gap setting
normally chosen is such that its breakdown voltage is not less than 30% below the voltage
withstand level of the equipment to be protected.

Even though rod gap is the cheapest form of protection, it suffers from the major
disadvantage that it does not satisfy one of the basic requirements of a lightning arrester
listed at no. (iv) i.e., it does not interrupt the power frequency follow current. This means that
every operation of the rod gap results in a L-G fault and the
breakers must operate to de-energize the circuit to clear the
flashover. The rod gap, therefore, is generally used as back up
protection.

Expulsion Type of Lightning Arrester: An improvement of
the rod gap is the expulsion tube which consists of (i) a series gap
(1) external to the tube which is good enough to withstand normal
system voltage, thereby there is no possibility of corona or leakage
current across the tube; (ii) a tube which has a fibre lining on the
inner side which is a highly gas evolving material; (iii) a spark
gap (2) in the tube; and (iv) an open vent at the lower end for the
gases to be expelled (Fig. 16.9). It is desired that the breakdown
voltage of a tube must be lower than that of the insulation for
which it is used. When a surge voltage is incident on the expulsion
tube the series gap is spanned and an arc is formed between the
electrodes within the tube. The heat of the arc vaporizes some of
the organic material of the tube wall causing a high gas pressure
to build up in the tube. The resulting neutral gas creates lot of
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turbulence within the tube and is expelled out from the open bottom vent of the tube and it
extinguishes the arc at the first current zero. At this instant the rate of build up of insulation
strength is greater than the RRRV. Very high currents have been interrupted using these
tubes. The breakdown voltage of expulsion tubes is slightly lower than for plain rod gaps for
the same spacing. With each operation of the tube the diameter of the tube (fibre lining)
increases; thereby the insulation characteristics of the tube will lower down even though not
materially. The volt-time characteristics (Fig. 16.10) of the expulsion tube are somewhat better
than the rod gap and have the ability to interrupt power voltage after flashover.
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Valve Type Lightning Arresters: An improved but more expensive surge diverter is the
valve type of lightning arrester or a non-linear surge diverter. A porcelain bushing (Fig. 16.11)
contains a number of series gaps, coil units and the valve elements of the non-linear resistance
material usually made of silicon carbide disc, the latter possessing low resistance to high
currents and high resistance to low currents. The characteristic is usually expressed as I = KVn,
where n lies between 2 and 6 and K is constant, a function of the geometry and dimension of
the resistor. The non-linear characteristic is attributed to the properties of the electrical contacts
between the grains of silicon carbide. The discs are 90 mm in dia and 25 mm thick. A grading
ring or a high resistance is connected across the disc so that the system voltage is evenly
distributed over the discs. The high resistance keeps the inner assembly dry due to some heat
generated.

Figure 16.12 shows the volt-ampere characteristics of a non-linear resistance of the
required type. The closed curve represents the dynamic characteristic corresponding to the
application of a voltage surge whereas  the dotted line represents the static characteristic.
The voltage corresponding to the horizontal tangent to the dynamic characteristic is known as
the residual voltage (IR drop) and is the peak value of the voltage during the discharge of the
surge current. This voltage varies from 3 kV to 6 kV depending upon the type of arrester i.e.,
whether station or line type, the magnitude and wave shape of the discharge current. The
spark gaps are so designed that they give an impulse ratio of unity to the surge diverter and
as a result they are unable to interrupt high values of current and the follow up currents are
limited to 20 to 30 A. The impulse breakdown strength of a diverter is smaller than the residual
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voltage, and therefore, from the point of view of insulation coordination residual voltage decides
the protection level.
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The operation of the arrester can be easily understood with the help of Figs. 16.13 (a)
and (b). When a surge voltage is incident at the terminal of the arrester it causes the two gap

www.EngineeringBooksPdf.com



D-8\N-SYSTEM1\SYS16-1.PM6.5

�:� %�%" #�"���'!*%#��+� %,�

units to flashover, thereby a path is provided to the surge to the ground through the coil
element and the non-linear resistor element. Because of the high frequency of the surge, the
coil develops sufficient voltage across its terminals to cause the by-pass gap to flashover. With
this the coil is removed from the circuit and the voltage across the LA is the IR drop due to the
non-linear element. This condition continues till power frequency currents follow the preionized
path. For power frequency the impedance of the coil is very low and, therefore, the arc will
become unstable and the current will be transferred to the coil (Fig. 16.13 (b)). The magnetic
field developed by the follow current in the coil reacts with this current in the arcs of the gap
assemblies, causing them to be driven into arc quenching chambers which are an integral part
of the gap unit. The arc is extinguished at the first current zero by cooling and lengthening the
arc and also because the current and voltage are almost in phase. Thus the diverter comes
back to normal state after discharging the surge to the ground successfully.
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Location of Lightning Arresters: The normal practice is to locate the lightning arrester
as close as possible to the equipment to be protected. The following are the reasons for the
practice: (i) This reduces the chances of surges entering the circuit between the protective
equipment and the equipment to be protected. (ii) If there is a distance between the two, a
steep fronted wave after being incident on the lightning arrester, which sparks over
corresponding to its spark-over voltage, enters the transformer after travelling over the lead
between the two. The wave suffers reflection at the terminal and, therefore, the total voltage
at the terminal of the transformer is the sum of reflected and the incident voltage which
approaches nearly twice the incident voltage i.e., the transformer may experience a surge
twice as high as that of the lightning arrester. If the lightning arrester is right at the terminals
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this could not occur. (iii) If L is the inductance of the lead between the two, and IR the residual
voltage of the lightning arrester, the voltage incident at the transformer terminal will be

V = IR + L
di
dt

where di/dt is the rate of change of the surge current.

It is possible to provide some separation between the two, where a capacitor is connected
at the terminals of the equipment to be protected. This reduces the steepness of the wave and
hence the rate di/dt and this also reduces the stress distribution over the winding of the
equipment.

There are three classes of lightning arresters available:

(i) Station type: The voltage ratings of such arresters vary from 3 kV to 312 kV and
are designed to discharge currents not less than 100,000 amps. They are used for the protection
of substation and power transformers.

(ii) Line type: The voltage ratings vary from 20 kV to 73 kV and can discharge currents
between 65,000 amps and 100,000 amps. They are used for the protection of distribution
transformers, small power transformers and sometimes small substations.

(iii) Distribution type: The voltage ratings vary from 8 kV to 15 kV and can discharge
currents up to 65,000 amperes. They are used mainly for pole mounted substation for the
protection of distribution transformers up to and including the 15 kV classification.

Rating of Lightning Arrester: A lightning arrester is expected to discharge surge currents
of very large magnitude, thousands of amperes, but since the time is very short in terms of
microseconds, the energy that is dissipated through the lightning arrester is small compared
with what it would have been if a few amperes of power frequency current had been flown for
a few cycles. Therefore, the main  considerations in selecting the rating of a lightning arrester
is the line-to-ground dynamic voltage to which the arrester may be subjected for any condition
of system operation. An allowance of 5% is normally assumed, to take into account the light
operating condition under no load at the far end of the line due to Ferranti effect and the
sudden loss of load on water wheel generators. This means an arrester of 105% is used on a
system where the line to ground voltage may reach line-to-line value during line-to-ground
fault condition.

The overvoltages on a system as is discussed earlier depend upon the neutral grounding
condition which is determined by the parameters of the system. We recall that a system is
said to be solidly grounded only if

R
X

0

1
1≤

and X
X

0

1
3≤

and under this condition the line-to-ground voltage during a L-G fault does not exceed 80% of
the L-L voltage and, therefore, an arrester of (80% + 0.05 × 80%) = 1.05 × 80% = 84% is
required. This is the extreme situation in case of solidly grounded system. In the same system
the voltage may be less than 80%; say it may be 75%. In that case the rating of the lightning
arrester will be 1.05 × 75% = 78.75%. The overvoltages can actually be obtained with the help
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of precalculated curves. One set of curves corresponding to a particular system is given in
Fig. 16.14.
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For system grounded through Peterson coil, the overvoltages may be 100% if it is properly
tuned and, therefore, it is customary to apply an arrester of 105% for such systems. Even
though there is a risk of overvoltages becoming more than 100% if it is not properly tuned, but
it is generally not feasible to select arresters of sufficiently high rating to eliminate all risks of
arrester damage due to these reasons. The voltage rating of the arrester, therefore, ranges
between 75% to 105% depending upon the neutral grounding condition.

So far we have discussed the non-shielding method. We now discuss the shielding method
i.e., the use of ground wires for the protection of transmission lines against direct lightning
strokes.

	
�� ������� ���!

The ground wire is a conductor running parallel to the power conductors of the transmission
line and is placed at the top of the tower structure supporting the power conductors (Fig. 16.15
(a)). For horizontal configuration of the power line conductors, there are two ground wires to
provide effective shielding to power conductors from direct lightning stroke whereas in vertical
configuration there is one ground wire. The ground wire is made of galvanized steel wire or in
the modern high voltage transmission lines ACSR conductor of the same size as the power
conductor is used. The material and size of the conductor are more from mechanical
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consideration rather than electrical. A reduction in the effective ground resistance can be
achieved by other relatively simpler and cheaper means. The ground wire serves the following
purposes: (i) It shields the power conductors from direct lightning strokes. (ii) Whenever a
lightning stroke falls on the tower, the ground wires on both sides of the tower provide parallel
paths for the stroke, thereby the effective impedance (surge impedance) is reduced and the
tower top potential is relatively less. (iii) There is electric and magnetic coupling between the
ground wire and the power conductors, thereby the changes of insulation failure are reduced.

Protective angle of the ground wire is defined as the angle between the vertical line
passing through the ground wire and the line passing through the outermost power conductor
(Fig. 16.15 (a)) and the protective zone is the zone which is a cone with apex at the location of
the ground wire and surface generated by line passing through the outermost conductor.
According to Lacey, a ground wire provides adequate shielding to any power conductor that
lies below a quarter circle drawn with its centre at the height of ground wire and with its
radius equal to the height of the ground wire above the ground. If two or more ground wires
are used, the protective zone between the two adjacent wires can be taken as a semicircle
having as its diameter a line connecting the two ground wires (Fig. 16.15 (b)). The field
experience alongwith laboratory investigation has proved that the protective angle should be
almost 30° on plain areas whereas the angle decreases on hilly areas by an amount equal to
the slope of the hill.

The voltage to which a transmission tower is raised when a lightning strikes the tower,
is independent of the operating voltage of the system and hence the design of transmission
line against lightning for a desired performance is independent of the operating voltage. The
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basic requirement for the design of a line based on direct stroke are: (i) The ground wires used
for shielding the line should be mechanically strong and should be so located that they provide
sufficient shield. (ii) There should be sufficient clearance between the power conductors
themselves and between the power conductors and the ground or the tower structure for a
particular operating voltage. (iii) The tower footing resistance should be as low as can be
justified economically.

To meet the first point the ground wire as is said earlier is made of galvanized steel
wire or ACSR wire and the protective angle decides the location of the ground wire for effective
shielding. The second factor, i.e., adequate clearance between conductor and tower structure
is obtained by designing a suitable length of cross arm such that when a string is given a
swing of 30° towards the tower structure the air gap between the power conductor and tower
structure  should be good enough to withstand the switching voltage expected on the system,
normally four times the line-to-ground voltage (Fig. 16.16).
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The clearances between the conductors also should be adjusted by adjusting the sag so
that the mid span flashovers are avoided.

The third requirement is to have a low tower footing resistance economically feasible.
The standard value of this resistance acceptable is approximately 10 ohms for 66 kV lines and
increases with the operating voltage. For 400 kV it is approx. 80 ohms. The tower footing
resistance is the value of the footing resistance when measured at 50 Hz. The line performance
with regard to lightning depends upon the impulse value of the resistance which is a function
of the soil resistivity, critical breakdown gradient of the soil, length and type of driven grounds
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or counterpoises and the magnitude of the surge current. If the construction of the tower does
not give a suitable value of the footing resistance, following methods are adopted.

One possibility could be the chemical treatment of the soil. This method is not practically
possible because of the long length of the lines and because this method needs regular check
up about the soil conditions. It is not possible to check up the soil conditions at each and every
tower of the line which runs in several miles. Therefore, this method is used more for improving
the grounds of the substation.

The methods normally used for improving the grounds of transmission towers are the
use of (i) ground rods, and (ii) counterpoises.

Ground Rods

Ground rods are used to reduce the tower footing resistance. These are put into the ground
surrounding the tower structure. Fig. 16.17 shows the variation of ground resistance with the
length and thickness of the ground rods used. It is seen that the size (thickness) of the rod
does not play a major role in reducing the ground resistance as does the length of the rod.
Therefore, it is better to use thin but long rods or many small rods.
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Counterpoise

A counterpoise is galvanized steel wire run in parallel or radial or a combination of the two,
with respect to the overhead line. The various configurations used are shown in Fig. 16.18.

The corners of the squares indicate the location of the tower legs. The lightning stroke
as is incident on the tower, discharges to the ground through the tower and then through the
counterpoises. It is the surge impedance of the counterpoises which is important initially and
once the surge has travelled over the counterpoise it is the leakage resistance of the counterpoise
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that is effective. While selecting a suitable counterpoise it is necessary to see that the leakage
resistance of the counterpoise should always be smaller than the surge impedance; otherwise,
positive reflections of the surge will take place and hence instead of lowering the potential of
the tower (by the use of counterpoise) is will be raised.

Single parallel continuous

Double parallel continuous

Radial

Radial and continuous
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The leakage resistance of the counterpoise depends upon the surface area, i.e., whether
we have one long continuous counterpoise say 1000 m or four smaller counterpoises of  250 m
each, as far as the leakage resistance is concerned it is same, whereas the surge impedance of
say 1000 m if it is 200 ohms, then it will be 200/4, if there are four counterpoises of 250 m.
each, as these four wires will now be connected in parallel. Also if the surge takes say 6 micro-
seconds to travel a distance of 1000 m to reduce the surge impedance to leakage impedance,
with four of 250 m, it will take 1.5. µ sec, that is, the surge will be discharged to ground faster,
the shorter the length of the ground wire. It is, therefore, desirable to have many short
counterpoises instead of one long counterpoise. But we should not have too many short
counterpoises, otherwise the surge impedance will become smaller than the leakage resistance
(which is fixed for a counterpoise) and positive reflections will occur.

The question arises as to why we should have  a low value of tower footing resistance. It
is clear that, whenever a lightning strikes a power line, a current is injected into the power
system. The voltage to which the system will be raised depends upon what impedances the
current encounters. Say if the lightning stroke strikes a tower, the potential of the tower will
depend upon the impedance of the tower. If it is high, the potential of the tower will also be
high which will result in flashover of the insulator discs and result in a line-to-ground fault.
The flashover will take place from the tower structure to the power conductor and, therefore,
it is known as back flashover,

Surge absorbers: A surge absorber is a device which absorbs energy contained in a
travelling wave. Corona is a means of absorbing energy in the form of corona loss. A short
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length of cable between the equipment and the overhead line
absorbs energy in the travelling wave because of its high
capacitance and low inductance. Another method of absorbing
energy is the use of Ferranti surge absorber which consists of an
air core inductor connected in series with the line and surrounded
by an earthed metallic sheet called a dissipator. The dissipator is
insulated from the inductor by the air as shown in Fig. 16.19.

The surge absorber acts like an air cored transformer whose primary is the low
inductance inductor and the dissipator acts as the single turn short circuit secondary. Whenever
the travelling wave is incident on the surge absorber a part of the energy contained in the
wave is dissipated as heat due to transformer action and by eddy currents. Because of the
series inductance, the steepness of the wave also is reduced. It is claimed that the stress in the
end turns is reduced by 15% with the help of surge absorber.
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A rotating machine is less exposed to lightning surge as compared to transformers. Because of
the limited space available, the insulation on the windings of rotating machines is kept to a
minimum. The main difference between the winding of rotating machine and transformer is
that in case of rotating machines the turns are fewer but longer and are deeply buried in the
stator slots. Surge impedance of rotating machines in approx. 1000 Ω and since the inductance
and capacitance of the windings are large as compared to the overhead lines the velocity of
propagation is lower than on the lines. For a typical machine it is 15 to 20 metres/ µ sec. This
means that in case of surges with steep fronts, the voltage will be distributed or concentrated
at the first few turns. Since the insulation is not immersed in oil, its impulse ratio is approx.
unity whereas that of the transformer is more than 2.0.

The rotating machine should be protected against major and minor insulations. By
major insulation is meant the insulation between winding and the frame and minor insulation
means inter-turn insulation.

The major insulation is normally determined
by the expected line-to-ground voltage across the
terminal of the machine whereas the minor
insulation is determined by the rate of rise of the
voltage. Therefore, in order to protect the rotating
machine against surges requires limiting the surge
voltage magnitude at the machine terminals and
sloping the wave front of the incoming surge. To
protect the major insulation a special lightning
arrester is connected at the terminal of the machine
and to protect the minor insulation a condenser of
suitable rating is connected at the terminals of the
machine as shown in Fig. 16.20.
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16.1. What are volt-time curves ? What is their significance in power system studies ?

16.2. What are BILS ? Explain their significance in power system studies.

16.3. Describe the construction, principle of operation and applications of (i) Rod gaps; (ii) Expulsion
gap; and (iii) Valve type lightning arrester.

16.4. Compare the relative performances of the following: (i) Rod gap; (ii) Expulsion gap; and (iii)
Valve type L.A.

16.5. Explain clearly how the rating of a lightning arrester is selected. What is the best location of a
lightning arrester and why ?

16.6. What is tower-footing resistance ? What are the methods to reduce this resistance ? Why is it
required to have this resistance as low as economically feasible ?

16.7. What are ground rods and counterpoises ? Explain clearly how these can be used to improve the
grounding conditions. Give various arrangements of counterpoise.

16.8. “The leakage resistance of a counterpoise should be lower than its surge impedance.” Why ?

16.9. What is a ground wire ? Discuss its location with respect to power conductors.

16.10. What are the requirements of a ground wire for protecting power conductors against direct light-
ning stroke ? Explain how they are achieved in practice.

16.11. Explain the principle of operation of Ferranti surge absorber.

16.12. What are the basic requirements of a lightning arrester ? Differentiate between (i) a lightning
arrester and a lightning conductor, and (ii) a surge diverter and a surge absorber.

16.13. Explain clearly how a lightning arrester is selected for protecting a power transformer.

16.14. Give a scheme of protecting a rotating machine against overvoltages. Explain clearly how the
scheme is different from protecting a power transformer.

���������!
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A classical problem of maximum power transfer is well known.
Consider Fig. 17.1 (a). In case the source is a d.c. one, the
maximum power is transferred when ZI = ZL , where ZI and ZL
are both resistive and in case of an a.c. circuit maximum power
is transferred when ZL = conjugate of ZI = ZI*.

But with this, half of the total power transferred is
wasted in the circuit i.e., in R in case of d.c. circuit and in Z in
case of a.c. circuit. For a power system engineer this is a highly
uneconomical proposition. Normally, a transmission loss of
about 15% is permissible.

Further, the power system engineer is faced with a variable load ranging from minimum
to maximum at or near a constant value of voltage. Voltage is a very important factor as the
light output of a lamp reduces very much when it is operated below a certain rated voltage.
The induction motor draws more current for the same torque when operated at lower voltages
and under extreme low voltage condition motors may stall under load.

The maximum power transfer problem becomes much more complicated by the presence
of synchronous machines in the electric power system. If attempts are made to transfer power
more than certain value known as steady state stability limit, the machines may fall out of
step and supply to customers may be affected.

The magnitude of power that can be transmitted from a source to asynchronous loads
such as heaters, lamps and induction motors depends upon the range of voltage that is available
from the source which may be tolerated by the load and the current carrying ability of the
various components of the network.

Whereas, when two or more synchronous machines are in operation on the same power
system, it is found that a power transfer limit exists even though voltages at both the ends can
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be held at specified values. If a synchronous motor is connected to a synchronous generator,
loss of synchronism results in stalling of synchronous motor and if two generators are connected,
loss of synchronism will result in wild fluctuation of current and voltage within the transmission
network. The power transfer between the sources is alternatively positive and negative with
an average of zero. Under such situation it is imperative to separate the machines by opening
the circuit breakers and resynchronizing them.

There are two forms of instability in power systems, the stalling of asynchronous loads
(voltage stability or load stability) and the loss of synchronism between synchronous machines.
The synchronous stability is again divided into two regimes:

(i) Steady state stability.

(ii) Transient state stability.

The steady state stability is the stability of the system under conditions of gradual or
relatively slow change in load. The load is assumed to be applied at a rate which is slow when
compared either with the natural frequency of oscillations of the major parts of the system or
with the rate of change of field flux in the rotating machine in response to the change in
loading.

The transient state stability refers to the maximum flow of power possible through a
point without losing the stability with sudden and large changes in the network conditions
such as brought about by faults, by sudden large increment of loads.

Besides the two categories of stabilities as mentioned above, there is a third category of
stability known as dynamic stability. When synchronous machines are operated alongwith
fast acting voltage regulator, the stability limits of the system are higher than when rather
slow acting regulators are used. Dynamic stability also
corresponds to slow changes in load as in the case of steady
state stability but the main difference between the two is
that dynamic stability is made possible by the action of fast
acting voltage regulators which are capable of changing the
flux at a faster rate than that caused by the system in falling
out of step whereas in steady state stability we assume that
the regulator acts slowly in order to adjust the terminal
voltage to the prescribed value. It is to be noted that during
dynamic stability zone the system does not operate on a single
power angle curve but the modern fast-acting exciters will
change the operating curve during the period under study.
A typical curve is shown in Fig. 17.1 (b). The power systems
are usually not designed to operate in the region of dynamic stability as absolute dependence
on voltage regulator performance has not been considered advisable. However, during
disturbance and under emergency conditions, the power system can be operated for realizing
additional transfer of power by operating it in the dynamic stability zone.
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Consider Fig. 17.2 for the calculation of power flow. All the quantities have been expressed in
polar form

I = 
V V

Z
V
Z

V
Z

1 2 1 20∠ − ∠
∠

= ∠ − − ∠ −
δ

θ
δ θ θ( )

Power received is given by

P2 = Re [V2I*]
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Let θ = 90 – α

∴ P2 = 
V V

Z
V
Z

1 2 2
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    = 
V V

Z
V
Z

1 2 2
2

sin ( ) sinα δ α+ − (17.2)

Now α is a function of the impedance of the line; therefore, the power P2 received is
maximum when α + δ = 90° or δ = (90 – α) and the value is given by

P2 max = 
V V

Z
V
Z

1 2 2
2

− sin α

Also sin α = 
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 P2 max = V
r x

r
r x

2
2

2 2 2 2

1

+
−

+

�

�

	
	




�

�
�

(17.3)

For P2 max to be maximum
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��
 = 0

or       r2 + x2 = 4r2

or    x = 3r (17.4)
This shows that the maximum power can be transferred from end 1 to end 2 when the

reactance of the line is 3  times it resistance. Normally, the reactance is quite large as compared

����	
����������(���
�

��./+����(
���

www.EngineeringBooksPdf.com



���������������� !����"����#$%&%�� ��0

0 90 180 �

– 90– 180

Pm
C

B

A

to the resistance. The equation shows that it is not necessarily desirable to compensate by
series capacitance for all the reactance. Also it is clear that the power can be transferred only
if reactance in present. In case reactance is zero power cannot be transmitted.

For a lossless line r = 0 and the transmitted power

P2 = 
V V

x
1 2 sin δ (17.5)

The equation (17.5) shows that the power transmitted
depends upon the system reactance and the angle between
the two rotors. The curve drawn between P2 and δ is known
as the power angle curve and is shown in Fig. 17.3.

The maximum power transmitted is given by

Pm = 
V V

x
1 2

for a given V1, V2 and x and occurs at an angle of 90°.
The torque angle δ is positive for generator action and
negative for motor action. In case of generator action the
rotor advances in the direction of rotation whereas for motor
action, the rotor retards or falls back opposite to the direction
of rotation. The maximum value of power transmitted can be varied by varying V1, V2 and x
the circuit reactance. The system is stable if and only if for an increase in rotor angle δ the
transmitted power also increases, i.e., the dP/dδ should be positive. It can be seen from Fig.
17.3 that the range where dP/dδ is positive lies between 90 and –90°. When the tie-line
impedance  is purely capacitive (negative reactance), the range of angle for delivering power
to the system is from 180° to 270° instead of from 0 to 90°. At zero degree with inductive
reactance the power transmitted is zero whereas at 180° with capacitive reactance even though
the power to be transmitted is zero but a large wattless current will flow which is not desirable
and, therefore, normally over compensation of lines (by using series capacitor) is never done.

We study the power angle curve (Fig. 17.3) in detail. Let P be the mechanical input to
the generator and the mechanical output from the motor assuming negligible frictional and
transmission losses. Say initially this power corresponds to point A on the power angle curve.
If a small increment of shaft load is added to the motor, the output power of the motor increases
as the speed does not change momentarily whereas the input to the motor remains unchanged.
Therefore, there is a net torque on the motor tending to retard it and its speed decreases
temporarily. As a result of reduction in motor speed, the rotor angle δ increases and consequently
the power input to the motor increases until finally the input and output are again in equilibrium
and steady operation takes place at a new point B higher than A on the power angle curve.
The gradual addition of load on the motor shaft is possible till the point C is reached on the
power angle curve where P = Pmax and any further addition of load will result in increase in
angle δ but reduction in input power to the motor and, therefore, the motor will decelerate
further and it will pull out of step and will probably stall unless it has damper winding which
may keep it running as an induction motor. Pm is known as the steady state stability limit of
the system which means that it is the maximum power that can be transmitted and synchronism
will be lost if an attempt is made to transmit power more than this limit.
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The steady state stability limit can be increased by (i) increasing the excitation of the
motor or generator or both so that the internal e.m.fs. are increased, and (ii) reducing the
reactance. This is done by either running parallel lines or by using the series capacitors.
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Under normal operations, the relative position of the rotor axis and the stator magnetic field
axis is fixed. The angle between the two is known as the load angle or torque angle denoted by
δ and depends upon the loading of the machine. Larger the loading, larger is the value of the
torque angle δ. If some load is added or removed from the shaft of the synchronous machine,
the rotor will decelerate or accelerate respectively with respect to the synchronously rotating
stator field and a relative motion begins. It is said that the rotor is swinging with respect to
the stator field. The equation describing the relative motion of the rotor (load angle δ) with
respect to the stator field as a function of time is known as swing equation. If Ts represents the
shaft torque and Te the electromagnetic torque and if these are assumed positive for a generator,
the net torque causing acceleration is

Ta = Ts – Te (17.6)

and Ta is positive if shaft torque input is greater than the electromagnetic power output. For
a motor if Te the electromagnetic torque input is greater than the shaft torque output the
motor rotor will accelerate. A similar relation holds good when expressed in terms of power,
i.e.,

Pa = Ps – Pe

where Pa is accelerating power.
Since a synchronous machine is a rotating body, the laws of mechanics apply to this

also. We know that power is equal to torque times the angular velocity.
Pa = Paω (17.7)

Now torque is moment of inertia times the angular acceleration.
∴ Pa = Taω = Iαω = Mα (17.8)
Here ω is the angular velocity in mechanical radians per sec, i.e.,

 ω = 
2
60
πns

where ns is the synchronous speed of the machine in r.p.m. and α is the acceleration in
mechanical radians/sec2.

In equations (17.7) and (17.8) ω should be used in mechanical radians/sec only and not
electrical radians/sec. I is the moment of inertia in kg-m2.

From equation (17.8),
M = Iω

where M is in joule-sec/mechanical radian.
Since we are interested in studying the rotor motion in terms of electrical degrees or

electrical radians we make use of the following relation:

No. of electrical radians or degrees

= No. of mechanical radians or degrees × Number of pairs of poles
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If M is to be expressed in joule-sec/electrical radian when ω is in mechanical radians/
sec, then

M = Iω/Number of pairs of poles

and if M is to be expressed in joule-sec/electrical degree, then

M = Iω/(Number of pairs of poles × 57.32)

as 1 radian = 57.32°.

Here M is known as the angular momentum and is expressed in terms of megajoules-
seconds per electrical degree if Pa is expressed in megawatts and α is in electrical degrees per
second squared. The acceleration α can be expressed in terms of the angular position of the
rotor as

α = 
d

dt

2

2
θ

(17.9)

The angle θ changes continuously with respect to time when a sudden change occurs in
the system. The value of θ is given by

θ = ωrt + δ (17.10)

where ωr is the angular velocity of the reference synchronously rotating axis and δ is the
angular displacement in electrical degrees from the synchronously rotating reference axis
(Fig. 17.4).
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Taking the derivative of equation (17.10),

  
d
dt

θ
 = ωr + 

d
dt

δ
(17.11)

and
d

dt

2

2
θ

 = 
d

dt

2

2
δ

(17.12)

From equations (17.8), (17.9) and (17.12) we obtain

        M
d

dt

2

2
δ

 = Pa = Ps – Pc (17.13)

Equation (17.13) is known as the swing equation. The angle δ is the difference between
the internal angle of the machine and the angle of the synchronously rotating reference axis
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which in this case corresponds to the infinite bus. If it is a  two machine system two swing
equations are required, one for each machine. The torque angle between the two machines
depends upon the angles between each machine and the synchronously rotating reference
frame.

From equation (17.8) M = Iω which therefore is not constant but varies somewhat during
the swings due to variation in ω. In practice, the change in ω from the normal system angular
velocity is not much during swing except of course when the machine falls out of step and,
therefore, very little error is involved by the assumption that M is constant and is equal to the
value Iwn, where ωn is the normal angular velocity of the machine. This value of M is known as
the inertia constant of the machine, and is normally used in calculations for stability studies.
The inertia constant is truly constant because it is the angular momentum at synchronous
speed.

Another important constant which is quite useful in stability studies is denoted by H
and is defined as the ratio of the kinetic energy at rated speed to the rated apparent power of
the machine, i.e.,

H = 
Stored energy in megajoules

Rating in MVA
H is also sometimes called as inertia constant. A relation between M and H is derived

as follows:

Let G be the rating of the machine in MVA and f the frequency of the system. Then by
definition

    G × H = Stored energy in megajoules

   = 
1
2

M M fω π= 1
2

2.

or    M = 
GH

fπ
 megajoule-second/radian

  = 
GH

f180
 megajoule-second/elect. degree

From above it is clear that M depends upon the size of the machine as well as on its type
whereas H does not vary widely with size and has a characteristic value or set of values for
each class of machines. In this respect H is similar to per cent reactance of machines. Whenever
value of H is not known a characteristic value may be used. The value of H is lower in case of
water wheel generators as compared to turbo-alternator. Some typical values of H are given
in the following table:

Typical values of H

Type of machine Inertia constant H, MJ/MVA

Typical values of H

Water wheel generator

Slow speed < 200 r.p.m. 2–3

High speed > 200 r.p.m. 2–4

(Contd.)...
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Synchronous capacitor

Large 1.25

Small 1.00

Turbine alternator

Condensing 1800 r.p.m. 9.6

3600 r.p.m. 7.4

Non-condensing 3600 r.p.m. 4.3

The inertia constant H can be expressed in terms of another base MVA in case it is
known based on a particular MVA as in case of p.u. reactance. The only difference is that the
p.u. reactance corresponding to new base MVA is directly proportional to the MVA whereas
the inertia constant is inversely proportional. When several machines at one particular location
are to be replaced by one simple equivalent machine, the rating of the equivalent machine is
equal to sum of the ratings of several machines and the equivalent M is the sum of the inertia
constants M of the individual machines.

Referring back to swing equation,

M
d

dt

2

2
δ

 = Ps – Pe

Ps is fixed and substituting for Pe for a lossless system the swing equation becomes

M
d

dt

2

2
δ

 = Ps – 
V V

x
1 2 sin δ

= Ps – Pm sin δ (17.14)

For a multi-machine system solution of several swing equations is required. Normally
the point by point method is used for the solution. Even for a single machine system connected
to infinite bus with resistance neglected, the formal solution of swing equation is possible only
when Ps = 0 and by the use of elliptic integrals. The solution of swing equation gives the
relation between rotor angle as a function of time and this relation is plotted in terms of
curves. If the curves show that the angle between two machine rotors increases without limit,
the system is unstable. On the other hand, if the angles initially increase and then start
reducing, it is probable though not certain that the system is stable. Many a time, in a multi-
machine system one of the machines may stay in step on the first swing and yet go out of step
in the subsequent swing. For a two machine system under the assumption of constant input,
no damping and constant voltage behind transient reactance, the machines either fall out of
step in the first swing or never. Under this condition the two machines are said to be running
at standstill with respect to each other. There is a graphical method of determining whether
the two machines are running at standstill with respect to each other or not. This method is
known as Equal Area Criterion for stability. The use of this method eliminates partially or
wholly the calculation of swing curves which thus saves a considerable amount of work. The
method is applicable to any two machine systems which satisfies the above assumption. The
method is not applicable to a multi-machine system directly. Even if the assumptions made
are not strictly true but they do not invalidate the criterion because if these assumptions were
not true, they would help the system to restore rather than make it fall out of step e.g., if
damping is present, it will damp out the oscillations rather than increasing them.
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Example 17.1: A 50 Hz four-pole turbogenerator rated 20 MVA, 13.2 kV has an inertia
constant of H = 9.0 kW-sec/kVA. Determine the K.E. stored in the rotor at synchronous speed.
Determine the acceleration if the input less the rotational losses is 25000 HP and the electric
power developed is 15000 kW. If the acceleration computed for the generator is constant for a
period of 15 cycles, determine the change in torque angle in that period and the r.p.m. at the
end of 15 cycles. Assume that the generator is synchronized with a large system and has no
accelerating torque before the 15 cycle period begins.

Solution: (a) Since

H = 
Stored energy in megajoules

Machine rating in MVA
∴ K.E. stored in the rotor in megajoules = H × Machine rating in MVA

 = 9 × 20 = 180 megajoules Ans.

(b) The accelerating power = Mechanical power input – Electrical power output

        Pa = Pi – PG

= 25000 × 0.735 – 15000

= 18375 – 15000 = 3375 kW = 3.375 MW

Now the acceleration is

d

dt

2

2
δ

 = 
P
M M

a = 3 375.

   M = 
GH

fπ π
= ×

×
20 9

50
 = 1.146 megajoules-sec/radian

∴
d

dt

2

2
3 375
1146

δ
= .

.
 = 2.945 rad/sec2 Ans.

(c) Again using swing equation,

d

dt

P
M

a
2

2
δ

=  = constant = 2.945

 
2 2

2
d
dt

d

dt
dt

δ δ
.  = 2 × 2.945 

d
dt

dt
δ

        
d
dt

δ
��
�
��

2

 = 5.89δ + A

Since at t = 0, 
d
dt

δ
 = 0, ∴ A = 0.

∴  
d
dt

δ
 = 5 89. . δ

or
dδ

δ
 = 5 89. dt

  δ–1/2dδ = 2.427 dt

    2δ1/2 = 2.427t
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V 02 �V1 ���

X

 δ1/2 = 1.2135t

     δ = 1.47258 × t2

Now     t = 
15
50

3
10

=  = 0.3 sec.

    δ = 1.47258 × 0.09 = 0.1325 radian

     = 7.5955 electrical degrees

Now
d
dt

δ
 = 2.425 δ  = 2.425 0 1325.

      = 0.8827 rad/sec.

      = 
0 8827

4
.

π
 r.p.s.

or  
0 8827

4
.

π
× 60 r.p.m. = 4.2 r.p.m.

∴ Rotor speed at the end of 15 cycles = 1504.2 r.p.m. Ans.
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The study of steady state stability of power system involves the study of dynamics of the
system when the rate of application of load is quite slow as compared with the natural frequency
of oscillation of the system. The dynamics of the system can
be described by swing equation (17.14) which is non linear.
In case the changes are small, these equations can be
linearized around the initial operating point. Consider a
system consisting of a generator connected to an infinite
busbar through a lossless network (Fig. 17.5) with initial
operating point on the power angle curve as (P0, δ0).

Say the load is changed (increased) by ∆P, as a result of which the load angle changes
by ∆ δ and the swing equation can be linearized around the point (P0, δ0) and is given as

    M 
d

dt

2

2
∆δ

 = Pi – Pe

= Pi – (P0 + ∆P) = – ∆P

= −
∂
∂δ

��
�
��

P

δ

δ
0

. ∆ (17.15)

Now let 
d
dt

 = p, equation (17.15) reduces to

Mp2 ∆ δ + 
∂
∂δ

=P

δ
δ

0

0. ∆

or     Mp
P2

0

0+ ∂
∂δ



�
�

�

�
� =

δ
δ∆ (17.16)

����	
���5
�
�����)+
��

)����)��,�������
��
�
���6���

www.EngineeringBooksPdf.com



��� �&� ��% #&��������������

Equation (17.16) is the characteristic equation with the two roots.

p = ± 



�

�
�

–
∂
∂δ
P

M
δ0

�

�

�
�

1
2

(17.17)

When 
∂
∂δ
P

 is positive δ < 
π
2

, the two roots are pure imaginary and conjugate, the rotor

motion is oscillatory and undamped around δ0, when δP
∂δ

 is negative (δ > 90°), both the roots

are real, one positive and the other negative respectively and hence the system is unstable.

When 
∂
∂δ
P

 = 0, δ = 90° the system is critically stable. The frequency of oscillation of the system

is given by the roots of the characteristic equation.

Let us now study the steady state stability of the system when system series resistance
and shunt capacitance are included. The power transmitted between bus 1 and 2 is given by
(Fig. 10.14).

P = 
V V

B
AV

B
1 2 2

2

cos ( ) cos ( )β δ β α− − − (17.18)

For system to be stable under steady state operation.

∂
∂δ
P

 > 0

or
V V

B
1 2 0sin ( )β δ− >

or β > δ

and the system is critically stable 
∂
∂δ
P

 = 0

or β = δ
and the maximum power transfer is given as

Pm = 
V V

B
AV

B
1 2 2

2

− −cos ( )β α (17.19)

Which is an indication of steady state stability limit. If the resistance is considered but
shunt capacitance neglected, we have

| B | > X, β < 90° and A = 1.0 ∠ 0°
i.e., α = 0°

So that, from equation (17.19)

Pm = 
V V

B
AV

B
1 2 2

2

− cos β (17.20)

Comparing equation (17.20) with equation (17.5), since | B | > X and equation (17.20)
contains a negative term also, the steady state stability limit is, therefore, lowered and hence
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equation (17.5) gives optimistic result. It is to be noted, however, that transient stability results
are optimistic when resistance is included.

If capacitance is also considered when | A | < 1 and α > 0 it can be seen that Pm will now
have a slightly higher value as compared to when capacitance is neglected but this value is
still lower than the one given by equation (17.5).

While deriving equation (17.5) we assumed that the e.m.f. induced behind the reactance
of the generator is constant which means the excitation of the generator is kept constant. But
in actual practice, it is the terminal voltage which is kept constant and hence with change in
load the internal e.m.f. of the generator will change. The steady state stability limit with
variable excitation is discussed in article 17.10.

Example 17.2: A 50 Hz synchronous generator is connected to an infinite bus through
a line. The p.u. reactances of generator and the line are j0.3 p.u. and j0.2 p.u. respectively. The
generator no load voltage is 1.1 p.u. and that of infinite bus is 1.0 p.u. The inertia constant of
the generator is 3 MW-sec/MVA. Determine the frequency of natural oscillations if the generator
is loaded to (i) 60% and (ii) 75% of its maximum power transfer capacity and small perturbation
in power is given.

Solution: Since the system is operating initially under steady state condition, a small
perturbation in power will make the rotor oscillate. The natural frequency of oscillation is
given by

   fn = 
∂
∂δ

��

�
��

�
�
�

�
�
�

P
Me δ0

1
2

/

(i) 60% loading

Now       
∂
∂

=
P V V

X
e

δ
δ1 2 cos

= 
1. 1 1

0.5
×

cos δ0

= 
1. 1 1

0.5
0.8

× ×

= 1.76

     (Since sin δ0 = 
0 6
1
.

 = 0.6)

        M = 
GH

fπ  = 
1 3
50

×
π

∴          fn = 
176

3
50

. ×
��

�
��

π  = 9.6 rad/sec.

= 1.53 Hz Ans.

(ii) 75% loading

   sin δ0 = 0.75 or δ0 = 0.848 rad

∂
∂

=
×

×
Pe

δ
δ0

11 10
0 5

0 6614
. .

.
.  = 1.455
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A1

A2

Pe

Ps

P

�0 �

∴ fn = 1455
3

50

1
2. ×

��
�
��

π  = 8,726 rad sec.

   = 1.39 Hz Ans.
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The equal area criterion is derived using the swing equation for a machine connected to an
infinite bus. The swing equation is given as

  M
d

dt

2

2
δ

 = Pa = Ps – Pe

Multiplying both the sides of the equation by 2dδ/dt, and integrating with respect to
time, we get

2
2

2M
d

dt

d
dt

dt
δ δ

.�  = 2( )P P
d
dt

dts e−�
δ

M
d
dt

δ
��
�
��

2

 = 2 ( )P P ds e−� δ
δ

δ

0

or          
d
dt

δ
 = 

2

0M
P P d cs e( )− +� δ

δ

δ
(17.21)

where δ0 is the initial torque angle before any disturbance occurs and at this time dδ/dt = 0.
The angle δ will stop changing and the machine will again be operating at synchronous speed
after a disturbance when dδ/dt = 0 or when

( )P P ds e−� δ
δ

δ

0

 = 0 = P da δ
δ

δ

0
� (17.22)

This means that the area under the curve Pa should
be zero which is possible only when Pa is both accelerating
and decelerating powers, i.e., for a part of the graph Ps >
Pe and for the other Pe > Ps (Fig. 17.6). For a generator
action Ps > Pe for positive area A1 and Pe > Ps for negative
area A2 for stable operation. Hence the name equal area
criterion. The area A1 represents the kinetic energy stored
by the rotor during acceleration and the area A2 represents
the kinetic energy given up by the rotor to the system and
when it is all given up, the machine has returned to its
original speed. It is to be noted that the kinetic energy
involved in our explanation is fictitious as it is being
calculated corresponding to relative speed rather than the
actual speed.

The following passage explains the operation of a synchronous motor using equal area
criterion when sudden increase in mechanical load on that motor occurs.

����	
����7��(������)�
���
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The following points are to be noted with regard to the change in torque-angle whenever
a disturbance occurs:

1. There is no change in torque angle when the speed of the rotor is the synchronous
speed.

2. The angle increases in case of a motor if Ps > Pe i.e., the mechanical output is more
than the electrical input and the speed goes down.

3. The angle decreases if the speed is more than the synchronous speed.

With these points in view we explain the operations of
the motor when there is sudden increase in load (Fig. 17.7).
Initially the motor is operating when the torque angle is δ0
with mechanical output P0. Let this load be increased to Ps.
Momentarily there is no change in angle δ corresponding to
electrical input to the motor Pe < Ps. Therefore, the motor
decelerates (K.E. supplied by the motor) as a result the torque
angle increases and Pe starts increasing. At point b, Pe = Ps
and, therefore, decelerating force is zero but due to inertia of
the rotor, the torque angle goes on increasing. The speed of
the rotor beyond b starts increasing. The speed is minimum
at b. When the speed equals the synchronous speed beyond
point b, say at point c, the rotor angle stops increasing. But
between c and b, Pe > Ps; therefore, the motor accelerates and the torque angle starts decreasing.
The speed goes on increasing till it reaches the point b where this time the speed is maximum
and is more than the synchronous speed. Between b and a, Ps > Pe; therefore, the rotor starts
decelerating but the speed is more than synchronous speed till it reaches the point a where
once again the speed equals the synchronous speed and the angle stops decreasing. The speed
at a and c is the synchronous speed whereas at b, the speed is below synchronous speed when
the rotor oscillates from a to b and is above synchronous speed when it oscillates between c
and b. The following table shows the changes in angle, speed, electric power input, mechanical
power output and acceleration or deceleration as the machine oscillates between a and c.
Finally, of course, the machine will settle at b after the oscillations are damped out.

Position Torque angle Motor speed Power Acceleration or
deceleration

At pt. a δ = δo ω = ωn Pe < Ps Deceleration

From a to b Increasing ω < ωn Pe < Ps Deceleration

At pt. b δ = δs (increasing) ω < ωn Pe = Ps

From b to c Increasing ω < ωn Pe > Ps Acceleration

At pt. c δ = δmax ω = ωn Pe > Ps

From c to b δ decreasing ω > ωn increasing Pe > Ps Acceleration

At pt. b δ = δs ω > ωn max Pe = Ps

From pt. b to a δ decreasing ω > ωn decreasing Pe = Ps Deceleration

At pt. a The cycle repeats
itself.

����	
�
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180°

Pm

Ps

P0

c

b

a

P = P sine m �

�0 �s �m
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Ps

P0

�n �c �m �

We have seen that with power angle curve as shown
in Fig. 17.7 if the load on the motor shaft is increased
suddenly from P0 to Ps, the system is stable. For this system
let us find out the maximum value of the Ps such that the
system is critically stable i.e., any attempt to increase Ps
beyond this value the system becomes unstable. Referring
to Fig. 17.8,

Ps = Pm sin δc = Pm sin δm

∴ δm = (π – δc)

Here δc is known as critical torque angle.

For the two shaded areas to be equal, the following condition should be satisfied:

Ps(δm – δ0) = P dm
m

sin δ δ
δ

δ

0
� (17.23)

Also Ps = Pm sin δm.

Substituting this in equation (17.17),

Pm sin δm (δm – δ0) = P dm
m

sin δ δ
δ

δ

0
�

Pm sin δm (δm – δ0) = Pm(cos δ0 – cos δm) (17.24)

Here δm is the only unknown which can be obtained and hence Ps can be calculated.

Other Applications of Equal Area Criterion

Next we apply the equal area criterion to two different systems of operation: (i) sustained line
fault, and (ii) a line fault cleared after some time by the simultaneous tripping of the breakers
at both the ends.

As shown in Fig. 17.9, it is a parallel feeder fed from one end and at the other end is the
infinite bus. The power angle curve corresponding to the healthy condition is given by curve A
in Fig. 17.10.

Generator

×

Infinite bus

Fault

P

Ps

�0 �s �

m o
p

A

B

q
n

�m

����	
� �����((�(����,��� ����	
�	!� ��*��#8�������'(��)��*�

��,���+��(�+9�)��,
�
��:� ��*��$8����

��'(��)��*����,������(��,�)��,
�
���

Ps is the input to the generator which is assumed constant. Also the voltage behind
transient reactance is assumed constant. Curve B represents the power angle curve when a
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fault occurs at one of the two lines and the breakers operate instantaneously and simultaneously
at both the ends on that line. As a result the euqivalent impedance between the bus bars is
increased and hence curve B will be lower than curve A. Corresponding to input Ps the torque
angle of the generator is δ0 initially. Now as soon as there is a fault and instantaneously it is
cleared, the output of the generator goes down to point n on curve B and since input remains
constant which is higher than the output, the rotor accelerates and hence the torque angle
increases and the operating point moves along curve B  towards o from n. As it reaches o, the
accelerating power becomes zero and the speed of the generator is more than the infinite bus
and the speed continues to increase. From o to p the rotor experiences deceleration but the
speed is more than the speed of the infinite bus till it reaches point p where the relative speed
is zero and the torque angle ceases to increase. At point p, the output is more than the input to
the generator and hence the rotor decelerates and the speed goes down relative to the infinite
bus till it reaches point o where the speed is minimum. This torque angle continues to decrease
till it reaches point n where again the speed is equal to the speed of infinite bus. The cycle
repeats itself if damping is not present. It is found that in practice because of the damping
present the rotor operates at point o on curve B and the torque angle is δs. To determine the
transient stability limit for this case we should raise the input line Ps such that the area below
the line Ps and the curve B and above the line Ps and the curve B at the intersection of Ps and
B are equal. This is illustrated in Fig. 17.11. The value of Ps corresponding to this situation is
known as the transient stability limit.

P

�0 �c ��m

Ps

�0 � �m

O	

nm C

A

O

Bm	

A2

A1

����	
�		������
�������6
(
�9�(
�
����� ����	
�	���7��(������)�
���
����(
�,���

�9�����
��5
'��.0�2� �9��������5
'��.0�2����������(��)(����,

��������'(��δ�;�δ3�

Fault Cleared after Some Time

Curve A in Fig. 17.12 represents the power angle curve corresponding to healthy condition of
system in Fig. 17.9. Curve B represents corresponding to fault on one of the two lines and fault
allowed to exist for some time. Curve C corresponds to the situation when the faulted line is
removed.

Initially for Ps the torque angle is δ0. At the time of fault, the output of the generator
becomes as at O′. Hence, the rotor accelerates and the rotor moves along the curve B up to
point m′ when the faulted line is removed and the operating point becomes m on curve C
where the output is more than the input and the rotor decelerates till the speed becomes equal
to the speed of the infinite bus and the torque angle ceases to increase at point n.
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P

Ps

�0 � �

A

� B

A2

A1

Generator

×

Infinite bus

Fault

From Fig. 17.12 it is clear that the transient
stability limit not only depends upon the type of
disturbance but it also depends upon the clearing time
of the breaker. Faster the breaker operation smaller
will be the area A1 and hence larger will be the
transient stability limit.

One more interesting case will be studied here.
Consider Fig. 17.13 where generator is connected to
an infinite bus through a single feeder.

Say there occurs a three-phase fault on the line
temporarily (Fig. 17.14). The power angle curve will
correspond to the horizontal axis because power
transferred is zero. If the breaker reclose after some
time corresponding to clearing angle δc when the
fault is vanished, the output will be more than the
input and hence the rotor decelerates. Finally, if
the clearing angle δc is such that A1 = A2, the system
becomes stable.

���� ������	
��
�	����	�
�

We see that for any given initial load there is a critical clearing angle. If the actual clearing
angle is greater than the critical value the system is unstable, otherwise it is stable. So we now
proceed to determine the value of critical clearing angle for a given load.

Let the three power angle curves (Fig. 17.15) be represented as

A = Pm sin δ before the fault.

B = r1Pm sin δ during the fault.

C = r2Pm sin δ after the fault.

Ps

�0 �m

b
h

C

A

a
B

g
A1

A2

f

d c

e

�c

����������
��������
��������
������

For transient stability limit, the two areas A1 = A2 or equivalently the area under the
curve abcd (a rectangle) should be equal to the area under the curve dfghbc i.e.,
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        (δm – δ0)Ps = r P d r P dm m
e

me

1 2
0

sin sinδ δ δ δ
δ

δ

δ

δ
+ ��

= r1Pm[cos δ0 – cos δc] + r2Pm[cos δc – cos δm]

Now substituting Ps = Pm sin δ0

(δm – δ0)Pm sin δ0 = r1Pm[cos δ0 – cos δc] + r2Pm[cos δc – cos δm]

    (δm – δ0) sin δ0 = (r2 – r1) cos δc + r1 cos δ0 – r2 cos δm

∴       cos δc = 
( ) sin cos cosδ δ δ δ δm mr r

r r
− − +

−
0 0 1 0 2

2 1
(17.25)

Now from the curves,

    Ps = Pm sin δ0 = r2Pm sin δm = r2Pm sin (π – δm)

or sin δ0 = r2 sin (π – δm)

or      δm = π – sin–1 sin δ0

2r

�

��
�

��
(17.26)

Thus if r1, r2 and δ0 are known, the critical clearing angle δc can be obtained.

Example 17.3: A motor is receiving 25% of the power that it is capable of receiving from an
infinite bus. If the load on the motor is doubled, calculate the maximum value of δ during the
swinging of the rotor around its new equilibrium position.

Solution:

sin δ0 = 0.25 ∴ δ0 = 14.48°

sin δc = 0.5 δc = 30°.

     δm = ?

(δm – δ0) 0.5 = sin δ δ
δ

δ
d

m

0
�

  0.5(δm – 0.2527) = (cos δ0 – cos δm)

   0.5δm = cos δ0 –  cos δm + 0.1263

 0.5 δm + cos δm = 0.96823 + 0.1263 = 1.094535

For solution of this equation we make guess for δm such that δm should be greater than 30°
(as δc = 30°). After some trials δm is found to be 45°.

Example 17.4: A 50 Hz generator is delivering 50% of the power that it is capable of
delivering through a transmission line to an infinite bus. A fault occurs that increases the
reactance between the generator and the infinite bus to 500% of the value before the fault.
When the fault is isolated, the maximum power that can be delivered is 75% of the original
maximum value. Determine the critical clearing angle for the condition described.

Solution: Let Pm be  the maximum power that can be delivered.

 Pm sin δ0 = 0.5 Pm or δ0 = 30°

During fault the reactance is 500% of the value before the fault

∴ r1 = 0.2 and r2 = 0.75 (given).

The critical clearing angle δc is given by

δc = cos–1 ( / )( ) cos cosP P r r
r r

s m m mδ δ δ δ− + −
−

0 2 1 0

2 1

�����������

�0 �c �

p

�m
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     0.5Pm = 0.75Pm sin δm

∴  δm = 41.8° or δm = 180 – 41.8 = 138.2°

or δm = 2.412 radians

Substituting these values in the above expression, we get

= cos–1
0 5 2 412 0 5236 0 75 0 74547 0 2 0 866

0 55
. ( . . ) . . . .

.
− − × − ×

= cos–1 0.3836

= 67.44°. Ans.

Example 17.5: Fig. E. 17.5 shows a generator connected to a metropolitan system (infinite
bus) through high voltage lines. The numbers on the figure indicate the reactances in p.u.
Breakers adjacent to a fault on both sides are arranged to clear simultaneously. Determine the
critical clearing angle for the generator for a 3-phase fault at the point P when the generator is
delivering 1.0 p.u. power. Assume that the voltage behind transient reactance is 1.2 p.u. for
the generator and that the voltage at the infinite bus is 1.0 p.u.

Solution: The equivalent circuit during fault is given by Fig. E. 17.5. This is to be
reduced further to delta and branch between A′ and B′ is only required, as branches between
A′P and B′P do not absorb any active power.

     ZA′B′ = 
Z Z Z Z Z Z

Z
A B B C C A

C

+ +

= 
0 375 0 35 0 35 0 0545 0 375 0 0545

0 0545
. . . . . .

.
× + × + ×

= 
0 13125 0 019075 0 0204375

0 0545
. . .

.
+ +

 = j3.1332568 p.u.

The reactance between generator and the infinite bus during fault is, therefore, j3.133 p.u.

The reactance between the generator and infinite bus before the fault

j0.3 + 
j

j
0 55
2

0 15
.

.+  = j0.45 + j0.275 = j0.725 p.u.

The reactance between the generator and infinite bus after the fault is cleared is

j0.3 + j0.55 + j0.15 = j1.0

The maximum power output is given by 
E E

X
1 2  which is given as

Before the fault
12 10

0 72
. .

.
×

 = 1.67 p.u.

During the fault
12 10
3 133
. .

.
×

 = 0.383

After the fault
12 10

10
. .

.
×

 = 1.2 p.u.

The value of     r1 = 
0 383
167
.
.  = 0.23

 r2 = 
12
167

.
.  = 0.71856287
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P

�0 �m�c �

j 0.15 � j 0.15 �

j 0.25 �
j 0.15 �j 0.3 �

j 0.15 � j 0.15 �

j 0.25 �P

j 0.15 � j 0.25 � j 0.15 �

P

j 0.3 �

1.2 p.u.

j 0.15 �

1.0 p.u.

j 0.15 � j 0.4 �

P

j 0.3 �

1.2 p.u.

j 0.15 �

j 0.55 �
A B

j 0.15 �

j 0.4 �j 0.3 � j 0.15 �

j 0.55 �

j 0.0545 �

j 0.3 �

j 0.075 � j 0.2 �

j 0.15 �

j 0.0545 �

j 0.375 � j 0.35 �

Pj 3.133 �A� B�

P

PQ

P

�����������
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Now Ps = Pm sin δ0

 1 = 1.67 sin δ0 or sin δ0 = 
1

167.
 = 0.6

δ0 = 36° or 0.642 radian

      sin δm = 
10
12
.
.

 = 0.833 or δm = 56.4° or 123.6° = 2.157 rad.

δc = cos–1
0 6 2 15 0 642 0 71856 0 5534 0 23 0 809

0 48856
. ( . . ) . . . .

.
− − × − ×

   = cos–1
0 9048 0 39765 0 186

0 48856
. . .

.
− −

 = cos–1 0.657

 δc = 48.9°.

���� �����������	�����

A system having two machines can be replaced by an equivalent system having one machine
connected to an infinite bus such that the swing equation and swing curves of angular displacement
between the two machines are the same for both systems. Let δ1, M1, Pa1

 be the quantities
referred to one machine and δ2, M2, Pa2

 for the other machine. The swing equations for the two
machines can be written as

d

dt

2
1

2
δ

 = 
P

M

P P

M
a s e1 1 1

1 1
=

−
(17.27)

and
d

dt

2
2

2
δ

 = 
P

M

P P

M
a s e2 2 2

2 2
=

−
(17.28)

Let δ = δ1 – δ2 the relative angle between the two rotor axes; then

d

dt

2

2
δ

 = 
d

dt

d

dt

2
1

2

2
2

2
δ δ

− (17.29)

Substituting the values, we have

  
d

dt

2

2
δ

 = 
P P

M

P P

M
s e s e1 1 2 2

1 2

−
−

−
(17.30)

Multiplying both the sides by 
M M

M M
1 2

1 2+
 we have

  
M M

M M
d
dt

1 2

1 2

2

2+
δ

 = 
M M

M M
1 2

1 2+  
P P

M

P P

M
s e s e1 1 2 2

1 2

−
−

−�

	



�

�


= 
1

1 2M M+
 [(M2 Ps1

 – M1 Ps2
) – (M2 Pe1

 – M1 Pe2
)]

= 
M P M P

M M

M P M P

M M
s s e e2 1

1 2

2 1

1 2

1 2 1 2
−
+

−
−
+

(17.31)

which can be rewritten as M
d

dt

2

2
δ

 = Ps – Pe
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where  M = 
M M

M M
1 2

1 2+

and Ps = 
M P M P

M M
s s2 1

1 2

1 2
−
+

Pe = 
M P M P

M M
e e2 1

1 2

1 2
−
+

It is clear that the inertia constant of the equivalent machine is a function of the inertia
constant of the two actual machines and the law of combination is similar to that of the parallel
combination of impedances which means that the inertia constant of the equivalent machine is
smaller than the inertia constant of the two individual machines. The equivalent input to the one
machine is a function of the inertia constant and individual inputs to the two machine systems.
Similarly the equivalent output is a function of the inertia constants and individual outputs of the
two machines.

It is to be noted that the law of combination of inertia constants of the equivalent machine
corresponding to a group of machines that swing together is different from the one where the
machines do not swing together (the above two finite machine case). There the accelerating power
of the group is the sum of the accelerating powers of the individual machines and the accelerations
of all machines are equal as they swing together. Therefore, the inertia constants combine like
impedances in series

M
d

dt
1

2

2
δ

 = Pa1

M
d

dt
2

2

2
δ

 = Pa2

Since the total accelerating power is P Pa a1 2
+ ,

∴    M
d

dt
M

d

dt
1

2

2 2

2

2
δ δ

+  = P Pa a1 2
+

or     (M1 + M2)
d

dt

2

2
δ

 = P Pa a1 2
+  = Pa (17.32)

or   M
d

dt

2

2
δ

 = Pa

where M = (M1 + M2).

If the network between the two finite machines is reactive the power angle curve is given
by

Pe = E1E2Y12 sin δ (17.33)

which is identical to the power angle curve for one machine connected to an infinite bus  through
a reactance network. Here Y12 is the transfer admittance between the two machines.
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The equal area criterion method is useful in determining the critical clearing angle, i.e., the
condition when the system will be stable provided the fault is cleared before the rotor angle
exceeds the critical clearing angle. The power system engineer is not interested in knowing
the clearing angle for stable operation of the system. He wants to know the critical clearing
time corresponding to the critical clearing angle (i.e., the time when the rotor would have
moved to the critical clearing angle) so that he can design the operating times of the relay and
circuit breaker so that the total time taken by them should be less than the critical clearing
time for stable operation of the system. the point-by-point method is used for the solution of
critical clearing time associated with critical clearing angle. This method can also be used for
the solution of multimachine system. The method requires the solution of swing equation by
making certain approximations. The equation can be solved on (i) digital computer, and (ii)
analogue computer or by long hand calculation. There are various techniques used for the
solution of swing equation on digital computer. The step-by-step or point-by-point method is a
conventional, approximate but proven method. This involves the calculations of the rotor angles
as time is incremented. The accuracy of the solution depends upon the time increment used in
the analysis. As the time interval is decreased the computed swing curve approaches the true
curve.

The point-by-point method calculates the change in the angular position of the rotor
during a short interval of time. The following assumptions are made during the computational
procedure:

(i) The accelerating power Pa computed at the beginning of an interval is assumed to
be constant from the middle of the preceding interval to the middle of the interval under
consideration.

(ii) The angular velocity, computed at the middle of an interval, remains constant over
the interval. Refer to Fig. 17.16 for better understanding of the assumptions.

The procedure for the first iteration is outlined below:

(i) Evaluate the accelerating power Pa,

Pa(0 +) = Ps – Pe(0+) (17.34)

(ii) From the swing equation

  
d

dt

P

M
a

2

2 0
0δ

α= =+
+

( )
( )

where α is the acceleration. Evaluate α.

(iii) The change in angular velocity for the first interval (from Fig. 17.16)

∆ω1 = α(0+). ∆t (17.35)

∴   ω1 = ω0 + ∆ω1 = ω0 + α(0+)∆t (17.36)

Here ω0 is the relative angular velocity and is zero at t = 0.

(iv) The change in rotor angle for the first interval,

∆δ1 = ∆ω1. ∆t (17.37)

∴   δ1 = δ0 + ∆δ1 = δ0 + ∆ω1. ∆t = δ0 + α(0+)(∆t)2 (17.38)
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Assumed

Actual

Pa(n – 2)

Pa(n – 1)

Pa(n)

(n – 2) (n – 1) n t
t�

t
t�

� � � �n – — n – —–1
2

3
2

� �n – —1
2
3
2

� �n – —

��

n – —3
2

n – —1
2

� t � t

t
t�

�
��n

��n – 1

( n – 2) ( n – 1) n

���������� 2�����3
 !"�#���
 �"�
 �,,��4�3�����!
  !��
 ��

�"�
�����3�����
���� ������
��
�
�
��α5
ω
���
δ.

It is to be noted here that for evaluating the acceleration α(0+), the value of Pa(0+) should be
taken, mean of the values of Pa before the fault and after the fault. Since the accelerating power
is zero in the middle of the preceding interval (normal operation), the accelerating power will be
half of the accelerating power immediately after the fault.

If the discontinuity occurs due to removal of the fault or due to any switching operation,
there are three possibilities:

(a) The discontinuity occurs at the beginning of the ith interval.

(b) The discontinuity occurs at the middle of an interval.

(c) The discontinuity occurs at some time other than the beginning or the middle of an
interval.

To evaluate Pa under first situation one should use the value corresponding to average
values of accelerating powers Pa(i–1)– and Pa(i–1)+ i.e.,

Pa(i–1) = 1
2 1 1( )( ) ( )P Pa i a i− − − ++

where Pa(i–1)– is the accelerating power immediately before clearing the fault and Pa(1–1)+ that
immediately after clearing the fault.

To evaluate Pa under second situation no special procedure is required. Pa is taken as the
value at the beginning of the interval, i.e.,

   Pa = Ps – Output during the fault
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whereas at the beginning of the interval following clearing Pa is given by

Pa = Ps – Output after the fault is cleared

by taking value of δ and the angular velocity ω at the beginning of the interval following clearing.

To evaluate Pa under the third situation, a weighted average value of Pa before and after
the discontinuity may be used. It is found in practice that such a precise evaluation of Pa is not
required as the time interval used in calculation is so short that it is sufficiently accurate to
consider the discontinuity to occur either at the beginning or at the middle of an interval and Pa
is evaluated as outlined above in the first two possibilities.

The value of δ1 obtained above, forms one point on the swing curve. For the second interval
δ1 will be used for evaluating the accelerating power Pa1

 and the procedure will be repeated during
the subsequent intervals. The equation for nth interval can be written as

Pa(n – 1) = Ps – Pe(n – 1) (17.39)

Pe(n – 1) = 
E V

X nsin δ − 1 (17.40)

 αn – 1 = 
P

M
a n( )− 1 (17.41)

 ∆ωn – 1/2 = αn – 1 ∆t (17.42)

 ωn – 1/2 = ωn – 3/2 + αn – 1 ∆t (17.43)

    ∆δn = ωn – 1/2 ∆t = (ωn – 3/2 + αn – 1 ∆t) ∆t (17.44)

= ∆δn – 1 + αn – 1∆t2

= ∆δn – 1 + 
P

M
ta n( )− 1 2∆ (17.45)

∴       δn = δn – 1 + ∆δn (17.46)

These equations can be used for plotting the swing curve and hence, the critical clearing
time, corresponding to the critical clearing angle, as obtained by using Equal Area Criterion,
can be determined and a suitable protecting scheme can be designed to avoid the system from
falling out of step.

Example 17.6: Determine the critical fault clearing angle for the network shown when
a three-phase fault takes place at B and the breakers at A and B  operate simultaneously. The
generator is delivering 1.0 p.u. power before the fault takes place. Assuming the inertia constant
H = 4.0, (a) determine the critical clearing time, and (b) plot the swing curves both under
sustained fault and when the breakers have operated. Use point by point method taking time
interval of 0.05 sec.

A B

j 0.25 �

j 0.3 �

j 0.12 �

V = 1.1 p.u.

j 0.035 �

V = 1.0 0°�

�����������
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Solution: (a) We calculate the critical clearing angle first by using equation (17.25):

(i) When the system is operating normally.

The reactance between the buses

= j0.12 + j0.035 + 
j j

j
0 25 0 3

0 55
. .

.
×

= j0.29136

       Pm = 
11 10
0 29136
. .
.

×
 = 3.775 p.u.

(ii) During the fault (3-phase) Pm1
 = 0.

(iii) After the breakers operate, the reactance between the machines will be

j0.12 + j0.25 + j0.035 = j0.405

∴    Pm2 = 
11 10
0 405
. .

.
×

 = 2.716 p.u.

From these data, r1 = 0

      r2 = 
2 716
3 775
.
.

 = 0.7194

Now Pm sin δ0 = 1.0

   3.775 sin δ0 = 1.0

or sin δ0 = 
1

3 775.
or δ0 = 15.36°  = 0.2649 rad.

To obtain δm we take the curve after the fault when maximum value of power is 2.716 p.u.

∴ sin δm = 
1

2 716.
 = 0.368

∴       δm = 180 – 21.6 = 158.4° = 2.763 radians
Using the equation

 cos δc = 
( ) sin cos cosδ δ δ δ δm mr r

r r
− − +

−
0 0 1 0 2

2 1

and substituting the various values calculated above, we have

 cos δc = 
( . . ) . . .

. .
2 763 0 2649 0 2649 0 7194 0 9297

0 7194 0 0
− × − ×

−

= 
0 66095 0 6688

0 7194
. .

.
−

= 0.010948

       δc = 90.62

(b) Swing curve      M = 
GH

fπ
= ×

×
10 4

180 50
.

 = 0.444 × 10–3 p.u.

We now calculate the rotor angle for the first interval α(0+) = 
P

M
a( )0+ . Since the power

transmitted is zero and the shaft power is unity, the average value of power in the first interval

will be Pa(0+) = 
10 0 0

2
. .−

 = 0.5.
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∴ α(0+) = 
0 5

0 444
103.

.
×  = 1125 deg/sec2.

The change in angular velocity ∆ω1 = α(0+) ∆t

     = 1125 × 0.05 = 56.25 deg/sec.

Therefore   ω1 = ω0 + ∆ω1 = 0.0 + 56.25 = 56.25 deg/sec.

The change in rotor angle

∆δ1 = ω1 ∆t = 56.25 × 0.05 = 2.8125 degrees

∴  Rotor angle δ1 = δ0 + ∆δ1 = 15.36 + 2.8125 = 18.17°

It is to be noted here that ω0 = 0 as this is the angular velocity of the rotor with respect to
the reference axis and is zero before the fault takes place, i.e., under normal operation of the
machine.

Second interval
Pa1

 = 1 – 0.0 = 1.0

∴   α1 = 
10

0 444
103.

.
×  = 2250 deg/sec2.

∆ω2 = α1 ∆t = 2250 × 0.05 = 112.5 deg/sec.

  ω2 = ω1 + ∆ω2 = 56.25 + 112.5 = 168.75 deg/sec.

∴  ∆δ2 = ω2 ∆t = 168.75 × 0.05 = 8.43°

∴    δ2 = δ1 + ∆δ2 = 18.17 + 8.43 = 26.60°

Since α and ∆ω are same during the successive intervals, therefore

ω3 = ω2 + ∆ω3 = 281.25, δ3 = 40.66°

ω4 = 393.75   δ4 = 60.34

ω5 = 506.25   δ5 = 85.65

ω6 = 618.75   δ6 = 116.58

ω7 = 731.25   δ7 = 153.14

Following table gives the torque angles during various intervals:

Time in secs. Angle

0.0 15.36°

0.05 18.17°

0.10 26.60°

0.15 40.66°

0.20 60.34°

0.25 85.65°

0.30 116.58°

0.35 153.14°
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From the above table it is clear that at the end of 0.2 sec, i.e., 10 cycles the rotor angle is
60.34° which is much less than the critical clearing angle and, therefore, if we use a 10 cycle
breaker the swing curve after 10 cycles can be calculated as follows:

Since the operation of the circuit breaker will isolate the faulty sections of the system,
therefore, the system operates on the power characteristic Pe = 2.716 sin δ.

To find out accelerating power after the breaker have operated, we take the average of
the accelerating powers as there is a discontinuity. The accelerating power before the breakers
operate is 1.0 p.u.

The electromagnetic power output from the generator at this instant is Pe = 2.716 sin
60.34 = 2.36 p.u. and since shaft power is 1.0 p.u.

Accelerating power = Ps – Pe = 1.0 – 2.36 = –1.36

∴ The average accelerating power will be 
1 136

2
− .

 = –0.18 p.u. which means during the

time 0.2 sec and 0.25 sec, there is reduction in the angular velocity.

The deceleration = 
0 18

0 4444
103.

.
×  = 405 deg/sec2.

The change in angular velocity = 405 × 0.05 = 20.25 deg/sec.

∴ The angular velocity = 393.75 – 20.25 = 373.50

The change in angle = 18.67°

  Rotor angle δ5 = 60.34 + 18.67 = 79°

        Pe = 2.66 p.u.

Accelerating power = Ps – Pe = 1 – 2.66 = –1.66

Deceleration = 
166

0 4444
103.

.
×  = 3735.3 degree/sec2.

Change in angular velocity = 3735.3 × 0.05 = 186.7 deg/sec.

Angular velocity = 373.5 – 186.8 = 186.8 deg/sec.

Change in angle = 9.34

 Angle δ6 = 79 + 9.34 = 88.34°

      Pa+ = –1.7148 p.u.

Deceleration = 3858 deg/sec2.

Change in angular velocity = 192.9

Net velocity = 186.8 – 192.9 = – 6.1 deg/sec.

Change in rotor angle = – 0.3

          δ7 = 88.34 – 0.3 = 88.04°

Deceleration = 
− ×171

0 4444
103.

.
 = 3857 deg/sec2.

∴ Change in angular velocity = 192.89

 Net velocity = – 6.1 – 192.89 = – 199 deg/sec.
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Change in rotor angle     = – 9.95

Rotor angle δ8 = 88.94 – 9.95 = 78.1°

δ9 = 58.82°

It can be easily seen that the system will come back to stable operation.

From the table it can be seen that the critical operating time is

0.25 + 0.05
90 62 85 65

116 58 85 65
. .
. .

−
−  = 0.258 sec. Ans.

To illustrate the procedure for evaluating swing curve when discontinuity occurs at the
middle of an interval, let us assume that the breaker clears the fault at the end of 0.175 sec
which occurs at the mid of the interval between 0.15 sec and 0.2 sec.

From the table corresponding to sustained fault, it can be seen that angle at 0.15 sec is
40.66° and the angular velocity ω3 = 281.25. Pa = 1.0 before the fault is cleared.

∴
P
M

a  = 2250 deg/sec2, ∆ω4 = 112.5, ω4 = 393.75

∆δ4 = 19.68, ∴ δ4  = δ3 + 19.68 = 60.34°

To evaluate δ5,

 Pa = 1 – 2.716 sin 60.34° = – 1.360142

P
M

a  = – 3063.38, ∆ω5 = – 153.169, ω5 = 240.58

∆δ5 = 12.03, δ5 = 72.37

To evaluate δ6;   Pa = 1 – 2.716 sin 72.37 = –1.5884

P
M

a  = – 3577.5264, ∴ ∆ω 6 = –178.87, ω6 = 64.70368

∆δ6 = 3.085, δ6 = 75.45°

Similarly other values of δ can be calculated.

���� �	������	����������	�������	��
���

From the swing equation d2δ/dt2 = Pa/M the acceleration of rotor d2δ/dt2 is inversely proportional
to the moment of inertia of the machine when accelerating power is constant which means
higher the moment of inertia the slower will be the change in the rotor angle of the machine
and thus allows a longer time for breaker operation to isolate the fault before the machine
passes through the critical clearing angle. Higher moment of inertia means the heavier rotor
which requires higher SCR. Since the p.u. synchronous impedance is the reciprocal of the SCR
ratio, the p.u. impedance becomes smaller with higher values of SCR and, therefore, the short
circuit currents in the system increase. Therefore, higher moment of inertia method of improving
the transient stability is uneconomical and is normally not used. The methods normally used are

(i) Higher system voltage.

(ii) Use of parallel lines to reduce the series reactance.

(iii) Use of high speed circuit breakers and auto-reclosing breakers.
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From equation (17.5) it is clear that an increase in system voltage results in higher value
of power Pm that can be transferred between nodes. Since shaft power Ps = Pm sin δ0 with higher
value of Pm, δ0 is reduced and, therefore, the difference between the critical clearing angle and the
initial angle δ0 is increased. Therefore, increasing Pm allows the machine to rotate through large
angle before it reaches the critical clearing angle which results in greater critical clearing time
and the probability of maintaining stability.

Reducing the series reactance by using series capacitor is normally economical for lines of
length more than 320 kms. For lines of length less than 320 kms, the objective is achieved by
running parallel lines. When parallel lines are used, instead of a single line, some power can
be transferred over the healthy line even during a three-phase fault on one of the lines, unless
of course when a fault takes place at the paralleling bus when no power can be transferred out
the parallelled lines. For other types of faults on one line more power can be transferred during
the fault if there are two lines in parallel than can be transferred over a single faulted line.
The effect of reducing the series reactance is to increase Pm which, therefore, increases the
transient stability limit of a system.

The quicker a breaker operates, the faster the fault is removed from the system and the
better is the tendency of the system to restore to normal operating conditions. The use of high
speed breakers has materially improved the transient stability of the power systems and does
not require any other methods for the purpose.

��� ������
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A voltage regulator is the heart of the excitation system. The output voltage of the generator
changes only when the voltage regulator instructs the excitation system to do so irrespective
of the speed of response of the exciter. A regulator senses changes in the output voltage and/or
current and causes corrective action to take place. If the regulator is slow i.e., has dead band or
backlash or is otherwise insensitive,  the system will be a poor one. By dead band of a regulator
is meant the time elapsing between the voltage  deviation and the return to the prescribed
value due to slow action of the regulator. This is shown in Fig. 17.17.

Terminal voltageDeviation
in voltage

Corresponding change
in the resistor of exciter
field

Dead band Time

������������"�
������
��
����
����
��
�
��� ������
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Modern trends in the design of power system components have resulted in lower stability
margins. The following factors contribute to this trend:

(i) Large generator units with lower inertia constant and higher p.u. reactances are be-
ing manufactured.

(ii) Large interconnected system operating practices with increased dependence on the
transmission system to carry greater loading.

These trends have led to the increased dependence on the use of excitation control as a
means of improving stability. This has prompted significant technological advances in excitation
system.

In earlier systems the voltage regulator was entirely manual. The operator oberved the
terminal voltage and adjusted the field rheostat (the voltage regulator) until the desired output
conditions were obtained. The speed of this device is of great importance in studying stability. A
typical excitation arrangement for the rotor of a synchronous generator is shown in Fig. 17.18.

S

Solenoid

Pilot
exciter R

Main
exciter

Alternator
field

Stator
C.T.

P.T.
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���
��
�����������

The armatures of both the pilot exciter and the main exciter are driven from the main
rotor shaft. A fixed resistor R is connected in series with the main exciter field winding which can
be short circuited as determined by a voltage sensing mechanism actuated by the terminal voltage
and the currents of the alternator. The greater the time for which switch S is closed  (R is short
circuited) the higher will be the alternator output voltage. Because of the inherent high inductance
of the generator field winding, it is difficult to make rapid changes in the  field current. This
introduces considerable time lag in the control function. One method of obtaining a fast response
is to use such a design of the exciter which will give a relatively higher (higher than the one
required under steady state condition) maximum voltage when R is short circuited. This voltage
is known as the ceiling voltage. This voltage is normally two times the normal steady state
voltage of the exciter. With such  a design the changes in field current are obtained
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faster and hence faster control of alternator output voltage is obtained. It is to be noted that the
use of pilot exciter along with main exciter has a much faster response than the self-excited main
exciter alone since the exciter field control is independent of the exciter output voltage. Because
the switch operator is electromechanical, the response may be slow compared to more modern
systems.

In most modern systems the voltage regulator is a controller that senses the generator
output voltage and/or current and initiates corrective action by changing the exciter control in
the desired direction. A typical arrangement for such an excitation system is shown in Fig. 17.19.

The auxiliary control shown in Fig. 17.19 may include a comparator which may be used
to set a lower limit on excitation, especially at leading p.f. operation, for prevention of instability
due to very weak coupling across the air gap. Other auxiliary controls are sometimes desirable
for damping to prevent overshoot, feedback of speed, frequency etc. Some of the amplification
and comparison functions in modern regulators consist of solid state active devices. Various
configurations have been used but all have generally fast operation with no appreciable time
delay compared to other system time constants. The future of solid state voltage regulator is
bright because of the inherent reliability, ease of maintenance and low initial cost of these
devices. The modern regulators are known as continuously acting because of their faster
operation and because they do not have a dead band.

Generator

Input
from
prime
mover

Output
from
generator

Auxiliary
control

Voltage
regulatorExciter Reference

voltage
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The transient stability of a system can be improved if the excitation system has high speed
of response and a high ceiling voltage with faster change in excitation and hence boost of internal
machine flux; the electrical output of the machine may be increased during the first swing which
reduces the accelerating power and results in improved transient performance. The modern
excitation system is effective in two ways:

(i) It reduces the severity of machine swings when subjected to large impacts by reducing
the magnitude of the first swing. (ii) It ensures that the subsequent swings are smaller than
the first swing.

In the modern large interconnected power system the second effect is very important.
There may be certain situations when various modes of oscillations reinforce each other during
later swings, which alongwith the inherent weak system damping may cause transient
instability after the first swing. With proper compensation a modern excitation system can be
very effective in correcting this type of problem.
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MVA
limit 1 p.u.

(0, 0)
No

regulator

Continuously
acting AVR

Non-continuously
acting

1 p.u.
Lead Lag

Generator and Automatic Voltage Regulator Characteristics

The equivalent circuit of a generator will be modified depending upon the action of regulator.
Basically, there are three possibilities.

(i) Operation with constant excitation and hence constant no load voltage, i.e., no regula-
tor action. This operation of the alternator is represented by an equivalent circuit with synchro-
nous impedance Zs behind a constant voltage source E.

(ii) The other possibility is the use of a regulator which is acting non-continuously, i.e., the
terminal voltage varies with load. This is represented by a constant voltage E′ behind a transient
reactance.

(iii) The third possibility is that when the terminal voltage is held constant irrespective of
load changes by using continuously acting automatic voltage regulator.

Each of these three possibilities would give
different values of maximum power output which
depends upon the speed of the automatic voltage
regulator. The variation of maximum power is shown
in Fig. 17.20 which indicates the possibility of increase
in operating range of the synchronous generator.
However, it should be noted that due to overheating of
the stator winding it may not be possible to utilize the
full leading p.f. increase in operating range. It is
possible, now, with the use of fast acting automatic
voltage regulator to retain in the synchronism of a
generator which has passed through its steady state
limiting angle of 90°. With the action of the voltage
regulator the voltage is increased and hence the system
works on a different power angle curve wherein the power instead of falling increases and after δ
= 90° it is maintained and dP/dδ is still positive.

����%�������&���	����������

The first step in the sophistication of the primitive excitation system was the introduction of an
amplifier in the feed back path which amplified the error signal and made the system fast acting.
With the increase in size of the units and growth in the interconnection of the system, the excitation
systems have become more and more complex.

With the advent of solid state technology and availability of reliable high current rectifiers
a.c. exciters have been developed, the output of which is rectified to provide the d.c. current
required by the alternator field through the slip rings. Since the control circuitry is also solid
state in these cases, the overall response is quite fast. The excitation is controlled by
electronically adjusting the firing angle of the silicon controlled rectifier. The firing angle can
be controlled very quickly compared to the other time constants involved.

Another system that has been developed is unique in that it is brushless i.e., it does not
require slip rings since the alternator-exciter and diode rectifiers are rotating with the shaft.
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With this the problems of cooling and maintenance associated with slip rings, commutators and
brushes are thus avoided.

The excitation system consists of pilot exciter, main exciter and the SCRS. The main
exciter is an a.c. generator, the armature and field windings of which are located in the stator.
The stationary field of the main exciter is fed through a magnetic amplifier which controls and
regulates the output voltage of the main alternator. The pilot exciter which is a permanent
magnet alternator supplies excitation power to the magnetic amplifiers. The overall response
of the system to controlling signals (voltage correction signals) is very fast.

High Frequency Excitation System: The response of the system with alternator rectifier
exciters is improved by designing alternators for operation at frequencies higher than that of
the main alternator. Recently frequencies of 400 to 500 Hz have been used and excellent response
characteristics have been obtained.

The high frequency excitation system is derived from a.c. main exciter (500 Hz) a pilot
exciter and a rectifier unit. Both the exciters are mounted on the main shaft of the alternator.
The main exciter is an induction type alternator having three phase a.c. winding the field
windings on the stator and it has no winding on its rotor. This increases the reliability of the
system and reduces the maintenance problem. The pilot exciter is a permanent magnet type
which has a rotating field and stationary armature and serves a source of stable supply to
power magnetic amplifiers of automatic voltage regulators and manual excitation of main
exciter. The rectifier unit is a three phase static convertor which converts the main exciter
output and feeds the turbo-alternator field. A schemetic diagram of the system is shown in
Fig. 17.21.

Permanent
magnet

alternator

Magnetic
amplifier

A.C. main
exciter

SCRs mounted
on rotor shaft

Alternator
field
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The excitation of the alternator is regulated by varying the main exciter output voltage.
The excitation of the main exciter is varied by means of the transistorized automatic voltage
regulator having power magnetic amplifiers as its output stage.

Automatic voltage regulator consists of the following components:

(i) Power magnetic amplifiers.
(ii) Voltage corrector.
(iii) Bias circuit.
(iv) Feedback circuits.
(v) Maximum excitation limiter.

(vi) Minimum excitation limiter.
(vii) Matching circuit.

Power Magnetic Amplifiers. There are two types of magnetic amplifiers, viz., boosting and
bucking amplifiers. Both the amplifiers are fed from the pilot exciter. The boosting amplifier
provides additional excitation during variation of alternator load and in case of abnormal drop of
alternator voltage. The bucking amplifier provides de-excitation when there is sudden drop of load
and the generator voltage has a tendency to shoot up.
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The amplification factor of the amplifiers is increased by providing internal feed back
with the help of SCR connected in series with the a.c. series winding of the amplifier.

Voltage Corrector: It is a solid state device and provides the control current to the
magnetic amplifiers. The control current is a function of the alternator terminal voltage and
the load current of the alternator. The smaller the terminal voltage and larger the load current
the alternator excitation should be increased to bring back the normal terminal voltage. The
voltage input to the voltage corrector is the sum of the voltage (i) proportional to the terminal
voltage and (ii) proportional to the load current to the alternator. The former is obtained
through potential transformers and the latter across a resistor connected between the terminal
of secondary of a current transformer.

Bias Circuit: The bias circuit provides the required shift in the characteristic of amplifiers.
The bias circuit is fed from the auxiliary transformer through the SCRS. The current is varied
with the help of a rheostat in the circuit.

Feedback Circuit: The feedback circuits (negative feedback) provide automatic regulation
during static and dynamic conditions of the alternator.

Maximum Excitation Limiter: This is required to avoid overheating of the rotor of the
alternator. This is achieved with the help of a non-linear transformer and a set of magnetic
amplifiers. Whenever the output voltage of the main exciter increases, the secondary current
of non-linear transformer sharply increases and magnetises a magnetic amplifier which, in
turn, demagnetises the boosting magnetic amplifier and magnetises the bucking magnetic
amplifier. This results in reduction of excitation current of main exciter, thus limiting the
output voltage of the main exciter. Under normal operating conditions the secondary current
of the non-linear transformer is negligibly small and can’t actuate the magnetic amplifier.

Minimum Excitation Limiter: The excitation of the alternator should not go below a
certain minimum value due to stability reasons. The minimum excitation limiter operates the
series connected control windings of both the boosting and bucking magnetic amplifiers. The
control currents are proportional to main alternator terminal voltage and the alternator load
currents. These are fed to the minimum excitation limiter through the potential transformer
and the current transformers.

Matching Circuits: The matching circuit consists of two magnetic amplifiers alongwith
their bias, feed back and control windings. Whenever there is some problem with the automatic
voltage regulator circuit, the smooth change over of the excitation control from AVR to manual
is achieved with the help of matching circuit.
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The line-to-ground fault is the most common fault and the magnitude of fault current depends
upon the zero, positive and negative sequence impedances. Of these impedances, positive and
negative sequence impedances are practically constant. The zero-sequence impedance depends
upon the impedance of the grounding resistor or reactor, number of grounding points, the
zero-sequence impedance of the lines and of the tower-footings. Normally a L-G fault is less
severe as compared to other faults due to high value of zero-sequence impedance. The effect of
a double line-to-ground fault approaches that of a line-to-line fault and a line-to-ground fault
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E1 V

j XI d

approaches no fault when zero-sequence impedance is appreciably large. Therefore, from
stability point of view, the impedance grounding is better than solid grounding especially during
ground faults. Either resistors or reactors are used to decrease the severity of ground faults.
Reactors are more commonly used as they are cheaper than the equivalent values of resistors.

However, it is to be noted that at some locations resistors are more useful as compared
to reactors from stability point of view. Consider the system of Fig. 17.22. In case of a L-G
fault on the system, the output of the generator is reduced and hence the input to the motor is
decreased. For the generator Ps > Pe, therefore, the generator accelerates and for the motor
the mechanical output is more than the electrical input, hence the motor decelerates. If the
fault is closer to the generator, the acceleration of generator is more; similarly if the fault is
closer to the motor, the input to the motor is affected more and hence the motor deceleration is
more. A resistor in the generator neutral will increase the output of the generator during L-G
fault and hence the acceleration is reduced. The grounding resistor consumes power during a
ground fault and thus exerts braking effect on the synchronous machine which is greater, the
closer the fault is to the resistor and the closer the machine is to the fault. A grounding resistor
located near a generator is, therefore, beneficial. However, a grounding resistor should neither
be used near an actual or equivalent synchronous motor nor it should be used near a
synchronous condenser, as such machines already are retarded by faults. In a two-machine
system, it is, therefore, advisable to have resistance grounding at the sending end and reactance
grounding at the receiving end. it is to be noted that during 3-phase faults neither resistance
grounding, nor reactance grounding have any effect on power transfer and hence on the stability
of the system.

MG
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A synchronous machine when over-excited delivers lagging reactive volt amperes to the system
whereas when under-excited it draws lagging reactive volt amperes from the system. The
upper excitation limit is governed by the thermal heating of the rotor whereas the lower
excitation limit is governed by the stability of the system.

The power transferred between two buses is given
by

P = 
E E

X
1 2 sin δ

where E1 and E2 are the induced voltages of the two
machines and X is the total reactance between the
machines. If E2 is the voltage of the infinite bus which is
fixed in magnitude and phase, the lower the excitation

������������������ #����!�%��
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of machine 1 the lower will be E1 and hence the stability limit will be lowered. If the system
voltage rises due to large charging current, in order to maintain constant terminal voltage V,
machine 1 should be under-excited; thereby the induced voltage E1 is lowered (Fig. 17.23).

It is to be noted that for a given terminal voltage V and the power P to be transferred,
there is some value of Q below which the machine will go into unstable operation. This means
that the P and Q delivered from the generator terminals to the system must not go beyond
certain predetermined limits. Therefore, there must be some practical method of finding out
this lower limit of excitation and giving a signal to the excitation system so that it does not go
into unstable region of operation.

In this section an expression for minimum excitation limit (MEL) is derived and some
controls have been suggested to hold the excitation system to this limit.

The problem is defined as follows:

Given the terminal voltage V as constant (Fig. 17.24), determine the relationship between
P, Q, V and δ allowing E1 and E2 to swing. Since we are interested in the pull out condition, δ
will be set to 90°.

Xd Xe

V
E1�� E 0°2�

�����������,#�#���!���#����������� �������#�%#�#���-������������
�
�

From Fig. 17.25,

tan (α + β) = 
tan tan

tan tan
α β

α β
+

−1

       tan α = 
I X

V I X
p d

q d−
and tan β = 

I X

V I X
p e

q e+

�

I

�Iq

Ip

� V

– j XIq e

– j XIp e

j XIp d

j XIq d
E1

E2

������������������ #����!�%��������!�#��,#�&�.+&/0&

Since (α + β) = δ = 90° for extreme pull out condition,

tan (α + β) = tan 90° = ∞
or      1 – tan α tan β = 0
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Substituting values of tan α and tan β, we have

1 −
− +
I X

V I X

I X

V I X
p d

q d

p e

q e
.  = 0

or 1 = 
I X X

V VI X VI X I X X
p e d

q e q d q d e

2

2 2+ − −

Let P = VIp and Q = –IqV.

Here Q is taken negative as the machine is operating under leading power factor.

Substituting values of P and Q , we have

1 = 
( / )

( ) ( / )
P V X X

V Q X X Q V X X
e d

d e d e

2 2

2 2 2+ − −

or V 2 + Q(Xd – Xe) – Q

V
X X

P

V
X Xd e e d

2

2

2

2 0− =

Multiplying throughout by V2/(XdXe), we get

V
X X

V Q
X X
X Xd e

d e

e d

4
2+

−
 – Q2 – P2 = 0

or P2 + Q2 – QV2
X X

X X
V X X

X X
V

X X
V X X

X X
d e

e d

d e

d e d e

d e

d e

−
+

−�
��

�
��

= +
−�

��
�
��

� � 4 2 4 4 2

4 4

or P2 + Q
V X X

X X
V

X X
X X

d e

d e

d e

d e
−

−	


�

�

�

=
+�

��
�
��

	

�
��

�
�
��

2 2
2

2

2 2
( )

This is an equation to a circle with radius

  r = V2
X X

X X
V

X X
d e

d e e d

+
= +

�
��

�
��2 2

1 12

and centre at Pc = 0, Qc = 
V X X

X X
V

X X
d e

e d e d

2 2

2 2
1 1−

= −
�
�
�

�
�
�

For a given power P, the vertical component of E1 (Fig. 17.25) is constant and equals
IpXd. When δ = 90°, E1 will be at a minimum and the machine cannot be excited below this
level. Therefore, the operation of the machine should be within the pull out circle as shown in
Fig. 17.26. The pull out curve gives the relation between power P and the corresponding reactive
power (minimum) Q. If the value of Q for a particular P (and hence excitation) is less than as
indicated in the curve, the system will be unstable. It is seen that corresponding to P = 0 the
reactive power (minimum) is V2/Xd which corresponds to the short circuit reactive volt-amperes
of the generator. The dotted curve in Fig. 17.26 which lies above the pull out curve is referred
to as the minimum excitation limit curve (MEL). An automatic excitation limit control can be
provided which will prevent the machine from going below this dotted curve. With any attempt
on the part of the machine to go below MEL curve, the limit control would override the terminal
voltage control and allows increased excitation; thereby the machine remains in stable region
of operation. Since the MEL curve is above the pull out curve, it provides extra margin for
stability. This margin depends upon the requirements of a particular utility but typical values
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may vary between 10 to 20% of the radius of the circle shown in Fig. 17.26. Another curve
known as a loss of field relay curve may be placed in between the pull out curve and the MEL
curve. If, for any reason, the excitation level goes below this level, the relay will give signal to
either trip a machine or sound an alarm etc.

P
O

Q

(O, Q )c

r = —V
2

2

— + —1
Xd

1
Xe

Pull
out
curve

MEL curve

r – Qc = ——
V
X

2

d

Q = —c
V
2

2

— – —1
Xe

1
Xd
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Example 17.7: A synchronous generator is connected to an infinite bus through a tie-
line. The reactances of generator and the tie line are 1.1 p.u. and 0.4 p.u. respectively both on
100 MVA base. Assume generator terminal voltage of 0.98 p.u. Determine the centre and
radius for the pull out curve and also the minimum permissible output vars when the output
powers are (i) 0.0 (ii) 0.25 p.u. and 0.5 p.u.

Solution: The coordinates of the centre are

 Pc = 0, Qc = 
V 2

2
1

0 4
1

11. .
−�

��
�
��  = 

0 98
2

0 7
0 44

2. .
.
�
��

�
��

= 0.7639 p.u.

Coordinates of centre (0.0, 0.7639)

Radius of circle = 
V

X Xd e

2

2
1 1+
�
�
�

�
�
�

= 
0 98

2
1

11
1

0 4

2.
. .

+�
��

�
��

= 
0 98

2
15

0 44

2. .
.

×

= 1.637 p.u.

(i) Substituting the values in equation to the circle, we have

0.0 + Q − −�
��

�
��

	


�

�

�

=
×

�
��

�
��

	


�

�

�

0 98
2

11 0 4
0 44

0 98
15

2 0 44

2 2
2

2
. . .

.
.

.
.
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or Q = 0.7639 = ± 1.637

or Q = 2.4, – 0.8731 p.u.

Considering only the –ve sign for minimum excitation, the reactive power is 87.31 MVAr.

(ii) P = 0.25 p.u. Using same equation

0.252 + (Q – 0.7639)2 = (1.637)2

(Q – 0.7639)2 = (1.637)2 – (0.25)2 = 1.887 × 1.387

or     Q – 0.7639 = ± 1.6178

     Q = – 0.8539 p.u. Ans.

(iii) 0.5 p.u.

(Q – 0.7639)2 = (1.637)2 – (0.5)2 = 2.137 × 1.137

         = 2.429769

or    Q – 0.7639 = ± 1.55877

or       Q = – 0.7948 p.u. Ans.

���������������� ������������!�����������	���

So far we have considered the transient stability study of a finite machine, connected to an
infinite bus without a load connected to either a finite machine or an infinite bus. In an actual
power system, there will be large number of both load and generator buses. There are two
methods of representing load buses—(1) Represent them as they are taken in load flow studies.
Here the Y-bus matrix will be exactly identical to the load flow case. (2) The loads are
represented by constant admittance. Therefore, the presence of loads is taken care of by the
bus admittance matrix and this matrix is different from the one calculated for load flow studies.
Since we are interested in the synchronous stability of the system, we need not bother about
the load bus current, and our objective is to calculate generator currents only in order to find
out the prefault or pretransient induced e.m.f. behind the transient reactance of individual
machines. These voltages are required to find out the power transfer between the machines.

The load currents, thus, having been accounted for by the constant admittances, the
bus currents consists of the generator currents and the general network equations are

I Y Y
Y Y

E
V

G AA AB

BA BB

G
0
�
��
�
��

= �
��

�
��
�
��
�
�� (17.47)

where     IG = [I1, I2, ..., In]T (17.48)

generator current vector (n × 1), 0 is an m × 1 null current vector corresponding to load buses
which have been represented by constant admittances and hence the injected current is zero
for each load bus.

EG = [E1, E2, ..., En]T = Generator internal source voltage column vector (n × 1)

 V = [Vn + 1, Vn + 2, ..., Vn + m]T = Internal bus voltage column vector (m × 1)

and Y is an (n + m) × (n + m) matrix such that YAA is n × n, YAB is n × m, YBA is m × n and YBB
is (m × m) matrix.
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1

×

2

X = j 0.2 p.u.d�

×

×

×
X = j 0.4 p.u.1�

X = j 0.4 p.u.2�

As is said earlier we are interested in generator currents only, our objective would be to
eliminate load nodes. From equation (17.47)

[0] = [YBA] [EG] + [YBB] [V] (17.49)

or  V = – [YBB]–1 [YBA] [EG] (17.50)

Also, from equation (17.47)

[IG] = [YAA] [EG] + [YAB] [V] (17.51)

Substituting for [V], from equation (17.50), we have

[IG] = [YAA][EG] – [YAB][YBB]–1[YBA][EG]

    = {[YAA] – [YAB][YBB]–1[YBA]}[EG]

= [Y][EG]

= n × n reduced admittance matrix. (17.52)

Example 17.8: A generator is connected to
an infinite bus through a double circuit line as
shown in Fig. E. 17.8.

Compute the prefault, faulted and post-fault
reduced Y matrices. Suppose a three phase fault
takes place at the mid-point of one feeder and the
breakers operate after certain time.

Solution: The equivalent circuit (pre-fault) is given below:

j 2.5
�

j 5
�

j 2.5
�

The full Y-matrix is given as (by inspection)

−
−

−

�

�
�
�

�

�
�
�

j j
j j

j j j

5 0 5 0
0 5 5 0
5 0 5 0 10

: .
: .

. . :

Here     [YAA] = 
−

−
�
��

�
��

j
j

5 0
0 5 , [YAB] = 

j
j
5 0
5 0
.
.

�
��

�
��  [YBA] = [j5.0, j5.0]

and    [YBB] = [j10]

Now       [Y] = [YAA] – [YAB][YBB]–1[YBA]

= 
−

−
�
��

�
��

− �
��

�
�� +
�
��

�
��

j
j

j
j j

j j5 0
0 5

5 0
5 0

1
10

5 0 5 0.
.

. .

= 
−

−
�
��

�
��

− +
− −
− −
�
��

�
��

j
j

j5 0
0 5

1
10

25 25
25 25

= 
−

−
�
��

�
��

+ �
��

�
��

j
j

j j
j j

5 0
0 5

1
10

25 25
25 25  = 

−
−

�
��

�
��

j j
j j
2 5 2 5
2 5 2 5
. .
. .

����������"
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Faulted Case. The equivalent circuit is given as follows:

j 2.5
�

j 5
�

j 5
�

1

j 5
�

2

3

The full matrix (admittance) is given as

Yfull = 
−

−
−

�

�
�
�

�

�
�
�

j j
j j

j j j

5 0 5
0 7 5 2 5
5 2 5 12 5

. .

. .

Following the procedure as outlined for prefault, the reduced matrix (admittance) can
be shown to be:

   Y = 
−

−
�
��

�
��

j j
j j
3 1
1 7

Post-fault: The equivalent circuit under this condition is given as

j 5.0
�

j 2.5
�1 3 2

The full admittance matrix is given as

−
−

−

�

�
�
�

�

�
�
�

j j
j j

j j j

5 0 0 5 0
0 2 5 2 5

5 0 2 5 7 5

. .
. .

. . .

and the reduced admittance matrix

[Y] = 
−

−
�
��

�
��

j j
j j
1.667 1.667
1.667 1.667 Ans.

Example 17.9: For the system of example 17.9 determine the reduced admittance
matrices for prefault, fault and post-fault conditions and hence determine the power-angle
characteristics for the three conditions.

Solution: The network under prefault condition is given as follows:

j 4.0
�

j 8.33
�1

4
j 28.57

�

j 3.33
�

3
2
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The full admittance matrix

−
−

−
−

�

�

�
�
�

�

�

�
�
�

j j
j j

j j j
j j j

8 33 0 0 8 33 0 0
0 0 28 57 0 0 28 57
8 33 0 0 15 67 7 33
0 0 28 57 7 33 35 9

. . : . .
. . : . .
. . : . .
. . : . .

Since there are two generators in the system, the reduced matrix will be of order 2 × 2.
Therefore, the original matrix has been partitioned as shown above. The reduced admittance
matrix

  [Y] = [YAA] – [YAB][YBB]–1[YBA]

[YBB] = 
−

−
�
��

�
��

j j
j j
15.67 7.33
7.33 35.9

Its determinant = – 15.67 × 35.9 + 7.33 × 7.33 = – 508.8

 [YBB]–1 = – 1
508.8

35.9 7.33
7.33 15.67

− −
− −
�
��

�
��

j j
j j

= 
j j
j j
0.07055 0.0144
0.0144 0.03079
�
��

�
��

       [Y] = 
−

−
�
��

�
��

− �
��

�
��

j
j

j
j

8.33     
    28.57

8.33     
  28.57

0 0
0 0

0 0
0 0

.
.

.
.

   
j j
j j

j
j

0.07055 0.0144
0.0144 0.03079

8.33   0.0
0.0 28.57

�
��

�
��
�
��

�
��

= 
−

−
�
��

�
��

− �
��

�
��

j
j

j
j

8.33     
  28.57

8.33    
28.57

0 0
0 0

0 0
0 0

.
.

.
.

    
− −
− −
�
��

�
��

0 58768 0 41408
0 119952 0 87967
. .
. .

= 
−

−
�
��

�
��

− − −
− −
�
��

�
��

j
j

j j
j j

8.33
20.57

4.895 3.427
3.427 25.13

0 0
0 0

.
.

          Y = 
−

−
�
��

�
��

j j
j j
3.435 3.427
3.427 3.44

Now power transmitted between node 1 and 2 from 1 to 2 is given by

       Pe = E1 E2 Y12 sin δ
= 1.1 × 1.0 × 3.427 sin δ
= 3.7697 sin δ

During fault condition: Since there is a 3φ fault on bus 3, therefore, voltage of bus 3
reduces to zero and hence elements corresponding to 3rd row and column will be absent. The
full matrix during fault will be

−
−

−

�

�
�
�

�

�
�
�

j
j j

j j

8 33 0 0 0 0
0 0 28 57 28 57
0 0 28 57 35 9

. . : .
. . : .
. . : .
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The reduced admittance matrix

          Y = 
−

−
�
��

�
��

− �
��

�
�� −

j
j j j

j8 33 0 0
0 0 28 57

0 0
28 57

1
35 9

0 0 28 57. .
. .

.
. .

. .    
  

   

= 
−

−
�
��

�
��

− −
�
��

�
��

j
j j

8 33 0 0
0 0 28 57

0 0 0 0
0 0 22 73

. .
. .

. .

. .

= 
−

−
�
��

�
��

j
j

8 33 0 0
0 0 5 83

. .
. .

Hence the power angle characteristic will be

        Pe = E1 E2 Y12 sin δ
= 1.1 × 1.0 × 0.0 sin δ = 0.0

Post fault condition: After the fault is cleared, the network reduces to

j 4.0j 8.33
1 4

j 28.5
3

The full matrix will be

−
−

−
−

�

�

�
�
�

�

�

�
�
�

j j
j j

j j j
j j j

8 33 0 0 8 33 0 0
0 0 28 57 0 0 28 57
8 33 0 0 12 33 4 0
0 0 28 57 4 0 32 57

. . : . .
. . : . .
. . : . .
. . : . .

Here    YBB = 
−

−
�
��

�
��

j j
j j
12 33 4 0
4 0 32 57

. .
. .

YBB
–1 = 1

385 58
32 57 4 0
4 0 12 33−

− −
− −
�
��

�
��.

. .
. .

j j
j j

          = 
j j

j j
0 08447 0 010374

0 010374 0 031977
. .

. .
�
��

�
��

       Y = 
−

−
�
��

�
��

− �
��

�
��

j
j

j
j

8 33 0 0
0 0 28 57

8 33 0 0
0 0 28 57

. .
. .

. .

. .

j j
j j

j
j

0 08447 0 010374
0 010374 0 031977

8 33 0 0
0 0 28 57

. .
. .

. .

. .
�
��

�
��
�
��

�
��

After simplification it can be seen that the element

       Y12 = j2.4679

∴ The power-angle characteristic for post fault condition

        Pe = E1 E2 Y12 sin δ
= 1.1 × 1.0 × 2.4679 sin δ
= 2.7147 sin δ Ans.
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In typical transient stability studies, depending upon the state of the system, [Y] will
have different entries. The states are, pre-fault, faulted and post-fault. The prefault state
involves load flow study and determination of EG

S  alongwith angles δs. The faulted state exists
at t = 0 and persists until the fault is cleared at t = τc. For t = τc, the post fault [Y] is used.
Under the three conditions, since the configuration of the system changes, the entries of [Y]
matrix will be different in each case. However, it is to be noted that the Y matrix defined in
equation (17.52) includes the generator transient impedance Xd’ and the load impedances.

Let Y = Ypq = Gpq – jBpq = Ypq / − θ pq

and Ep = Ep p/ δ

The electrical power injected at generator node p

Pp = Re [Ep
* Ip]

     = Re E Y Ep p pq q
q

n

q/ /−
	

�
��

�
�
��=

∑δ δ
1

     = E E Yp
q

n

q pq pq p q
=

∑ + −
1

cos ( )θ δ δ (17.53)

  p = 1, 2, ..., n

From load flow solution, the terminal voltage alongwith its angle, the active and reactive
power supplied by the generator are known. For pth node (generator) let these quantities by
PP

0 and QP
0. Here superscript 0 represents time t = 0 i.e., initial operating condition.

If Ipp and Ipq are the inphase and quadrature component at bus p, then

       Ipp = 
P

V
p

p

0

0 and Ipq = 
Q

V
p

p

0

0

Let us assume Vp
0 as the reference, then

Ep /δ p′  = V
Q X

V
j

P X

V
p

p dp

p

p dp

p

0
0

0

0

0+
′�

�
�

�

�
� + (17.54)

∴ The initial generator angle δp
0 is obtained by adding the pre-transient voltage angle

βp
0 to δp′ i.e.,

δp
0 = δp′ + βp (17.55)

Here xdp′  is the transient reactance of the pth generator.

Similarly if Vi is the load bus voltage of ith node as obtained from load flow solution and
if Pi and Qi are the active and reactive powers of the load, then

Gi = 
P

V
i

i
2 and Bi = 

Q

V
i

i
2

So far we have discussed preliminary preparation one has to make before studying the
multi-machine stability of power system.
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The assumptions used for two machine system are also assumed valid for a multi-machine
system.

1. Mechanical power input to each generator is constant.

2. Saliency of generators is neglected and the transient generator model will be chosen.

3. The e.m.f. behind transient reactance will remain constant throughout the post fault
period.

4. All resistances and damping torques are neglected.

5. Loads are represented by constant passive admittances.

6. The variation of frequency is considered to be negligible and hence, the change in
load with frequency is neglected.

The swing equation for the pth generator is given by

  
d

dt
p

2

2

δ
 = (Ps – Pp)/Mp

= 
1

1M
P E E Y

p
s p

q

n

q pq pq p q− + −
�

�
�
�

�

�
�
�=

∑ cos δ δ δ� � (17.56)

The set of equations (17.56) is a set of n-coupled non-linear second order differential
equations. We introduce here state variables to convert each second order swing equation by
two coupled first order state differential equation.

Let x1 ∆  = δ (rotor angular position in electrical radian)

    x2 ∆ = �δ  = 
d
dt

δ
 (rotor angular velocity in electrical radian per sec.)

These state variables form the components of the state vector.

  x = 
x
x

1

2

�
��
�
��
�
��
�
��

∆ δ
δ�

∴ �x1 = x2 = 
d
dt

δ
 = ω – 2πf (17.57)

�x2 = 
d

dt M
P Ps p

2

2
1δ

ω= − = (17.58)

Here state vector XT = [ω1, δ1, ω2, δ2, ..., ωn,δn] is a vector of dimension (2n × 1) where n
is the number of generators. The generator power Pp is a function of δ(= x1),

∴ �x1 = f1(x1, x2)

�x2 = f2(x1, x2)

or in vector form x = f (x).

The swing equation expressed in terms of state equations can be solved by (i) Modified
Euler Method (ii) Runge-Kutta method and many other methods. We will study here only the
two methods mentioned above. Before we apply these two techniques for the solution of swing
equation, we study here their mathematical aspects.
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Modified Euler Method: The objective is to solve the equations x = f(x)

The independent variable is discretised into time elements t0, t1, ..., tk preferably
equidistant.

1. Assume an initial solution X0 and set the time count k = 0.

2. Compute the derivative �X k = f(Xk)

3. Compute first estimate of the state vector

  Xk ± 1 = Xk + �X k ∆t

4. Compute second estimate of the state derivative

�X k + 1 = f (Xk + 1)
5. Compute the average of the state derivatives

           �X k av = 
1
2

1� �X Xk k+ +� �
6. Evaluate the second and first estimate of the state vector.

 Xk + 1 = Xk + �X k av ∆t

Print the Xk + 1.

7. Check if t > t max. If not, increment time t = t + ∆t i.e., K = K + 1 and go to step 2.

8. Terminate the computation.

Fig. 17.27 shows the various steps involved.

Runge-Kutta Method: Consider two first order differential equations in two variables
X1 and X2 such that

�X1  = f1 (x1 x2)
�X2  = f2 (x1 x2)

1. Assume a solution x1
0, x2

0 and set time count K = 0

2. Compute the following eight constants:

K1
k = f1 (x1

k, x2
k) ∆t

  l1
k = f2 (x1

k, x2
k) ∆t

K2
k = f1

x K x l tk k k k
1 1 2 1

1
2

1
2

+ +�
��

�
��, ∆

 l2
k = f2 x K x l tk k k k

1 1 2 1
1
2

1
2

+ +�
��

�
��, ∆

K3
k = f1

x K x l tk k k k
1 2 2 2

1
2

1
2

+ +�
��

�
��, ∆

  l3
k = f2

x K x l tk k k k
1 2 2 2

1
2

1
2

+ +�
��

�
��, ∆

 K4
k = f1 x K x l tk k k k

1 3 2 3+ +,� � ∆

  l4
k = f2 x K x l tk k k k

1 3 2 3+ +,� � ∆ (17.59)
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Assume initial state vector X and set time count K = 0
0

Compute X = f(x )
k k.

Print X
k + 1

Compute first estimate of the state vector

X = X + X t
k + 1 k k

�
.

Compute second estimate of the state derivative

X = f(X )
k + 1 k + 1.

Evaluate the average of the state derivative

X av = — X + X
k k k + 1. .1

2

.

Evaluate the second and final estimate of the state vector

X = X + X t
k + 1 k k

�

Is

K K max
?

�k = k + 1 Stop
No Yes

A

Start

������������� #%#� ���"��3��!���� &

3. Compute the change in state vector

∆X K K K Kk k k k k
1 1 2 3 4

1
6

2 2= + + +� �

∆X l l l lk k k k k
2 1 2 3 4

1
6

2 2= + + +� �
4. Evaluate the new state vector

X1
k+1 = X Kk k

1 1+ ∆

X2
k+1 = X Kk k

2 2+ ∆
and print the state vector.

5. Advance the time count K = K + 1 and check if K > K max. If not go to step 2.

6. Terminate computation.

Runge-Kutta method applied to solution of swing equations for a multi-machine system:

1. Obtain a load flow solution for the pretransient conditions.

2. Calculate the generator internal voltages behind transient reactances using equations
(17.54) and (17.55). The state vector δs have finite values but ωs = 0 under pretransient
condition.
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3. Assume the occurrence of a fault and calculate the reduced admittance matrix for
this condition and initialize time count K = 0, initialise j = 0.

4. Determine the eight constants using equations (17.56) and (17.57) e.g.,

K1
k = f1 (δ

k, ωk) ∆t

 l1
k = f2 (δ

k, ωk) ∆t

K2
k = f1 δ ωk k k kK l t+ +�

��
�
��

1
2

1
21 1 1, ∆

and so on.

5. Compute the change in state vector.

∆δk = 
1
6

2 21 2 3 4K K K Kk k k k+ + +� �

and ∆ωk = 
1
6

2 21 2 3 4K l l lk k k k+ + +� �
6. Evaluate the new state vector

δk+1 = δk + ∆δk

ωk+1 = ωk + ∆ωk and print the state vector.

7. Evaluate the internal voltage behind transient reactance using the relation

Ep
k+1 = E j Ep

k
p

k
p

k
p

kcos sinδ δ+ ++1 1

8. Check if t < tc yes, K = K + 1 and go to step 4.

9. Check if j = 0, yes, modify the network data and obtain a new reduced admittance
matrix corresponding to post-fault condition. Set j = j + 1.

10. Set K = K + 1

11. Check if K < K max, yes, go to step 4.

12. Terminate the process.

Computational Algorithm using Modified Euler Method for Power System Problems
(Fig. 17.28).

1. Obtain a load flow solution for the pretransient condition.

2. Calculate the generator internal voltages behind transient reactances using equations
(17.54) and (17.55). The state vectors have finite values whereas all ωs = 0 under pre-
transient condition.

3. Assume the occurrence of fault and initialize time K = 0. Calculate the reduced
admittance matrix for this condition. Set Count J = 0.

4. Determine the state derivatives using equations (17.56) and (17.57) and calculate
the first state estimate.

δp
k + 1 = δ

δ
p

k p

k

d

dt
t+

�

∆

ωp
k + 1 = ω

ω
p

k

k

d
dt

t+
�

∆
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5. Second estimate of the variables can be obtained if derivatives at t = t + ∆t are obtained.
For this we must have new values of Es at time t = t + ∆t, so  that the generated
powers can be calculated.

Ep
k+1 = E j Ep

k
p

k
p

k
p

kcos sinδ δ+ ++1 1

and use these values in equations (17.56) and (17.57) to obtain state derivatives.

6. Determine the average value of the state derivative and obtain the second estimate
of state variables and the second estimate of the internal voltage angles and machine
angular speeds.

δp
k+1 = δp

k + 

d

dt

d

dt t

p
k

p
kδ δ

+
�

�

�
�
�
�

�

�

�
�
�
�

+1

2
∆

ωp
k+1 = ωp

k + 
d dt

d

dt t
p
k p

k

ω
ω

/ +
�

�

�
�
��

�

�

�
�
��

+1

2
∆

7. Compute final internal voltages of the generators at the end of (t + ∆t).

Ep
k+1 = E j Ep

k
p
k

p
k

p
kcos sinδ δ+ ++1 1

and print the result.

8. Check if t < tc (clearing time). If yes, advance time by ∆t and go to step 4.

9. Check if J = 0, if yes, the nodal admittance matrix is changed corresponding to the
post-fault condition and a new reduced admittance matrix is obtained.

Set j = j + 1.

10. Set K = K + 1 and t = t + ∆t

11. Check if t ≤ t max, if yes go to step 4.

12. Terminate the process of computation.

The relation between δ and t for various generators, are thus, obtained and stability or
otherwise of the system can be estimated for a particular type of fault and a particular clearing
time.

Example 17.10: Consider a system having the following parameters:

Pm = 3.0 p.u., r1Pm = 1.2, r2Pm = 2.0

 H = 3.0, f = 60 Hz; ∆t = 0.02 sec.

Pe = 1.5 p.u. Determine the rotor angle and angular frequency at the end of 0.02 sec.
using Runge-Kutta and Euler’s modified method.

Solution: Runge-Kutta method

Initial angle δ0 = sin
.
.

− = °1 15
3 0

30  = 0.524 rad
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and initial relative angular velocity

     ω0 = δ = 0.0

Now using the equations,

d p
dt
δ

 = ωP – 2πf = (ωP – 376.992)

d p
dt
ω

 = 
πf
H

(Ps – Pe) = 62.83 (1.5 – 1.20 sin δ)

and the relation given by equation (17.59)

K1
0 = ω1(0) – 2πf = 0

 l1
0 = 62.83 (1.5 – 1.2 sin 0.524 rad) ∆t = 1.13094

K2
0 = (377.5574 – 376.992) 0.02 = 0.0113094

 l2
0 = 62.83 (1.5 – 1.2 sin 0.524) ∆t = 1.13094

K3
0 = 0.0113094

  l3
0 = 62.83 (1.5 – 1.2 sin 0.5296547) × 0.02

  = 1.123045

K4
0 = 1.123045* 0.02 = 0.02246

  l4
0 = 62.83 (1.5 – 1.2 sin 0.5353094) × 0.02

  = 62.83 (1.5 – 0.6121286) * 0.02

      = 1.115699

   = 
1
6

 (0.0 + 4 × 0.0113094 + 0.02246)

   = 0.01128

   δ1 = 0.53528

 ∆ω = 
1
6

 (3 × 1.13094 + 2 × 1.123045 + 1.115699)

      = 
1
6

 (3.39282 + 2.246090 + 1.115699)

      = 1.125768

∴   ω1 = ω0 + ∆ω0 = 0.0 + 1.125768

      = 1.125768

and   δ1 = 0.53528 Ans.

Now suppose the breakers operate at time 0.15 sec. and typical values of the rotor angle
and angular velocity at the end of 0.14 sec., are 1.026 radians and 6.501 rad/sec., determine
the two quantities at the end of 1.6 sec., using Runge-Kutta method:

δ7 = 1.026 rad ω7 = 6.501 rad/sec.

The equations to be solved are
�δ p = ( �ω p(t) – 2πf)

and �ω p  = 
πf
H

 (1.5 – 1.2 sin δ)
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Carry out load flow corresponding to pre-transient condition

Modify network data for the period when the fault takes place.
Set t = 0. Obtain new reduced admittance matrix. Set K = 0, J = 0

Calculate the state derivatives
X = f(x) using equations (17.56) and (17.57)

k.

Compute the first state estimate for t = t

X = X + X t

k + 1

k + 1 k k
�

Print X
k + 1

No

Start

Calculate internal voltages alongwith their angles
using equation (17.54) and (17.55) = 0 here.	�

.

Compute first estimate of E for t = tp
s k + 1

E = E cos + j E sinp p p p p
k + 1 k k + 1 k k + 1

� �

Use these values of E to obtain second estimate of
state derivatives using equations (17.56) and (17.57)

X = f(X )

s

k + 1 k + 1.

Compute the average value of state derivative

X = — X + Xav
k k k + 1. . .1

2

Obtain the second estimate of the state variables

X = X + X t
k + 1 k k

av �
.

Compute the second estimate for E for t = tp
s k + 1

E = E cos + j E sinp p p p p
k + 1 k k + 1 k k + 1

� �

Is

t < tc

k = K + 1

Is

j = 0

No

Yes

k = K + 1
Is

t > tmax

End

Modify the network
data and obtain
a new reduced

admittance matrix

Yes

A

A

K
=

K
+

1
J

=
J

+
1

A

No

Yes

���������"��� #%#� ���"��3��!���� �%���4�5��������!�4��-"�!&

Here ωp (1.4) = 383.493 = 376.992 + 6.501 and the power angle curve corresponds to
fault curve as tc > 1.4 sec.
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       K1
7 = (383.493 – 376.992) × 0.02

= 0.13002

        l1
7 = 62.83 (1.5 – 1.2 sin 1.026) × 0.02

= 0.595277

       K2
7 = (6.501 + 0.297638) × 0.02

= 0.1359727

        l2
7 = 62.83 (1.5 – 1.2 sin 1.09101) × 0.02

= 0.5472338

       K3
7 = (6.501 + 0.2736169) × 0.02

= 0.1354923

        l3
7 = 62.83 (1.5 – 1.2 sin 1.0939863) × 0.02

= 0.545168

       K4
7 = (6.501 + 0.545168) × 0.02

= 0.1409233

        l4
7 = 62.83 (1.5 – 1.2 sin 1.16149) × 0.02

= 0.5015371

       ∆δ7 = 
1
6

 (0.13002 + 2 × 0.1359727 + 2 × 0.1346495 + 0.1409233)

= 0.13536

and         δ8 = δ7 + ∆δ7 = 1.026 + 0.13536

= 1.16136 rad. Ans.

       ∆ω7 = 
1
6

 (0.595277 + 2 × 0.5472338 + 2 × 0.545168 + 0.5015371)

= 0.5469362

∴  ω8 = 7.0479 rad/sec. Ans.

Euler’s Modified Method: The equation to be solved are

   δ = ωp (t) – 2πf

 �ω  = 62.83 (1.5 – 1.2 sin δ)

The first step is to determine derivatives at t = 0

     �δ (0) = 0 and

        �ω  = 62.83 (1.5 – 1.2 sin 0.524) = 56.547

         δ1
1 = δ1

0 + 
d t
dt

t
δ ∆

= 0.524 + 0.0 = 0.524

        ω1
1 = 56.547* 0.02 = 1.13094

Since there is no change in δ, the value of Ep
k+1 remains same and hence power generated

remains same. Again evaluate derivative of δ and angular velocity as evaluated above.
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          δ = 1.13094

        �ω= 56.547

Average value of derivatives

        δav = 0.56547 = 
0 0 113094

2
. .+

     �ωav  = 
56 547 56 547

2
. .+

 = 56.547

∴ New estimate of the variables

         δ0
1 = 0.524 + 0.56547* 0.02

= 0.5353 Ans.

and       ω1
1 = 0.0 + 56.547 × 0.02

= 1.13094 Ans.

���������������	��	��� �������������	���

The classical model is valid if the study of transient stability is made up to the first swing or
for a period of 1 sec. The equipment used for the excitation control is relatively slow and
simple. In the past the sizes of power system were such that the period of oscillation during
machine dynamic response due to any impact in the system, was small usually less than one
second.

Today the system is growing bigger and bigger using lot of interconnections. The system
has large inertia but relatively weak ties. This results in longer periods of oscillation during
transients. The modern excitation control system is extremely fast. Therefore, the effect of
control equipments on the transient stability can’t be ignored. There have been instances
when the system withstood the first swing after a disturbance took place, but went out of step
after several oscillations.

If the transient stability is to be studied for a longer period (longer than 1 sec.) it is
unrealistic to assume that the mechanical power will not change. The turbine-governor and
the boiler characteristics must be included in the analysis.

It is not correct to represent load by constant admittances. In the constant admittance
model, the change in voltage is reflected in the active and reactive powers consumed by the
load but the change in frequency (which occurs as a result of sudden short circuit in the system)
is  not reflected at all in the load power. In an actual power system the reduction in power
consumed by the load is not proportional to V2 but rather less than this as an increase in
frequency (generator rotors accelerate during a short circuit) will result in an increase in the
load power.

��	�����

17.1. The generalized circuit constants of a nominal circuit representing a 3-phase transmission line
are

A = D = 0.980 ∠ 0.3°
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B = 82.5 ∠ 76.0° Ω
C = 0.0005 ∠ 90° 

Determine the steady state stability limit of the line if the sending end and receiving end voltages
are held at 220 kV.

17.2. Two power stations A and B are located close together. Station A has four identical generator
sets each rated 100 MVA and each having an inertia constant of 9 MJ/MVA whereas station B
has three sets each rated 200 MVA, 4MJ/MVA.  Calculate the inertia constant of the equivalent
machines of both the stations on 150 MVA base.

17.3. A 4-pole, 50 Hz, 22 kV turboalternator has a rating of 100 MVA p.f. 0.8 lag. The moment of
inertia of rotor is 8000 kgm2. Determine M and H.

17.4. A turboalternator with 4-pole, 50 Hz, 80 MW, p.f. 0.8 lag and moment of inertia 40,000 kgm2 is
interconnected via a short transmission line to another alternator with 2-pole, 50 Hz, 100 MW,
p.f. 0.8 lag and moment of inertia 10,000 kgm2. Determine the inertia constant of the single
equivalent machine on a base of 100 MVA.

17.5. Station A transmits 50 MW of power to station B through a tie line. The maximum steady state
capacity of the line is 100 MW. Determine the allowable sudden load that can be switched on
without  loss of stability.

17.6. Determine the kinetic energy stored by a 50 MVA, 50 Hz two pole alternator with an inertia
constant (H) of 5 kW sec. per KVA. If the machine is running steadily at synchronous speed with
a shaft input (minus rotational losses) of 65000 HP when the electrical power developed sud-
denly changes from its normal value to a value of 40 MW, determine the acceleration or decelera-
tion of the rotor. If the acceleration computed for the generator is constant for a period of 10
cycles, determine the change in torque angle in that period and the r.p.m. at the end of the 10
cycles.

17.7. A generator operating at 50 Hz delivers 1 p.u. power to an infinite bus when a fault occurs which
reduces the maximum power transferable to 0.4 p.u. whereas the maximum power transferable
before the fault was 1.75 p.u. and is 1.25 p.u. after the fault is cleared. Determine the critical
clearing angle. If the inertia constant (H) of the generator is 4 p.u., determine the critical clear-
ing time of the breakers. Plot the swing curve both for sustained fault condition and when the
fault is cleared after 5 cycles. Assume a time interval of 0.05 sec.

17.8. Determine the critical clearing angle of the system shown in Fig. E.17.4 when the voltage E = 1.2
p.u. and voltage of infinite bus is 1.0 p.u. Determine the critical clearing time of the breaker if the
inertia constant (H) of the system is 3.4 p.u. Plot the swing curves both for the sustained fault
condition and when the fault is cleared after 5 cycles. Assume a time interval of (i) 0.05 sec, (ii)
0.025 sec, and (iii) 0.1 sec.

17.9. Differentiate between steady state stability and transient stability of a power system. Discuss
the factors that affect (i) steady state stability, and (ii) transient state stability of the system.

17.10. Derive an expression for the maximum power transfer between two nodes. Show that this power

is maximum when X = 3R , where X is the reactance and R the resistance of the system.

17.11. Derive swing equation and discuss its application in the study of power system stability.

17.12. What is ‘equal area criterion’ ? Discuss its application and limitation in the study of power sys-
tem stability.

17.13. Discuss the application of equal area criterion for the system stability study when (i) a sudden
increase in load takes place, and (ii) a short circuit on one of the parallel feeders takes place
which is cleared after certain time.
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17.14. Explain the point by point method of solving the swing equation. Compare this method with the
equal area criterion method.

17.15. Discuss the effect of neutral grounding on the stability of power system.

17.16. A synchronous generator is connected to an infinite bus. Derive an expression for the pull out
curve under steady state operation. Hence explain what you mean by MEL of the generator.
Suggest some suitable controls for the excitation system.

17.17. Given a generator and a system with reactance of Xd = 1.5 p.u. and Xe = 0.2 p.u. both on 100 MVA
base. Assume a generator terminal voltage of 0.96 p.u. Determine the centre and radius for the
pull out curve and also the minimum permissible output vars when the output power is zero.

���������
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Load flow solution is a solution of the network under steady state condition subject to certain
inequality constraints under which the system operates. These constraints can be in the form
of load nodal voltages, reactive power generation of the generators, the tap settings of a tap
changing under load transformer etc.

The load flow solution gives the nodal voltages and phase angles and hence the power
injection at all the buses and power flows through interconnecting power channels (transmission
lines). Load flow solution is essential for designing a new power system and for planning
extension of the existing one for increased load demand. These analyses require the calculation
of numerous load flows under both normal and abnormal (outage of transmission lines, or
outage of some generating source) operating conditions. Load flow solution also gives the initial
conditions of the system when the transient behaviour of the system is to be studied.

Load flow solution for power network can be worked out both ways according as it is
operating under (i) balanced, or (ii) unbalanced conditions. The following treatment will be for
a system operating under balanced conditions only. For such a system a single phase
representation is adequate. A load flow solution of the power system requires mainly the
following steps:

(i) Formulation or the network equations.

(ii) Suitable mathematical technique for solution of the equations.

Since we are studying the system under steady state conditions the network equations
will be in  the form of simple algebraic equations. The load and hence generation are continually
changing in a real power system. We will assume here that loads and hence generation are
fixed at a particular value over a suitable period of time, e.g., half an hour or so.

���

	

���������
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In a power system each bus or node is associated with four quantities, real and reactive powers,
bus voltage magnitude and its phase angle. In a load flow solution two out of the four quantities
are specified and the remaining two are required to be obtained through the solution of the
equations. Depending upon which quantities have been specified, the buses are classified in
the following three categories:

1. Load Bus: At this bus the real and reactive components or power are specified. It is
desired to find out the voltage magnitude and phase angle through the load flow solution. It is
required to specify only PD and QD at such a bus as at a load bus voltage can be allowed to vary
within the permissible values e.g., 5%. Also phase angle of the voltage is not very important for
the load.

2. Generator Bus or Voltage Controlled Bus: Here the voltage magnitude corresponding to
the generation voltage and real power PG corresponding to its ratings are specified. It is required
to find out the reactive power generation QG and the phase angle of the bus voltage.

3. Slack, Swing or Reference Bus: In a power system there are mainly two types of buses:
load and generator buses. For these buses we have specified the real power P injections. Now

Σ
i

n

= 1
 Pi = real power loss PL, where Pi is the power injection at the buses, which is taken as positive

for generator buses and is negative for load buses. The losses remain unknown until the load flow
solution is complete. It is for this reason that generally one of the generator buses is made to take
the additional real and reactive power to supply transmission losses. That is why this type of bus
is also known as the slack or swing bus. At this bus, the voltage magnitude V and phase angle δ
are specified whereas real and reactive powers PG and QG are obtained through the load flow
solution. The following table summarises the above discussion:

Bus type Quantities specified Quantities to be obtained

Load bus P, Q | V |, δ
Generator bus P, |V | Q, δ
Slack bus | V |, δ P, Q

The phase angle of the voltage at the slack bus is usually taken as the reference. In the
following analysis the real and reactive components of voltage at a bus are taken as the
independent variables for the load flow equations i.e.,

Vi ∠ δi = ei + jfi

where ei and fi are the real and reactive components of voltage at the ith bus. There are various
other formulations wherein either voltage or current or both are taken as the independent
variables. The load flow equations can be formulated using either the loop or bus  frame of
reference. However, from the viewpoint of computer time and memory, the nodal admittance
formulation, using the nodal voltages as the independent variables is the most economic.
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The load flow equations, using nodal admittance formulation for a three- bus system (Fig. 18.1),
are developed first and then they are generalized for an n-bus system.

I1

I12
I11

I13

I33
I31 I32

I3

3

21
I21

I22

I23y = y12 21

I2

�����	
�	����������������� 

At node 1

  I1 = I11 + I12 + I13

= V1y11 + (V1 – V2)y12 + (V1 – V3)y13

= V1y11 + V1y12  – V2y12 + V1y13 – V3y13

= V1(y11 + y12 + y13) – V2y12 – V3y13

= V1Y11 + V2Y12 + V3Y13 (18.1)

Here y11 is the shunt charging admittance at bus 1 and ground

Y11 = y11 + y12 + y13

Y12 = – y12

Y13 = – y13

Similarly nodal current equations for the other nodes can be written as follows:

I2 = V1Y21 + V2Y22 + V3Y23 (18.2)

I3 = V1Y31 + V2Y32 + V3Y33 (18.3)

These equations can be written in a matrix form as follows:

I
I
I

1

2

3

�

�

�
�

�

�

�
�
 = 

Y Y Y
Y Y Y
Y Y Y

11 12 13

21 22 23

31 32 33

�

�

�
�

�

�

�
�
 

V
V
V

1

2

3

�

�

�
�

�

�

�
�

(18.4)

or in compact form these equations can be written as

    Ip = 
q =
∑

1

3

 Ypq Vq, p = 1 to 3 (18.5)

From this we now write nodal current equation for an n-bus system where each node is
connected to all other nodes
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     Ip = 
q

n

=
∑

1

 Ypq Vq, p = 1, 2, ..., n (18.6)

or in matrix form

I
I

In

1

2
�

�

�

�
�
�

�

�

�
�
�
 = 

Y Y Y
Y Y Y

Y Y Y

n

n

n n nn

11 12 1

21 22 2

1 2

...

...

...
� � �

�

�

�
�
�

�

�

�
�
�
 

V
V

Vn

1

2
�

�

�

�
�
�

�

�

�
�
�

(18.6 a)

It can be shown that the nodal admittance matrix is a sparse matrix (a few number of
elements are non-zero) for an actual power system. Consider Fig. 18.2.

1

2
y = y12 21

y = y23 32

3

4

5

y = y15 51
y = y34 43

y = y45 54

y = y14 41

�����	
���	!"������������ 

The nodal admittance matrix for the above system is as follows:

Ypq = 

Y Y Y Y
Y Y Y

Y Y Y
Y Y Y Y
Y Y Y

11 12 14 15

21 22 23

32 33 34

41 43 44 45

51 54 55

0
0 0

0 0
0
0 0

�

�

�
�
�
�
�

�

�

�
�
�
�
�

(18.7)

It can be seen that out of 25 elements, eight elements are zero whereas 17 are non-zero. In
a large system of 100 nodes, these non-zero elements may be as small as 2% of the total elements.
This is where we see that the computer memory requirements for storing the nodal admittance
matrix is very low. It need store only a very few non-zero elements, it need not store the zeros of
the matrix. Again the nodal admittance being a symmetric matrix along the leading diagonal, the
computer need store the upper triangular nodal admittance matrix only. Thus, the computer
memory requirement for storing the nodal admittance is all the more reduced.

If the interconnection between the various nodes for a given system, and the admittance
value for each interconnecting circuit are known, the admittance matrix may be assembled as
follows:
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(i) The diagonal element of each node is the sum of the admittances connected to it.

(ii) The off-diagonal element is the negated admittance between the nodes.

However, it can be seen that the sum of the elements in each column of the admittance
matrix summates to zero which means that nodal admittance matrix is a singular matrix and
hence the rows of the matrix are linearly  dependent.

We have already justified the necessity of selecting one of the buses as the slack or
reference bus based on power balance in the system. Based on admittance matrix approach, it
can be said mathematically that one of the buses should be taken as slack, otherwise the nodal
matrix is singular and cannot be handled. By taking one of the buses as reference, corresponding
row and column are deleted from the nodal admittance matrix and hence the reduced matrix
becomes non-singular, which can be handled very easily.

Shunt Branches

Shunt admittances, are added to the diagonal elements corresponding to the nodes at which
they are connected. The off-diagonal elements are unaffected. The addition of shunt element
in this way may either strengthen or weaken the Y matrix diagonal depending on whether the
additional elements add to or subtract from the diagonal terms, representing series admittance
summations. Shunt inductances strengthen the diagonal while shunt capacitances weaken it.
With this also the singularity of the admittance matrix can be avoided.

Tapped Transformers

The tapped transformers operating at off-nominal tap positions provide means of exchanging
reactive power between networks operating at different voltages, and between generators and
the network system to which they are connected, it is required to reflect this into power balance
equations. Refer to Fig. 18.3. Here t is the per unit off-nominal tap position, either positive or
negative, and the sending end of the equivalent circuit corresponds to the node to which the
transformer is connected.

Vs Vr

Is Ir

E

Z

(1 + t) : 1

�����	
����$���%�&��� ��&%�'(����� )(%%�)�!(%

�� *� ��&%�'(����� !�+�,&%)�

�� *�(''�%(�!%&$� �&+�+(�!�!(% 

From the equivalent circuit,
Vs = (1 + t)E (18.8)

and Vr = E  – IrZ (18.9)
where Z is the per unit impedance of the transformer. From the above two equations eliminating
E we have
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Ir = 
1

1Z
V

t
Vs

r+
−

�

�
�

�

�
�

or Ir = 1
1 1Z

V V
t

tV
t

s r r−
+

−
+

�

�
�

�

�
� (18.10)

Also Is = Ir/(1 + t)

   = 1
1 12Z

V

t

V
t

s r

( )+
−

+
�

�
�

�

�
�

or    = 
1

1 1 2Z
V V

t
tV

t
s r s−

+
−

+

�

�
�

�

�
�

( )
(18.11)

Equations (18.10) and (18.11) for Ir and Is have been rearranged so as to suit the equivalent
circuit as shown in Fig. 18.4. The equivalent circuit can be used to include the presence of tap

Vs Vr

Is Ir
(1 + t)Z

– ——— Z
(1 + t)

t

2

—— Z
1 + t

t

�����	
����.�!"&$�%��)!�)�!��('�&���&%�'(�����'(��%(,&$�&,�!��&%)���&��!/ 

changing transformer while formulating the nodal admittance matrix. The shunt admittances of
the equivalent circuit are added to the Y matrix diagonal elements at the two nodes, and the
negated series admittance is the off-diagonal element corresponding to the transformer
interconnection. If the transformer connection is included in a transmission circuit as shown
in Fig. 18.5, the equivalent circuit representation in the above equation (18.10–18.11) will hold
good except that the branch impedance is the sum of the transformer impedance and the
circuit impedance. If Z1 is the line impedance, the expressions for Ir and Is become

Ir = 
1

1 11Z Z
V V

t
tV

t
s r r

+
−
+

−
+

�

�
�

�

�
� (18.12)

Vs Vr

Is Ir

E

Z

(1 + t) : 1

Z1
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0
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and Is = 
1

1 11
2Z Z

V V
t

tV

t
s r s

+
−
+

−
+

�

�
�

�

�
�

( )
...(18.13)

If the transformer is connected between nodes p and q the equivalent circuit for nodal
admittance formulation will be as shown in Fig. 18.6.

Vs Vr

y /(1 + t)pq

——— ypq
– t

(1 + t)
2 —— ypq

t
1 + t

p qIs Ir

�����	
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With this we are able to take into account the shunt branches and the effect of tap changing
under load transformers on the power flow in the interconnected network. Once these components
are included in the nodal admittance matrix we need not bother about them as their presence will
be taken care of by the admittance matrix.

	
�� ���������������������������������

The nodal current equations derived earlier are rewritten below for a n-bus system in equation
(18.6).

Ip = 
q

n

=
∑

1

 Ypq Vq, p = 1, 2, ..., n (18.6)

Ip = Ypp Vp + 
q
q p

n

=
≠

∑
1

 Ypq Vq (18.14)

or Vp = 
I

Y Y
p

pp pp q
q p

n

−
=
≠

∑1

1

 Ypq Vq (18.15)

Now         V*pIp = Pp – jQp (18.16)

or  Ip = 
P jQ

V

p p

p

−
*

(18.17)

Substituting for Ip in equation (18.15),

Vp = 
1

1
Y

P jQ

V
Y V

pp

p p

p q
q p

n

pq q
−

−

�

�

�
�
�
�

�

�

�
�
�
�

=
≠

∑*
 , p = 1, 2, ..., n (18.18)

Ip has been substituted by the real and reactive powers because normally in a power system
these quantities are specified.
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Equations (18.18) are the load flow equations where bus voltages are the variables. It can be seen
that the load flow equations are nonlinear and they can be solved by an iterative method. The
iterative methods are

(i) Gauss’s method,

(ii) Gauss-Seidel method.

Before these methods are explained we take a specific example and apply these methods for
the solution of the load flow equations. Refer to Fig. 18.2. The five bus system has two generators
at buses 1 and 3 and three load buses 2, 4 and 5. The nodal admittance matrix is also given
alongwith Fig. 18.2. By using this nodal admittance matrix alongwith the equation (18.18), the
load flow equations for the five bus system are written as follows. Assuming bus 1 as the slack
bus,

V1 = V1 Specified fixed value

V2 = 
1

22

2 2

2

21 1 23 3Y
P jQ

V
Y V Y V

−
− +

�

�

�
�

�

�

�
�*

( )

V3 = 
1

33

3 3

3

32 2 34 4Y
P jQ

V
Y V Y V

− − +
�

�

�
�

�

�

�
�*

( )

V4 = 
1

44

4 4

4

41 1 43 3 45 5Y
P jQ

V
Y V Y V Y V

−
− + +

�

�

�
�

�

�

�
�*

( )

V5 = 
1

55

5 5

5

51 1 54 4Y
P jQ

V
Y V Y V

−
− +

�

�

�
�

�

�

�
�*

( ) (18.19)

To understand the procedure for solution of these equations we make a simplifying
assumption at this stage that all the other buses except bus No. 1 are load buses i.e., buses where
P and Q are specified. We will include the presence of PV buses is the next article. The admittances
and voltages as used in these equations are complex quantities and the number of nonlinear
equations is (n – 1) where n is the total number of buses in the system. The following is the Gauss
iterative procedure for solving the equations. The flow chart for the procedure is given in Fig. 18.7.

Gauss Method

1. Assume a flat voltage profile for all nodal voltages except the slack bus 1. Let slack bus voltage
be a + j0.0. Assume  a suitable value of convergence criterion ε, e.g., if the absolute value of the
maximum change in voltage between any two consecutive iterations is less than a prespecified
tolerance ε, the convergence is achieved and the iterative procedure is terminated.

2. Set iteration count K = 0

3. Set bus count p = 1

4. Check for the slack bus. If it is not a slack bus go to next step. Since voltage at the slack
bus is fixed both in magnitude and phase, it does not vary during iterative procedure and hence go
to step 6 if it is a slack bus.
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Start

Read in system data and form
nodal admittance matrix

Assume bus voltages as V = 1 + j 0.0
for p = 1, 2, .., n, p s and V = a + j 0.0

p

� s

Set iteration count K = 0

Set convergence criterion V =� �max

Set bus count p = 1

Test
for slack bus

Solve voltage equation for bus p

V = —— ———— – Y Vp pq q
k + 1 k

�
1

Ypp

P – jQp p

(V )*p
k

n

q = 1
q p�

Calculate change in voltage V = V – V� p p p
k k + 1 k

Advance bus count p = p + 1

Check
if all buses

have been taken into
account

Determine the largest absolute value
of change in voltage i.e. V� max

Check
if V� ���max

Yes

No

Yes

No

Calculate line flows and slack bus power

Set K = K + 1
No

End

Yes

�����	
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5. Calculate the bus voltage Vp
K+1 using equation (18.18) and the difference in bus voltage

∆Vp
K = Vp

K+1  – Vp
K.

6. Advance the bus count by 1 to evaluate other values of Vp
K+1 and ∆Vp

K.

7. Check if all buses have been taken into account. If yes, go to the next step, otherwise go
back to step 4.

8. Determine the largest absolute value of change in voltage |∆V|max.

9. If |∆V|max is less than a specified tolerance ε, evaluate line flows and print the voltage
and line flows. If not, advance the iteration count K = K + 1 and go back to step 3.

Computational feature: It is possible to obtain significant reduction in computer time if all
arithmetic operations can be performed in advance when they do not change with the iterations.

Since P, Q and Y at a bus do not change with iterations, the term 
P jQ

Y
p p

pp

−
 can be evaluated

before hand.

Let  Ap = 
P jQ

Y
p p

pp

−
 for all p = 1, ..., n, p ≠ s (18.20)

Similarly let

Bpq = 
Y

Y
pq

pp
 for all p = 1, 2, ..., n, p ≠ s

and    q = 1, 2, ..., n, q ≠ p (18.21)

With these simplifications the voltage equation now becomes

         Vp
K+1 = 

A

V
p

p
K( ) *

 – 
q
q p

n

=
≠

∑
1

 Bpq Vp
K, p = 1, 2, ... n, p ≠ s (18.22)

Gauss-Seidel Iterative Method (Including PV Buses)

The bus voltage equations (18.22) can also be solved by the Gauss-Seidel method. In this method
the new calculated voltage Vi

K+1 immediately replaces Vi
K and is used in the solution of the

subsequent equations. The equations (18.19) in this case become

V2
K+1 = 

1

22

2 2

2
21 1 23 3Y

P jQ
V

Y V Y VK
K−

− +
�

�
�
�

�

�
�
�( ) *

( )

V3
K+1 = 

1

33

3 3

3
32 2

1
34 4Y

P jQ
V

Y V Y VK
K K−

− +
�

�
�
�

�

�
�
�

+

( ) *
( )

V4
K+1 = 

1

44

4 4

4
41 1 43 3

1
45 5Y

P jQ
V

Y V Y V Y VK
K K−

− + +
�

�
�
�

�

�
�
�

+

( ) *
( )

V5
K+1 = 

1

55

5 5

5
51 1 54 4

1

Y
P jQ

V
Y V Y VK

K−
− +

�

�
�
�

�

�
�
�

+

( ) *
( ) (18.23)
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The general load flow equation resultant from Gauss-Seidel method will be as given below:

Vp
K+1 = 

1

1

1
1

1Y

P jQ

V
Y V Y V

pp

p p

p
K

q

p

pq q
K

q p

n

pq q
K−

− −
�

�

�
�

�

�

�
�=

−
+

= +
∑ ∑( ) *

(18.24)

The second term on the r.h.s. of the above equation is clear because the voltage prior to bus
p should correspond to the value as calculated during the current iteration.

The procedure for solution of these equations is outlined below and takes into account the
presence of voltage controlled buses in addition to the load buses.

Before we proceed to solve these equations (18.24) the following points must be kept in
mind:

1. The voltages and admittances are complex quantities.

2. Buses 2, 4 and 5 are load buses, where P and Q are known quantities whereas bus 3 is
a voltage controlled bus where only P is known and Q is not known. Therefore, for solving equation
corresponding to a voltage controlled bus Q must first be calculated and is given as

Qp = 
q

n

=
∑

1

 {fp(eqGpq + fqBpq) – ep (fqGpq – eqBpq)} (18.25)

where Ypq = Gpq – jBpq

and Vp = ep + jfp

This equation is derived later on in this chapter.

After Q at the voltage controlled bus has been calculated, it should be checked whether this
value violates the reactive power generation at the bus i.e., whether it is less than the minimum
reactive power generation permissible (because of stability problem) or it is more than the maximum
reactive power generation permissible (because of rotor heating). If it violates, the voltage controlled
bus is made to act as a load bus for that iteration only and the  reactive power to be substituted in
the expression for that iteration will correspond to the limit it has violated, i.e., if it is less than
Qmin, the value to be substituted will be Qmin. If the calculated value of Q lies within the limits,
this value of Q will be substituted in the expression.

The violation of reactive power limit could be due to the specified voltage either being too
low or too high. Since | V |spec can be obtained only by controlling reactive power, therefore, it is
possible that we have specified | V | beyond the capability of the reactive power generation of the
generator. If the value of Q for a generator bus is calculated after assuming magnitude equal to
| V |sp for that bus and phase angle corresponding to the value in that iteration and if Q so
obtained violates the limit, the value of voltage should be taken corresponding to the voltage in
that iteration and not Vsp. Otherwise the voltage should correspond to specified voltage and phase
angle as in that iteration.

3. The number of nonlinear equation is (n – 1), where n is the number of buses in the
system.

The following is Gauss-Seidel iterative procedure for solving equations:

1. Assume a flat voltage profile 1 + j0.0 for all nodal voltages except the slack bus 1.
Assume a suitable value of ε the convergence criterion i.e., if the absolute value of the maximum
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Start

Read in system data and formulate nodal admittance matrix

Assume bus voltages V = 1 + j 0.0 for all buses except p = s where V = a + j 0.0p s

Set iteration count K = 0

Compute A for all load buses and B for all buses for p = 1, 2, ..., n, p s and q = 1, 2 ... n, q + pp pq �

Set convergence criterion V =� �max

Set bus count p = 1

Slack bus?

Generator bus?

Yes

No
No

Replace temporarily |V | by |V | but phase angle as in this iterationp p spec

Calculate the phase angle of voltage i.e., cos and sin and
evaluate adjusted voltage e = |V | cos and f = |V | sin

� �

� �
p p

p p sp p p p pspec

Calculate reactive power Q = f(e, f )p p

If Q < Qp p minReplace Q = Qp p min

Yes

Yes

If Q > Qp p max

No

Replace |V | by |V |p p spec

Evalute A = ————p

P – j Qp p

Vpp

Calculate V = V – V� p p p
K K + 1 K

Replace V by Vp p
k k + 1

Advance bus count p = p + 1

If all buses taken into account

Evaluate | V | i.e., largest of the absolute voltage difference� max

Yes

No

No

YesReplace Q = Qp p max

If | V |� � �max

No
Set K = K + 1

Solve voltage equation

V
A

V
— B V – B Vp

K + 1 p

p
*K pq q

K 1
pq q

*K

q = p + 1

n

q 1

p 1

� 	

�




��

Yes
Evaluate line flows and slack bus power

End
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change in voltage between any two consecutive iterations is less than a prespecified tolerance ε,
the convergence is achieved and the iterative procedure is terminated.

1 (a) Set iteration count k = 0

1 (b) Set bus count p = 1

1 (c) Check for slack bus. If it is a slack bus, go to step 4 (a), otherwise go to next step.

2. Check which of the buses are voltage controlled and which are load buses. For voltage
controlled buses go to next statement, otherwise go to step 4.

3. Replace the value of the voltage magnitude of voltage controlled bus in that iteration
by the specified value. Keep the phase angle same as in that iteration. Calculate Q for the
generator bus. If Q lies within the lower and upper bounds calculate the term (P – jQ)/V for
this bus. Repeat this for all voltage controlled buses and calculate this term and substitute this
term (P – jQ)/V in the load flow equation corresponding to the voltage controlled bus. Calculate
the new value of voltage for the bus. It is to be noted that if there are more than one generator
buses, the voltage magnitude of that bus only is replaced by its specified value, while calculating
P and Q of a particular bus. The voltage of other generator buses will be corresponding to the
value in that iteration.

In case any or all the voltage controlled buses violate the reactive power generation, the
bus will be treated as a load bus and the magnitude of the reactive power at this bus will
correspond to the limit it has violated, as explained earlier, and the value of the magnitude of
voltage will correspond to the value in that iteration (not corresponding to specified voltage),
and then go to next step.

4. For bus p evaluate Vp
K+1 from equation (18.24) and change in voltage

∆Vp
K = Vp

K+1 – Vp
K.

4 (a) Advance the bus count by 1 and check if all the buses have been taken into account.
If yes, go to next step, otherwise go to step 1 (c).

5. Find out the largest of the absolute value of the change in voltage. If this is less than
a prespecified tolerance move on to next step, otherwise go back to step 2.

6. Calculate the injected powers and the line flows using the nodal voltages.

The flow chart for Gauss-Seidel method is given in Fig. 18.8. The flow chart includes the
presence of voltage controlled buses and the simplification of the computational procedure.

It is found in practice that the process of convergence due to G-S method is slow i.e., it
requires a large number of iterations before a solution is obtained. The process of convergence
can be speeded up if the voltage correction during consecutive iteration is modified to

Vp acc
K
( )

+ 1  = V V Vp
K

p
K

p
K+ −+α( )1

where α is known as acceleration factor and is a real number. A suitable value of α for a
particular system can be obtained by running trial load flows. α = 1.6 is a general recommended
value for most of the systems. However, it may be noted that a wrong selection of α may result
in slower convergence and sometimes even result in divergence from the solution.
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Example 18.1: The following is the system data for a load flow solution:

The line admittances:

Bus code Admittance

1–2 2–j8.0

1–3 1–j4.0

2–3 0.666–j 2.664

2–4 1–j4.0

3–4 2–j8.0

The schedule of active and reactive powers:

Bus code P Q V Remarks

1 – – 1.06 Slack
2 0.5 0.2 1 + j0.0 PQ

3 0.4 0.3 1 + j0.0 PQ
4 0.3 0.1 1 + j0.0 PQ

Determine the voltages at the end of first iteration using Gauss-Seidel method. Take α = 1.6.

Solution: The admittance matrix will be as given below:

Ypq = 

3 12 0 2 8 0 1 4 0 0 0
2 8 0 3 666 14 664 0 666 2 664 1 4 0
1 4 0 0 666 2 664 3 666 14 664 2 8 0

0 0 1 4 0 2 8 0 3 12 0

− − + − +
− + − − + − +
− + − + − − +

− + − + −

�

�

�
�
�

�

�

�
�
�

j j j
j j j j
j j j j

j j j

. . . .
. . . . . .
. . . . . .

. . . .

The powers for load buses are to be taken as negative and that for generator buses as
positive.

For the system given

       V2
1 = 

1

22

2 2

2
21 1

0
23 3

0
24 4

0

Y
P jQ

V
Y V Y V Y V

−
− − −

�

�
�
�

�

�
�
�

*

= 
1

3 666 14 664
0 5 0 2
1 0 0

106 2 8 10
( . . )

. .
.

. ( ) .
−

− +
−

− − + −
�

�
�j

j
j

j

( . . ) ( . ) .− + − − +
�

�
�0 666 2 664 1 4 0 10j j

= (1.01187 – j0.02888)

   V2 acc
1  = (1.0 + j0.0) + 1.6{1.01187 – j0.02888 – 1.0 – j0.0}

= 1.01899 – j0.046208 Ans.
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       V3
1 = 

1

33

3 3

3
31 1 32 2

1
34 4

0

Y
P jQ

V
Y V Y V Y V

−
− − −

�

�
�
�

�

�
�
�

*

= 
1

3 666 14 664
0 4 0 3
1 0 0

1 4 0 106
( . . )

. .
.

( . ) .
−

− +
−

− − +
�

�
�j

j
j

j

– (– 0.666 + j2.664)(1.01899 – j0.046208) − − + +
�

�
�( )( . )2 8 1 0 0j j

= 0.994119 – j0.029248

   V3
1
acc  = (1 + j0.0) + 1.6[0.994119 – j0.029248 – 1 – j0.0]

= 0.99059 – j0.0467968 Ans.

      V4
1  = 

1

44

4 4

4
0 42 2

1
43 3

1

Y
P jQ

V
Y V Y V

−
− −

�

�
�
�

�

�
�
�

*

= 
1

3 12
0 3 0 1
1 0 0

1 4 0 101899 0 046208
( )

. .
.

( . )( . . )
−

− +
−

− − + −
�

�
�j

j
j

j j

− − + −
�

�
�( )( . . )2 8 0 99059 0 0467968j j

= 0.9716032 – j0.064684

   V4 acc
1  = 1.0 + j0.0 + 1.6[0.9716032 – j0.064684 – 1 – j0.0]

= 0.954565 – j0.1034944 Ans.

Example 18.2: If in Example 18.1, bus 2 is taken as a generator bus with |V2 | = 1.04 and
reactive power constraint is

0.1 ≤ Q2 ≤ 1.0

Determine the voltages starting with a flat voltage profile and assuming accelerating factor
as 1.0.

Solution: Since bus 2 is taken as a generator bus Q2 is not specified and P2 = 0.5.

To find V2
1  we first find Q2 with V2 = 1.04 + j0.0 as the phase angle of the voltage is 0.0 to

begin with.

P2 – jQ2 = V2
*  

q =
∑

1

4

 Y2qVq = V2
* [Y21V1 + Y22V2 + Y23V3 + Y24V4]

∴         Q2 = – Im[V2
0* (Y21V1 + Y22V2 + Y23V3 + Y24V4)]

 = – Im [(1.04 – j0.0)(– 2 + j8.0)(1.06)

+ (3.666 – j14.664)(1.04) + (– 0.666 + j2.664)(1 + j0.0)

+ (– 1 + j4.0)1.0] = 0.1108
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Since Q2 lies within the limits, therefore V2 will be taken as | V2 |spec. and phase angle as
in this iteration,

V2 = 
1

22

2 2

2
21 1 23 3

0
24 4

0

Y
P jQ

V
Y V Y V Y V

−
− − −

�

�
�
�

�

�
�
�

*

Bus 2 being a generator bus, p2 and Q2 are to be taken as positive and value of P2 as the
specified and Q2 as the one calculated above i.e., Q2 = 0.1108.

∴   V2 = 
1

3 666 14 664
0 5 0 1108

104 0 0
2 8 0 106

( . . )
. .
. .

( . ) .
−

−
−

− − +
�

�
�j

j
j

j

 − − + − − +
�

�
�( . . ) . ( . ) .0 666 2 664 10 1 4 0 10j j

V2
1  = 1.0472846 + j0.0291476

∴     δ = 1.59°

and V2
1  = 1.04 ∠1.59° = 1.0395985 + j0.02891158

V3
1  = 

1

33

3 3

3
31 1 32 2

1
34 4

0

Y
P jQ

V
Y V Y V Y V

−
− − −

�

�
�
�

�

�
�
�

*

  = 
1

3 666 14 664
0 4 0 3
1 0 0

1 4 106
. .

. .
.

( ) .
−

− +
−

− − +
�

�
�j

j
j

j

– (– 0.666 + 2.664)(1.0395985 + j0.02891158)

− − + +
�

�
�( )( . )2 8 1 0 0j j

= 0.9978866 – j0.015607057

Similarly V4
1  can be obtained and it will be found to be

V4
1  = 0.998065 – j0.022336 Ans.

Example 18.3: If the reactive power constraint on generator 2 is

0.2 ≤ Q2 ≤ 1.0

Solve the previous example for voltages at the end of first iteration.

Solution: Since Q2 calculated corresponding to initial guess V2 = 1.04 + j0.0 is 0.1108 p.u.
which is less than the minimum specified, the reactive power generation for bus 2 is fixed at 0.2,

the lower limit, and the bus is treated as a load bus for this iteration. Voltage V2 will be V2
0 = 1 +

j0.0 as for all other load buses for this iteration. It is to be noted that the generator bus to be
treated as a load bus means that the specified quantities are P and Q and unknown are | V | and
δ but P and Q are to be taken as positive as in case of a generator bus in contrast to a load bus
where P and Q are taken as negative. Therefore,
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       V2
1 = 

1

22

2 2

2
21 1 23 3

0
24 4

0

Y
P jQ

V
Y V Y V Y V

( )
*

−
− − −

�

�
�
�

�

�
�
�

= 
1

3 666 14 664
0 5 0 2
1 0 0

2 8 0 106
. .

. .
.

( . ) .
−

−
−

− − +
�

�
�j

j
j

j

    − − + − − +
�

�
�( . . ) ( . ) .0 666 0 2664 1 4 0 10j j

= 1.098221 + j0.030105662

       V3
1 = 

1

33

3 3

3
0 31 1 32 2

1
34 4

0

Y
P jQ

V
Y V Y V Y V

−
− − −

�

�
�
�

�

�
�
�

= 
1

3 666 14 664
0 4 0 3
1 0 0

1 4 106
. .

. .
.

( ) .
−

− +
−

− − +
�

�
�j

j
j

j

– (– 0.666 + j2.664)(1.098221

+ j0.030105662) − − + +
�

�
�( . )( . )2 8 0 1 0 0j j  .

Similarly V4
1 can be evaluated.

	
�� ������"��� ������ ��

Development of load flow equations: The load flow problem can also be solved by using
Newton-Raphson method. The equations for the method are derived as follows:

We know that at any bus p,

    Pp – jQp = V I V Y Vp p p
q

n

pq q
* *=

=
∑

1

Let Vp = ep + jfp and Ypq + Gpq – jBpq

    Pp – jQp = (ep + jfp)* 
q

n

pq pq q qG jB e jf
=

∑ − +
1

( )( )

     = (ep – jfp)
q

n

pq pq q qG jB e jf
=

∑ − +
1

( )( )

Separating the real and imaginary parts we have

Pp = { ( ) ( )}e e G f B f f G e Bp
q

n

q pq q pq p q pq q pq
=

∑ + + −
1

(18.26)

and Qp { ( ) ( )}f e G f B e f G e Bp
q

n

q pq q pq p q pq q pq
=

∑ + − −
1

(18.25)

also | Vp |2 = e fp p
2 2+ (18.27)
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These three sets of equations are the load flow equations and it can be seen that they
are non-linear equations in terms of the real and imaginary components of nodal voltages.
Here the left hand quantities i.e., Pp, Qp (for a load bus) and Pp and | Vp | for generator bus are
specified and ep and fp are unknown quantities. For an n-bus system, the number of unknowns
are 2(n – 1) because the voltage at the slack bus is known and is kept fixed both in magnitude
and phase. Therefore, if bus 1 is taken as the slack, the unknown variables are (e2, e3, ..., en–1,
en, f2, f3, ..., fn–1, fn). Thus, to solve the problem for 2(n – 1) variables we need to solve 2(n – 1) set
of equations.

Newton-Raphson method is an iterative method which approximates the set of non-
linear simultaneous equations to a set of linear simultaneous equations using Taylor’s series
expansion and the terms are limited to first approximation.

The mathematical background of this method is explained as follows:

Let the unknown variables be (x1, x2, ..., xn) and the specified quantities y1, y2, ..., yn.
These are related by the set of non-linear equations:

y1 = f1(x1, x2, ..., xn)

y2 = f2(x1, x2, ..., xn) (18.28)

 �
yn = fn (x1, x2, ..., xn)

To solve these equations we start with an approximate solution ( x x xn1
0

2
0 0, , ..., ). Here

superscript zero means the zeroth iteration in the process of solving the above non-linear
equations (18.28). It is to be noted that the initial solution for the equations should not be very
far from the actual solution. Otherwise, there are chances of the solution diverging rather
than converging and it may not be possible to achieve a solution whatever be the computer
time utilized. At first glance it may appear to be a great drawback for the Newton-Raphson
technique but the problem of initial guess for a power system is not at all difficult. A flat
voltage profile i.e., Vp = 1.0 + j0.0 for p = 1, 2, ..., n except the slack bus has been found to be
satisfactory for almost all practical systems.

The equations are linearized about the initial guess. We will expand first equation
y1 = f1 and the result for the other equations will follow.

Assume ∆ ∆ ∆x x xn1
0

2
0 0, , ...,  are the corrections required for x x xn1

0
2
0 0, , ...,  respectively for

the next better solution. The equation y1 = f1 will be

        y1 = f1(x x x x x xn n1
0

1
0

2
0

2
0 0 0+ + +∆ ∆ ∆, , ..., )

= f1 (x x xn1
0

2
0 0, , ..., ) + ∆x

f
x

x
1
0 1

1 0

∂
∂

 + ∆ ∆x
f
x

x
f
x

x
n

n x
2
0 1

2

0 1

0 0

∂
∂

∂
∂

+ +...  + φ1

where φ1 is function of higher order of ∆xs and higher derivatives which are neglected according
to Netwon-Raphson method. In fact it is this assumption which needs the initial solution to be
close to the final solution. If all the equations are linearized and arranged in a matrix form, we
have

www.EngineeringBooksPdf.com



D-8\N-SYSTEM\SYS18-2.PM5

	�
 ��������������������

y f x x x
y f x x x

y f x x x

n

n

n n n

1 1 1
0

2
0 0

2 2 1
0

2
0 0

1
0

2
0 0

−
−

−

�

�

�
�
�
�

�

�

�
�
�
�

( , , ..., )
( , , ..., )

( , , ..., )
�  = 

∂
∂

∂
∂

∂
∂

∂
∂

∂
∂

∂
∂

∂
∂

∂
∂

∂
∂

f
x

f
x

f
x

f
x

f
x

f
x

f
x

f
x

f
x

n

n

n n n

n

1

1

1

2

1

2

1

2

2

2

1 2

...

...

...

�

�

�

�
�
�
�
�
�
�
�

�

�

�
�
�
�
�
�
�
�

 

∆
∆

∆

x
x

xn

1
0

2
0

0
�

�

�

�
�
�
�

�

�

�
�
�
�

(18.29)

         B = J . C

Here J is the first derivative matrix known as the Jacobian matrix. The solution of the
equations requires calculation of left hand vector B which is the difference of the specified
quantities and calculated quantities at ( , , ...,x x xn1

0
2
0 0 ). Similarly J is calculated at this guess.

Solution of the matrix equation gives ( , , ..., )∆ ∆ ∆x x xn1
0

2
0 0  and the next better solution is obtained

as follows:

x1
1 = x1

0  + ∆ x1
0

x2
1 = x2

0  + ∆ x2
0

xn
1  = xn

0  + ∆ xn
0

The better solution is now available and is

( , , , ..., )x x x xn1
1

2
1

3
1 1

With these values the process is repeated till (i) the largest (in magnitude) element in
the left column of the equations is less than a prespecified value or (ii) the largest element in
the column vector (∆x1, ∆x2, ..., ∆xn) is less than a prespecified value.

When referred to a power system problem (assuming there is only one generator bus
which is taken as slack bus and all other buses are load buses), the above set of linearized
equations become
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∆

∆
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  2(n – 1) × 1 2(n – 1) × 2(n – 1) 2(n – 1) × 1 (18.30)
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In short form it can be written as

       

∆

∆

∆

∆

P

Q

J J

J J

e

f
− −
�

�

�
�

�

�

�
�

= − − − − − −
�

�

�
�

�

�

�
�

− −
�

�

�
�

�

�

�
�

1 2

3 4

¦
¦
¦

In case the system contains all types of buses, the set of equations can be written as

∆

∆

∆

∆

∆

P

Q

V

J J

J J

J J

e

f
p
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− −
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=
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− −
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| |

¦
¦
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¦2

1 2

3 4

5 6

The elements of the Jacobian matrix can be derived from the three load flow equations
(18.25) to (18.27).

The off-diagonal elements of J1 are

∂
∂
P

e
p

q
 = epGpq – fpBpq, q ≠ p (18.31)

and the diagonal elements of J1 are

∂
∂
P

e
p

p
 = 2epGpp + fpBpp – fpBpp + 

q
q p

n

=
≠

∑
1

 (epGpq + fqBpq)

       = 2epGpp + 
q
q p

n

=
≠

∑
1

 (eqGpq + fqBpq) (18.32)

The off-diagonal elements of J2 are

∂
∂
P

f
p

q
 = epBpq + fpGpq, q ≠ p (18.33)

and the diagonal elements of J2 are

∂
∂
P

f
p

p
 = 2fpGpp + 

q
q p

n

=
≠

∑
1

 (fqGpq – eqBpq) (18.34)

The off-diagonal elements of J3 are

∂
∂
Q

e
p

q
 = epBpq + fpGpq, q ≠ p (18.35)

and the diagonal elements are

∂
∂
Q

e
p

p
 = 2epBpp – 

q
q p

n

=
≠

∑
1

 (fqGpq – eqBpq) (18.36)
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The off-diagonal and diagonal elements of J4 respectively are

∂
∂
Q

f
p

q
 = – epGpq + fpBpq, q ≠ p (18.37)

∂
∂
Q

f
p

p
 = 2fpBpp + 

q
q p

n

=
≠

∑
1

 (eqGpq + fqBpq) (18.38)

The off-diagonal and diagonal elements of J5 are

        
∂

∂
| |V

e
p

q

2

 = 0, q ≠ p (18.39)

and         
∂

∂
| |V

e
p

p

2

 = 2ep (18.40)

The off-diagonal and diagonal elements of J6 are

        
∂

∂
| |V

f
p

q

2

 = 0, q ≠ p (18.41)

and         
∂

∂
| |V

f
p

p

2

 = 2fp (18.42)

Next, we calculate the residual column vector consisting of ∆P, ∆Q and | ∆V |2. Let Psp,
Qsp, and | Vsp | be the specified quantities at the bus p. Assuming a suitable value of the
solution (flat voltage profile in our case) the value of P, Q and | V | at the various buses are
calculated. Then

 ∆Pp = Psp – Pp
0

        ∆Qp = Qsp – Qp
0

| ∆Vp |2 = | Vsp |2 – | Vp
0  |2 (18.43)

where the superscript zero means the value calculated corresponding to initial guess i.e., zeroth
iteration.

Having calculated the Jacobian matrix and the residual column vector corresponding to

the initial guess (initial solution) the desired increment voltage vector ∆
∆

e
f

�
��
�
��
 can be calculated

by using any standard technique (preferably Gauss elimination with sparsity techniques). The
next better solution will be

   e e ep p p
1 0 0= + ∆

   f f fp p p
1 0 0= + ∆
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,����%'���$�����' �-"!'!� #$��" ' +�,����%'���$!���#$�!� #$��" ' +

No

Set Q =Qp p max

Advance bus count p = p + 1

Start

Read in system data and formulate nodal admittance matrix

Assume bus voltages as V = 1 + j 0.0 V = a + j 0.0p sfor p = 1, 2, ..., n, p s and�

Set convergence criterion = �

Slack bus?
Yes

No
Calculate P and Q using equations (18.26) and (18.25)p p

Is Q < Q ?p p min
Set Q = Qp p min

K = 0

Set bus count p = 1

Evaluate P = P – P� p psp p
k k

Generator bus?

Is Q > Q ?p p max

No

Yes

Yes Evaluate | V |

= |V | – |V |

� p

ps p

2

2 2

No

Evaluate Q = Q – Q� p ps p
k k

Yes

Determine the largest of the absolute of the residue

Evaluate elements of Jacobian matrix

If the residue ���

No

Calculate the line flows
and slack bus power End

Calculate voltage increments e and� p
k

f and new bus voltages

e = e + e , f = f + f , p = 1, 2 p s

�

� � �

p

p p p p p p

k

k k k kk + 1 k + 1

Calculate |V |, cos and sinp p p� �

generator bus ?
e = |V | cos

f sin

p p sp p

p p

k + 1

k + 1

�

�= |V |p sp

Yes

No

Is |V | < Vp p min

Yes

Yese = V cos

f = V sin

p pmax p
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k + 1

k + 1
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e = V cos

f = V sin

p pmin p

p pmin p

k + 1

k + 1
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Is |V | > Vp p max

No

No

Yes

Yes

Set K = K + 1

If p > n

No
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These values of voltages will be used in the next iteration. The process will be repeated
and in general the new better estimates for bus voltages will be

e e ep
k

p
k

p
k+ = +1 ∆

f f fp
k

p
k

p
k+ = +1 ∆

The process is repeated till the magnitude of the largest element in the residual column
vector is less than the prespecified value. The sequence of steps for the solution of load flow
problem using Newton-Raphson method is explained as follows (flow chart in Fig. 18.9):

1. Assume a suitable solution for all buses except the slack bus. Let Vp = 1 + j0.0 for
p = 1, 2, ..., n, p ≠ s, Vs = a + j0.0.

2. Set convergence criterion = ε i.e., if the largest of absolute of the residues exceeds ε
the process is repeated, otherwise it is terminated.

3. Set iteration count K = 0

4. Set bus count p = 1.

5. Check if p is a slack bus. If yes, go to step 10.

6. Calculate the real and reactive powers Pp and Qp respectively using equations (18.26)
and (18.25).

7. Evaluate ∆ Pp
k  = Psp – Pp

k .

8. Check if the bus in question is a generator bus. If yes, compare the Qp
k  with the limits.

If it exceeds the limit, fix the reactive power generation to the corresponding limit and treat
the bus as a load bus for that iteration and go to next step. If the lower limit is violated set Qpsp
= Qp min. If the limit is not violated evaluate the voltage residue.

| ∆Vp |2 = | V |p spec
2  – | |Vp

k 2

and go to step 10.

9. Evaluate ∆Q Q Qp
k

ps p
k= − .

10. Advance the bus count by 1, i.e., p = p + 1 and check if all the buses have been
accounted. If not, go to step 5.

11. Determine the largest of the absolute value of the residue.

12. If the largest of the absolute value of the residue is less than ε, go to step 17.

13. Evaluate elements for Jacobian matrix.

14. Calculate voltage increments ∆ep
k   and ∆ fp

k.

15. Calculate new bus voltages ep
k+1 = ep

k  + ∆ep
k  and fp

k+1 = f fp
k

p
k+ ∆ .

Evaluate cos δ and sin δ of all voltages.

16. Advance iteration count K = K + 1 and go to step 4.

17. Evaluate bus and line powers and print the results.
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Example 18.4: The load flow data for the sample power system are given below. The
voltage magnitude at bus 2 is to be maintained at 1.04 p.u. The maximum and minimum
reactive power limits of the generator at bus 2 are 0.35 and 0.0 p.u. respectively. Determine
the set of load flow equations at the end of first iteration by using Newton-Raphson method.

Impedance for sample system:

Bus code Impedance Line charging admittance

1–2 0.08 + j0.24 0.0

1–3 0.02 + j0.06 0.0

2–3 0.06 + j0.18 0.0

Schedule of generation and loads:

Bus code Assumed Generation Load
voltages MW MVAR MW MVAR

1 1.06 + j0.0   0 0   0 0
2 1.0 + j0.0 0.2 0.0 0.0 0.0
3 1.0 + j0.0   0 0   0.6 0.25

Solution:

y12 = 
1

12Z
 = 

( . . )
( . . )( . . )

0 08 0 24
0 08 0 24 0 08 0 24

−
+ −

j
j j

= 1.25  – j3.75
Similarly y13 = 5 – j15 and y23 = 1.6667 – j5.0 and the nodal admittance matrix

  Y = 
6 25 18 75 125 3 75 5 15

125 3 75 2 916 8 75 1666 5 0
5 15 1666 5 0 6 666 20

. . . .
. . . . . .

. . .

− − + − +
− + − − +

− + − + −

�

�

�
�

�

�

�
�

j j j
j j j
j j j

Assuming a flat voltage profile for bus 2 and 3 and for bus 1.

V1 = 1.06 + j0.0

From the nodal admittance matrix and the assumed voltage solution,

G11 = 6.25 B11 = 18.75 e1 = 1.06 f1 = 0.0

G12 =  – 1.25 B12 = – 3.75 e2 = 1.0 f2 = 0.0

G13 = – 5.0 B13 = – 15.0 e3 = 1.0 f3 = 0.0

G22 = 2.916 B22 = 8.75

G23 = – 1.666 B23 = – 5.0

G33 = 6.666 B33  = 20.0

       P2 = e2(e1G21 + f1B21) + f2(f1G21 – e1B21) + e2(e2G22 + f2B22)

+ f2(f2G22 – e2B22) + e2(e3G23 + f3B23) + f2(f3G23 – e3B23)

= 1.0{1.06(– 1.25) + 0.0 (– 3.75)} + 0.0{0.0 (– 1.25) – 1.06 (– 375)}

+ 1.0{1.0(2.916)} + 0.0{  } + 1.0{1.0 (– 1.666)} + 0.0 {  }

= – 1.325 + 2.916 – 1.666 = – 0.075
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Similarly,    P3 = – 0.3

      Q2 = f2(  ) – e2(f1G21 – e1B21) + f2(  ) – e2(f2G22 – e2B22)

+ f2 (  ) – e2(f3G23 – e3B23) = – 0.225

       Q3 = – 0.9

∴      ∆P2 = P2 sp – P2 cal = 0.2 – (– 0.075) = 0.275

       ∆P3 = – 0.6 – (– 0.3) = – 0.3

Since the lower limit on Q2 is 0.0 and the value of Q2 as calculated above violates this
limit, bus 2 is treated as a load bus where Q2 sp = 0.0

∴ ∆Q2 = 0.0 – (– 0.225) = 0.225

∆Q3 = – 0.25 – (– 0.9) = 0.65

Diagonal elements

 
∂
∂
P

e
p

p
 = 2epGpp + 

q
q p

n

q pq q pqe G f B
=
≠

∑ +
1

( )

 
∂
∂
P
e

2

2
 = 2e2G22 + e1G21 + f1B21 + e3G23 + f3B23

= 2 × 1.0 × 2.916 + 1.06(– 1.25) + 0.0(– 3.75) + 1.0(– 1.666)

+ 0.0(– 5.0) = 2.848

     
∂
∂
P
e

3

3
 = 2e3G33 + e1G31 + f1B31 + e2G32 + f2B32

 = 2(1.0)(6.666) + 1.06(– 5.0) + 0.0(– 15.0)

+ 1.0 (– 1.666) + 0.0(– 5.0) = 6.3666

      
∂
∂
P

f
p

p
 = 2fpGpp + 

q
q p

n

q pq q pqf G e B
=
≠

∑ +
1

( )

      
∂
∂
P
f

2

2
 = 2f2G22 + f1G21 – e1B21 + f3G23 – e3B23

 = 2(0.0)(2.916) + (0.0)(G21) – 1.06 (– 3.75) – 1.0(– 5.0) = 8.975

       
∂
∂
P
f

3

3
 = 20.90

Off-diagonal elements:

       
∂
∂
P

e
p

q

 = epGpq – fpBpq

        
∂
∂
P
e

2

3
 = e2G23 – f2B23 = – 1.666
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        ∂
∂
P
e

3

2

  = – 1.666

 
∂
∂
P

f
p

q
 = + epBpq + fpGpq

 
∂
∂
P
f

2

3
 = – 5.0, 

∂
∂
P
f

3

2
 = – 5.0

Similarly we find out the partial derivatives of the reactive power.

Diagonal elements:

∂
∂
Q

e
p

p
 = 2epBpp – 

q
q p

n

q pq q pqf G e B
=
≠

∑ −
1

( )

    
∂
∂
Q
e

2

2
 = 2e2B22 – f1G21 + e1B21 – f3G23 + e3B23

= 2(1.0)(8.75) + 1.06 (– 3.75) + 1.0(– 5.0) = 8.525

    
∂
∂
Q
e

3

3
 = 19.1

    
∂
∂
Q

f
p

p
 = 2fpBpp + 

q
q p

n

q pq q pqe G f B
=
≠

∑ +
1

( )

     ∂
∂
Q
f

2

2
 = – 2.991

     
∂
∂
Q
f

3

3
 = – 6.966

Similarly off-diagonal elements are calculated and the final set of linear equations at
the end of iteration 1 are

0 275
0 3

0 225
0 65

.
.

.
.

−
�

�

�
�
�

�

�

�
�
�
 = 

2 846 1666 8 975 5 0
1666 6 366 5 0 20 90
8 525 5 0 2 991 1666

5 0 19 1 1666 6 966

. . . .

. . . .

. . . .
. . . .

− −
− −

− −
− −

�

�

�
�
�

�

�

�
�
�
  

∆
∆
∆
∆

e
e
f
f

2

3

2

3

�

�

�
�
�

�

�

�
�
�

Example 18.5: In case the reactive power constraint at bus 2 in the previous problem is
– 0.3 ≤ Q2 ≤ 0.3. Determine the equations at the end of first iteration.

Solution: Since Q2 = – 0.225 and the lower limit is – 0.3, therefore, the bus 2 behaves
like a generator bus and
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∆P2 = 0.2 – (– 0.075) = 0.275

∆P3 = – 0.6 – (– 0.3) = – 0.3

∆Q3 = – 0.25 – (– 0.9) = 0.65

Since bus 2 behaves like a generator bus therefore

     | ∆V2 |
2 = | V2 sp |2 – | V2 cal |

2  = 1.042 – 1.02 = 0.0816

The Jacobian elements corresponding to rows of ∆P2, ∆P3 and ∆Q3 remain same as in
previous problem, those of Q2 will change and they are calculated as follows:

∂
∂

| |V
e
2

2

2
 = 2e2 = 2.0, 

∂
∂

| |V
e
2

2

3
 = 0.0

∂
∂

| |V
f
2

2

2
 = 2f2 = 0.0, 

∂
∂

| |V
f
2

2

3
 = 0.0

The set of equations will be

0 275
0 3

0 65
0 0816

.
.

.

.

−
�

�

�
�
�

�

�

�
�
�
 = 

2 846 1666 8 975 5 0
1666 6 366 5 0 20 90
5 0 19 1 1666 6 966

2 0 0 0 0 0 0 0

. . . .
. . . .

. . . .
. . . .

− −
− −

− −

�

�

�
�
�

�

�

�
�
�
 

∆
∆
∆
∆

e
e
f
f

2

3

2

3
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�

�
�
�

�

�

�
�
�

���	 
����������������������������

Since the Gauss-Seidel is undoubtedly superior to Gauss method, the comparison is restricted
only between G-S method and Newton-Raphson method and that too when Y bus matrix is
used for problem formulation. From the view point of computer memory requirements, polar
coordinates are preferred for solution based on N-R method  and rectangular coordinates for
the G-S method.

The time taken to perform one iteration of the computation is relatively smaller in case
of G-S method as compared to N-R method but the number of iterations required by G-S method
for a particular system are greater as  compared to N-R method and they increase with the
increase in the size of the system. In case of N-R method the number of iterations is more or
less independent of the size of the system and vary between 3 to 5 iterations. The convergence
characteristics of N-R method are not affected by the selection of a slack bus whereas that of
G-S method is sometimes very seriously affected and the selection of a particular bus may
result in poor convergence.

The main advantage of G-S method as compared to N-R method is its ease in programming
and most efficient use of core memory. Nevertheless, for large power systems N-R method is
found to be more efficient and practical from the view point of computational time and
convergence characteristics. Even though N-R method can solve most of the practical problems,
it may fail in respect of some ill-conditioned problem where other advanced mathematical
programming techniques like the non-linear programming techniques can be used. For the
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readers to have an approximate idea of the computation time taken by N-R method in solving
the load flow problem is that, IBM 360/PS 44 system takes less than 10 seconds to obtain a
load flow solution of a 14 bus system starting with a flat voltage solution of (1 + j0.0). This
includes the formulation of nodal admittance matrix and its storage time.

���� �����������������������������������

It is well known that a small change in phase angle changes the flow of active power and does
not affect much the flow of reactive power. Similarly a small change in nodal voltage affects
the flow of reactive power whereas active power practically does not change. Keeping these
facts in mind and using the polar coordinates, the set of linear load flow equations can be
written in matrix form as follows:

∆
∆

∆δ
∆

P
Q

J
J V

�

��
�

��
= �
��

�

��
�

��
�

��
1

4

0
0 | |

(18.44)

Here J1 corresponds to the elements 
∂
∂δ
P

 which exist

J2 corresponds to the elements 
∂

∂
P
V| | which do not exist and, therefore, are zero.

J3 corresponds to the elements 
∂
∂δ
Q

 which do not exist and, therefore, are zero.

J4 corresponds to the elements 
∂

∂
Q
V| | which exist.

This certainly simplifies the calculation and results in smaller computation time.

���� �������������������

After the iterative solution of bus voltages is completed, line flows can be calculated. The
current  at bus p (Fig. 18.10) in the line connecting bus p to q is

ipq = (Vp – Vq)ypq + Vp 
′ypq

2
(18.45)

Now  Ppq – jQpq = Vpq
*  ipq

or   Ppq – jQpq = Vp
*  ( )V V y V

y
p q pq p

pq− +
′�

�
�

�

�
�2

     = Vp
* (Vp – Vq)ypq + Vp

* Vp 
′ypq

2
(18.46)

Here Ppq is the real power flow from bus p to q and Qpq is the reactive power flow from
bus p to q.
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Similarly, at bus q the power flow from bus q to p is

Pqp – jQqp = Vq
* (Vq – Vp)ypq + V Vq q

*
′ypq

2
(18.47)

The power loss in line pq is the algebraic sum of the power flows (Pqp – jQpq) and
(Ppq – jQqp).

���� �������
���������������

This is an extension of Newton-Raphson method formulated in polar coordinates with certain
approximation which results into a fast algorithm for load flow solution. Before we discuss this
method, we derive load flow equations in polar coordinates.

We know that,

Pp – jQp = V Ip p
* and Ip = 

q

n

=
∑

1

 Ypq Vq

∴ Pp – jQp = Vp
*

q

n

=
∑

1
 Ypq Vq (18.48)

The voltage and admittance in polar coordinates are expressed as

Vp = | Vp | exp (jδp) and Ypq = | Ypq | exp (– jθpq)

Substituting these values in equation (18.48), we obtain

Pp – jQp = | Vp | exp (– jδp) 
q

n

=
∑

1
 | Ypq | exp (– jθpq) | Vq | exp (jδq)

 = 
q

n

=
∑

1

 | Vp || Vq || Ypq | exp {– j(θpq + δp – δq)}

  Pp = 
q

n

=
∑

1
| Vp Vq Ypq | cos (θpq + δp – δq) (18.49)
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and   Qp = 
q

n

=
∑

1
| Vp Vq Ypq | sin (θpq + δp – δq) (18.50)

    p = 1, 2, ..., n

Equations (18.49) and (18.50) are rewritten as

Pp = | Vp Vp Ypp | cos θpp + 
q
q p

n

=
≠

∑
1

| Vp Vq Ypq | cos (θpq + δp – δq) (18.51)

Qp = | Vp Vp Ypp | sin θpp +  
q
q p

n

=
≠

∑
1

| Vp Vq Ypq | sin (θpq + δp – δq) (18.52)

These equations after linearization can be rewritten in matrix form as

∆
∆

∆δ
∆

P
Q

H N
M L E E

�

��
�

��
= �
��

�

��
�

��
�

��| |/| | (18.53)

Here H, N, M and L are elements of Jacobian matrix.

The first assumption under decoupled load flow method is that real power changes (∆P)
are less sensitive to changes in voltage magnitude and are mainly sensitive to angle. Similarly,
the reactive power changes are less sensitive to change in angle but mainly sensitive to change
in voltage magnitude. With these assumptions, equation (18.53) reduce to

∆
∆

∆δ
∆

P
Q

H O
O L E E

�

��
�

��
= �
��

�

��
�

��
�

��| |/| | (18.54)

The equation (18.54) is decoupled equation which can be expanded as

[∆P] = [H][∆δ] (18.54 a)

and [∆Q] = [L][∆|E |/| E|] (18.54 b)

Using equations (18.51) and (18.52) the elements of the Jacobian matrices H and L are
obtained as follows:

Off-diagonal element of H is

      Hpq = 
∂
∂δ
Pp

q
 = | Vp Vq Ypq | sin [θpq + δp – δq]

= | Vp Vq Ypq | [sin θpq cos (δp – δq) + sin (δp – δq) cos θpq]

= | Vp Vq | [|Ypq| sin θpq cos (δp – δq) + | Ypq | cos θpq sin (δp – δq)]

= | Vp Vq | [– Bpq cos (δp – δq) + Gpq sin (δp – δq)] (18.55)

Similarly off-diagonal element of L is

Lpq = 
∂

∂
Q V

V
p q

q

| |
 = | Vp Vq Ypq | sin (θpq + δp – δq)

= [Vp Vq] [– Bpq cos (δp – δq) + Gpq sin (δp – δq)] (18.56)
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From equations (18.55) and (18.56), it is seen that

Hpq = Lpq = | Vp Vq | [Gpq sin (δp – δq) – Bpq cos (δp – δq)]

The diagonal elements of H are given as

Hpp = 
∂
∂δ
P

p
p  = – 

q
q p

n

=
≠

∑
1

 | Vp Vq Ypq | sin (θpq + δp – δq)

      = – Qp + | Vp Vp Vpp | sin θpp

      = – Qp – V Bp pp
2 (18.57)

Similarly diagonal elements for the matrix are given by:

      Lpp = 
∂

∂
Q V

V
p p

p

| |
 = | 2V Yp pp

2  | sin θpp + 
q
q p

n

=
≠

∑
1

 | Vp Vq Ypq | sin (θpq + δp – δq)

= | 2V Yp pp
2  | sin θpp + Qp – | V Yp pp

2  | sin θpp

= Qp + | V Yp pp
2  | sin θpp = Qp – V Bp pp

2 (18.58)

In the case of fast decoupled load flow method following approximations are further
made for evaluating Jacobian element:

cos (δp – δq) ~− 1

Gpq sin (δp – δq) ≤ Bpq

and Qp << Bpp Vp
2

∴ The Jacobian elements now become

Lpq = Hpq = – | Vp Vq | Bpq for q ≠ p

and Lpp = Hpp = – Bpp|Vp|
2

With these Jacobian elements equations 18.54 (a) and 18.54 (b) become

[∆Pp] = [Vp][Vq][B′pq][∆δq] (18.59)

and [∆Qp] = [Vp][Vq][B″pq] 
∆| |E

E
q

q

(18.60)

where B′pq and B″pq are the elements of [– Bpq] matrix.

Further decoupling is obtained as follows:

(i) Omit from B″ the angle shifting effects of phase shifters.

(ii) Omit from B′ the representation of those network elements that affect MVAr flows
i.e., shunt reactors and off-nominal in phase transformer taps.

(iii) Divide equations (18.59) and (18.60) by Vp and assuming Vq = 1 p.u. and also neglect-
ing the series resistance in calculating the elements of B′.
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With these assumptions, equations (18.59) and (18.60) for the load flow solution take
the form

∆P

E
p

p

�

�
�
�

�

�
�
�
 = [B′][∆δ] (18.61)

and
∆Q

E
p

p

�

�
�
�

�

�
�
�
 = [B″][∆E] (18.62)

It is to be noted that [B′] and [B″] are real and sparse and have similar structures as
those of H and L respectively. Since the two matrices are constant and do not change during
successive iterations for solution of the load flow problem, they need be evaluated only once
and inverted once during the first iteration and then used in all successive iterations. It is
because of the nature of Jacobian matrices [B′] and [Β″] and the sparsity of these matrices that
the method is fast.

�������

18.1. What is load flow solution? Explain its significance in power system analysis.

18.2. Classify various types of buses in a power system for load flow studies. Justify the classification.

18.3. Explain clearly how the nodal admittance matrix of a system is changed when an on-load tap
changing transformer is introduced in a line connected between two buses.

18.4. Explain clearly with a flow chart the computational procedure for load flow solution using Gauss-
Seidel method when the system contains all types of buses.

18.5. Explain clearly with a flow chart the computational procedure for load flow solution using New-
ton-Raphson method when the system contains all types of buses.

18.6. Develop load flow equations suitable for solution by (i) Gauss-Seidel method, (ii) Newton-Raphson
method, using nodal admittance approach.

18.7. Compare the performance of Gauss-Seidal method and Newton-Raphson method for load flow
solution using nodal admittance approach for the formulation of load flow equations.

18.8. The load flow data for a three-bus system is given in tables I and II. The voltage magnitude at
bus 2 is to be maintained at 1.04 p.u. The maximum and minimum reactive power limits for bus
2 are 0.3 and 0.0 p.u. respectively. Taking bus 1 as the slack bus, determine the voltages of the
various buses at the end of first iteration starting with a flat voltage profile for all buses except
slack bus using (i) Gauss-Seidel method with acceleration factors 1.6, and (ii) Newton-Raphson
method (only the set of equations are required).

Table I. Impedances for sample system of Problem 18.8

Bus code Impedance Bus code Line changing

admittance 
′ypq

2

1–2 0.06 + j0.18 1 j 0.05

1–3 0.02 + j0.06 2 j0.06

2–3 0.04 + j0.12 3 j0.05
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Table II. Assumed bus voltages, generation and loads

Generation Load

Bus code Assumed voltages MW MV Ar MW MV Ar
p.u. p.u. p.u. p.u

1 1.06 + j0.0 0.0 0.0 0.0 0.00

2 1.0 + j0.0 0.2 0.0 0.0 0.00

3 1.0 + j0.0 0.0 0.0 0.6 0.25

18.9. Repeat Problem 18.8 when the constraints on reactive power are:

0.2 ≤ Q2 ≤ 0.5

18.10. The load flow data of a four-bus system is given in Tables III and IV. Taking bus 1 as slack bus
determine the voltages of all buses at the end of first iteration starting with a flat voltage profile
using (i) Gauss-Seidel method, (ii) Newton-Raphson method (only the set of equations are re-
quired).

Table III. Impedance and line charging admittances

Bus Code Impedance Line charging 
ypq

2

1–2 0.02 + j0.08 0.0 + j0.040

1–3 0.06 + j0.24 0.0 + j0.030

2–3 0.04 + j0.16 0.0 + j0.025

2–4 0.04 + j0.16 0.0 + j0.025

3–4 0.01 + j0.04 0.0 + j0.015

Table IV. Assumed bus voltages, generations and loads

Bus code Assumed voltages Generation Load

MW MV Ar MW MV Ar

1 1.06 + j0.0 0.0 0.0 0.0 0.0

2 1.0 + j0.0 0.0 0.0 0.2 0.1

3 1.0 + j0.0 0.0 0.0 0.5 0.2

4 1.0 + j0.0 0.0 0.0 0.4 0.05

18.11. The load flow data of a four-bus system is given in Table III of Problem 18.10 and Table V.
Assume the bus voltage of No. 3 as 1.04 p.u. and the maximum and minimum reactive power
constraints for bus 3 are 0.3 and 0.0 p.u. respectively. Taking bus 1 as slack bus determine the
voltages of all the buses at the end of first iteration starting with a flat voltage profile for all
buses except the slack bus using (i) Gauss-Seidel method, and (ii) Newton-Raphson method.
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Table V. Assumed voltages, generation and loads

Bus code Assumed voltages Generation Loads

MW MV Ar MW MV Ar

1 1.06 + j0.0 0.0 0.0 0.0 0.0

2 1.0 + j0.0 0.0 0.0 0.2 0.1

3 1.0 + j0.0 0.6 0.3 0.5 0.2

4 1.0 + j0.0 0.0 0.0 0.4 0.05

18.12. Repeat Problem 18.11, when the reactive power constraints of bus 3 are

– 0.1 ≤ Q3 ≤ 1.0.
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The economic load dispatch problem involves the solution of two different problems. The first
of these is the Unit Commitment or predispatch problem wherein it is required to select
optimally out of the available generating sources to operate, to meet the expected load and
provide a specified margin of operating reserve over a specified period of time. The second
aspect of economic dispatch is the on-line economic dispatch wherein it is required to distribute
the load among the generating units actually paralleled with the system in such manner as to
minimize the total cost of supplying the minute-to-minute requirements of the system.

It is this aspect of the economic dispatch problem that has been discussed in this chapter.

With large interconnection of the electric networks, the energy crisis in the world and
continuous rise in prices, it is very essential to reduce the running charges of the electric
energy i.e., reduce the fuel consumption for meeting a particular load demand.

In the last chapter we made load flow study for the power system, in that for a particular
load demand the generation at all the generator buses are fixed except at one generator bus
known as slack, reference or swing bus where we allow the generation to take value within
certain limits. In case of economic load dispatch the generations are not fixed but they are
allowed to take values again within certain limits so as to meet a particular load demand with
minimum fuel consumption. This means economic load dispatch problem is really the solution
of a large number of load flow problems and choosing the one which is optimal in the sense
that it  needs minimum cost of generation. It is clear from this that since total cost of generation
is a function of the individual generation of the sources which can take values within certain
constraints, the cost of generation will depend upon the system constraint for a particular
load demand. This means the cost of generation is not fixed for a particular load demand but
depends upon the operating constraints of the sources. In fact the modern power system has
to operate under various operational and network constraints. It is, therefore, best to understand
the various constraints before actually taking up the economic load dispatching problem.

���
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Broadly speaking there are two types of constraints: (i) Equality constraints, and (ii) Inequality
constraints. Inequality constraints are of two types: (i) Hard type, and (ii) Soft type. The hard
type are those which are definite and specific like the tapping range of an on-load tap changing
transformer whereas soft type are those which have some flexibility associated with them like
the nodal voltages and phase angles between the nodal voltages, etc. Soft inequality constraints
have been very efficiently handled by penalty function methods.

Equality Constraints

The equality constraints are the basic load flow equations given by

Pp = { ( ) ( )}e e G f B f f G e Bp q pq q pq p q pq q pq
q

n

+ + −
=

∑
1

Qp = { ( ) ( )}f e G f B e f G e Bp q pq q pq p p pq q pq
q

n

+ − −
=

∑
1

  p = 1, 2,..., n

where ep and fp are the real and imaginary components of voltage at the pth node and Gpq and
Bpq are the nodal conductance and susceptance between the pth and qth nodes.

Inequality Constraints

(a) Generator Constraints: The kVA loading on a generator is given by P Qp p
2 2+  and this

should not exceed a prespecified value Cp because of the temperature rise conditions, i.e.,

Pp
2  + Qp

2 ≤ Cp
2

The maximum active power generation of a source is limited again by thermal
consideration and also minimum power generation is limited by the flame instability of a
boiler. If the power output of a generator for optimum operation of the system is less than a
prespecified value Pmin the unit is not put on the bus bar because it is not possible to generate
that low value of power from that unit. Hence the generator powers Pp cannot be outside the
range stated by the inequality, i.e.,

Pp min ≤ Pp ≤ Pp max

Similarly the maximum and minimum reactive power generation of a source are limited.
The maximum reactive power is limited because of overheating  of the rotor and minimum is
limited because of the stability limit of the machine. Hence the generator reactive power Qp
cannot be outside the range stated by the inequality, i.e.,

Qp min ≤ Qp ≤ Qp max

(b) Voltage Constraints: It is essential that the voltage magnitudes and phase angles at
various nodes should vary within certain limits. The voltage magnitudes should vary within
certain limits because otherwise most of the equipments connected to the system will not
operate satisfactorily or additional use of voltage regulating devices will make the system
uneconomical. Thus
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| Vp min | ≤ | Vp | ≤ | Vp max |
δp min ≤ δp ≤ δp max

where | Vp | and δp stand for the voltage magnitude and phase angle at the pth node.

The normal operating angle of transmission line lies between 30° to 45° for transient
stability reasons; therefore a higher limit is imposed on angle δ. A lower limit of δ assures
proper utilization of transmission facility.

(c) Running Spare Capacity Constraints: These constraints are required to meet: (i) the
forced outages of one or more alternators on the system, and (ii) the unexpected load on the
system.

The total generation should be such that in addition to meeting load demand and losses
a minimum spare capacity should be available i.e.,

G ≥ Pp + Pso

where G is the total generation and Pso is some prespecified power. A well planned system is
one in which this space capacity Pso is minimum.

(d) Transformer Tap Settings: If an auto-transformer is used, the minimum tap setting
could be zero and the maximum one, i.e.,

0 ≤ t ≤ 1.0

Similarly for a two winding transformer if tappings are provided on the secondary side,

0 ≤ t ≤ n

where n is the ratio of transformation. Phase shift limits of the phase shifting transformer

θp min ≤ θp ≤ θp max

(e) Transmission Line Constraints: The flow of active and reactive power through the
transmission line circuit is limited by the thermal capability of the circuit and is expressed as

Cp ≤ Cp max

where Cp max is the maximum loading capacity of the pth line.

(f ) Network Security Constraints: If initially a system is operating satisfactorily and
there is an outage, may be scheduled or forced one, it is natural that some of the constraints of
the system will be violated. The complexity of these constraints (in terms of number of
constraints) is increased when a large system is under study. In this case a study is to be made
with outage of one branch at a time and then more than one branches at a time. The nature of
constraints are same as voltage and transmission line constraints.

This completes more or less the study of various constraints. We now switch over to the
actual problem of economic load dispatch. Since we are considering a system which is already
in existence, the fixed costs like salaries and capital costs are neglected from the cost criterion.
Also, we consider here only the thermal plants and, therefore, we are concerned only with the
cost of fuel input to different generating stations.

This chapter will deal into the problem of optimization using the conventional
B-coefficient method for loss evaluation.

In the past the practice was to load the machines such that the incremental cost of
production for all the machines was same and thus transmission line was not considered an
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integral part of the system. Later on, it was realized that a plant far from the load has to
supply in addition to the load, transmission losses also and, therefore, this plant must be
penalized. These transmission line losses are calculated by making use of the B-coefficients.

Before we take up the economic operation problem a
few definitions are warranted. A simplified performance curve
of a boiler turbine generator unit is given in Fig. 19.1. From
the curve heat rate is defined as the ratio of fuel input to the
corresponding power output and hence the units are million
Btu per MWhr. From the heat rate curve another characteristic
known as incremental fuel curve can be obtained. Incremental
fuel rate is defined as

Incremental fuel rate = 
∆

∆
 input

 output
which means it is a ratio equal to a small change in input to
the corresponding small change in output. Now as the
incremental quantities tend to zero, incremental fuel rate tends
to

Incremental fuel rate = 
d

d
dF
dP

(input)
(output)

=

where F is the fuel input in million Btu per hr and P is the power output in MW. The units
associated with incremental fuel rate are, therefore, million Btu per MWhr and the incremental
fuel cost is expressed in terms of Rs. per MWhr which is obtained by multiplying the incremental
fuel rate by the fuel cost in Rs. per Btu.

Incremental production cost consists of the incremental fuel cost plus the incremental
cost of labour, supplies, maintenance and water. Since it is difficult to express exactly these
costs as a function of output and also since they form generally a small fraction of the
incremental cost of fuel, the incremental cost of production will hitherto be considered equal
to the incremental cost of fuel. The incremental efficiency is defined as the reciprocal of
incremental fuel rate or incremental production cost and is given as

Incremental efficiency = 
(output)
(input)

= dP
dF

Merit Order Scheduling

When this method is applied to economic scheduling of power plants, it assumes that the
incremental cost of all the generators is constant over the full range or over successive discrete
portions within the range. The economical way of meeting a load will be to load the machines
in order of highest incremental efficiency. This method, therefore, needs forming of a table
which could be looked into, for any load condition and does not need any complicated
calculations. Normally the incremental cost curves are not constant; therefore, this method is
not used and will not be discussed henceforth.
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The economic dispatch problem is defined as

Min FT = Fn
n

n

=
∑

1

(19.1)

   Subject to PD = Pn
n

n

=
∑

1

(19.2)

where FT is total fuel input to the system, Fn the fuel input to nth unit, PD the total load
demand and Pn the generation of nth unit.

By making use of Lagrangian multiplier the auxiliary function is obtained as

F = FT + λ(PD – Pn
n

n

=
∑

1

)

where λ is the Lagrangian multiplier.

Differentiating F with respect to the generation Pn and equating to zero gives the
condition for optimal operation of the system.

∂
∂

=
∂
∂

+ −
F
P

F
Pn

T

n
λ( )0 1  = 0

        = 
∂
∂

− =
F
P

T

n
λ 0

Since    FT = F1 + F2 + ... + Fn,

∴
∂
∂

=
F
P

dF
dP

T

n

n

n
 = λ

and therefore the condition for optimum operation is

dF
dP

dF
dP

dF
dP

n

n

1

1

2

2
= = =...  = λ (19.3)

Here 
dF
dP

n

n
 = incremental production cost of plant n in Rs. per MWhr.

The incremental production cost of a given plant over a limited range is represented by

dF
dP

n

n
 = FnnPn + fn

where Fnn = slope of incremental production cost curve, and

  fn = intercept of incremental production cost curve.

The equation (19.3) mean that the machines be so loaded that the incremental cost of
production of each machine is same. It is to be noted here that the active power generation
constraints are taken into account while solving the equations which are derived above. If
these constraints are violated for any generator it is tied to the corresponding limit and the
rest of the load is distributed to the remaining generator units according to the equal
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incremental cost of production. The simultaneous solution of equations (19.2) and (19.3) gives
the economic operating schedule. Therefore, any good technique for solving a set of linear
equations can be used but since the inequality constraints have also to be taken into account,
the following iterative method is used:

1. Assume a suitable value of λ0. This value should be more than the largest intercept of
the incremental cost characteristics of the various generators.

Start

Read in F , f , P ,nn n D �

Assume a suitable value of and� ��

Set n = 1

Solve the equation for P = ———n

� – fn
Fnn

Check if
P > Pn n max

Check if
P < Pn n min

Set n = n + 1

Set P = Pn n max

Set P = Pn n min

Check if all
buses have been

accounted

Calculate P = |( P – P )|� � n D

�

� �

s
P <

Print generation
and calculate cost

of generation

Yes

�

�

s
P > Pn D

Yes

No

No

No

� � ��= –

� � ��= +

Yes

Yes

No

No

Yes

End

�����	
��
$%�&
�'( �
)� 
"����*+�
,�'"-�%+�./
� (�,*+,,+��
%�,,
�".%"��"-#
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2. Compute the individual generations P1, P2, ... , Pn corresponding to incremental cost
of production from equation (19.3). In case generation at any of the buses is violated, the
generation of that generator is fixed at the limit violated during that iteration and the remaining
load is distributed among the remaining generators.

3. Check if the equality

Pn
n

n

=
∑

1

 = PD is satisfied.

4. If not, make a second guess λ′ and repeat the above steps. The selection of λ′ in this
step must of course be guided by the result in step (3). For example, if we find that the total
generation is less than PD then correct value of λ to be selected would be

λcorr > λ0

If equality is satisfied, the generations as calculated in step (2) give the optimum
operating strategy. The flow chart is given in Fig. 19.2.

To illustrate the above procedure, the following problem is considered. There are two
generators of 100 MW each with incremental characteristics:

dF
dP

1

1
 = 2 + 0.012 P1

dF
dP

2

2
 = 1.5 + 0.015 P2

Minimum load on each unit is 10 MW, total load to be supplied is 150 MW. Determine
the economic operating schedule.

Solution: Assume λ = 2.8 (more than the largest of the intercepts (2, 1.5). Determine
generations P1 and P2.

P1 = 
2 8 2 0

0 012
. .

.
−

 = 66.6 MW

P2 = 
2 8 15

0 015
. .

.
−

 = 86.6 MW

∴      P1 + P2 = 66.6 + 86.6 = 153.2

Since generation is greater than the demand, therefore next approximation of λ should
be less than 2.8. Also since load demand is 150 MW, the difference between PD and Pn is not
much. Therefore, value of λ should not be very much different from 2.8. Let it be 2.7.

With this, the generations are 58.4 + 80 = 138.4 MW, which is less than the demand.
Therefore, next approximation of λ should be greater than 2.7; say it is 2.75. Corresponding to
this the generations are 62.5 + 83.4 = 145.9 MW i.e., the generations are smaller than the
demand. Next approximation to λ = 2.78 which gives generations as 65 + 85.4 = 150.4 MW. It
is to be seen here that the generations are converging as better approximations to λ are chosen
and finally a value between 2.77 and 2.78 will give the optimal generation schedule.

It can be seen that this method does not sense the location of changes in the loads. As
long as the total load is fixed, irrespective of the location of loads, the solution will always be
the same and in fact for this reason the solution may not be feasible in the sense that the load
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1 2

R + jx

Load

voltages may not be within specified limits, the reactive power generations required also may
not be within limits.

In case of an urban area where the load density is very high and the transmission
distances are very small, the transmission loss could be neglected and the optimum strategy
of generation could be based on the equal incremental production cost as outlined above.
Whereas if the energy to be transported is over relatively larger distances with low load density,
the transmission losses in some cases may amount 20 to 30% of the total load and it then
becomes very essential to take these losses into account when developing an economic dispatch
strategy.

	
�� ���������������������������������������������������

Before an optimum strategy for load scheduling is derived, the need for inclusion of losses is
further stressed by the following example.

Consider Fig. 19.3 which consists of two identical
generators i.e., generators with identical incremental
production cost. If generator 2 has a local load, according
to equal incremental production criterion, the total load
must be shared equally by both the generators, i.e., each
generator should supply half of the total load. The common
sense tells us that it is more economical to let generator 2
supply most of the local load because generator 1 has to
supply in addition to the load, the transmission losses also. Therefore, the criterion of sharing
load by equal incremental production cost does not hold good under such situation and a
strategy must  be evolved which takes into account the transmission losses also.

The optimal load dispatch problem including transmission losses is defined as

      Min FT = Fn
n

n

=
∑

1

(19.4)

Subject to PD + PL – Pn
n

n

=
∑

1

 = 0 (19.5)

where PL is the total system loss which is assumed to be a function of generation and the other
term have their usual significance.

Making use of the Lagrangian multiplier λ, the auxiliary function is given by

F = FT + λ(PD + PL – Pn∑ )

The partial differential of this expression when equated to zero gives the condition for
optimal load dispatch, i.e.,

∂
∂

F
Pn

 = 
∂
∂

+
∂
∂

−
�

��
�

��
=

F
P

P
P

T

n

L

n
λ 1 0

�����	
��
�&�
+-"��+�(%
."�" (�� ,

����"��"-
�' ��.'
(
� (�,*+,,+��

%+�2#
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or dF
dP

P
P

n

n

L

n
+

∂
∂

λ  = λ (19.6)

Here the term 
∂
∂
P
P

L

n
 is known as the incremental transmission loss at plant n and λ is

known as the incremental cost of received power in Rs. per MWhr.

The equation (19.6) is a set of n equations with (n + 1) unknowns. Here n generations
are unknown and λ is also unknown. These equations are known as coordination equations
because they coordinate the incremental transmission losses with the incremental cost of
production.

To solve these equations the loss formula equation (19.7) is expressed in terms of
generations and is approximately expressed as

PL = P B Pm mn n
nm
∑∑ (19.7)

where Pm and Pn are the source loadings, Bmn the transmission loss coefficients. The formula
is derived under the following assumptions:

1. The equivalent load current at any bus remains a constant complex fraction of the
total equivalent load current.

2. The generator bus voltage magnitudes and angles are constant.

3. The power factor of each source is constant.

The solution of coordination equation (19.6) requires the calculation of ∂PL/∂Pn which is
obtained from equation (19.7) as

∂
∂
P
P

L

n
 = 2 B Pmn m

m
∑ (19.8)

Also
dF
dP

n

n
 = FnnPn + fn

∴ The coordination equations can be rewritten as

FnnPn + fn + λΣ2BmnPm = λ (19.9)

Collecting all coefficients of Pn, we obtain

Pn(Fnn + 2λBnn) = –λ λ( )2B P fmn m n
m n

− +
≠

∑
Solving for Pn we obtain

Pn = 

1 2

2

−

+

≠
∑f

B P

F
B

n
mn m

m n

nn
nn

λ

λ

(19.10)

To arrive at an optimal load dispatching solution, the simultaneous solution of the
coordination equations along with the equality constraint (19.5) should suffice and any standard
matrix inversion subroutine could be used. But, because of the fact that plants might go beyond
their loading conditions, it becomes necessary to solve a new set of equations and thus by the
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Read in F , f , P , P , Pnn n D n min n max

Assume a suitable value of and� ��

Set K = 0

Solve for Pn

If P > Pn n max

n = n + 1

P = Pn n max

P = Pn n min

Check if all
buses have been

accounted

Yes

No

No

Yes

Yes

No

Set n = 1

Determine P corresponding to incremental cost of productionn

P

1– f – 2 B P

F 2 Bn

n mn m

m n

nn nn
�

�

�

	�

�/

If P� 
��

Print generation
and calculate cost

of generation

Yes

� �s PP > 0

� � ��= –

� � ��= +
No

Is

Yes

P – P <
i

k k – 1
i �

No
K = K + 1

and

No

	� PP = P – P – PG L D

Yes

If P <, Pn n min

� P – P – PG L D�P =

Calculate P =L ��
n m

P B Pn mn m

End
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process of elimination this could be done. This would be very time consuming in a large
interconnected system. Therefore, an iterative procedure would be used. The iterative procedure
involves a method of successive approximation which rapidly converge to the correct solution.
The following steps are required for the iterative procedure:

1. Assume a suitable value of λ0. This value should be more than the largest intercept of
the incremental production cost of the various generators.

2. Calculate the generations based on equal incremental production cost.

3. Calculate the generation at all the buses using the equation

Pn = 

1 2

2

− −

+

≠
∑f

B P

F
B

n
mn m

m n

nn
nn

λ

λ
It is to be noted that the powers to be substituted on the right hand side during zeroth

iteration correspond to the values as calculated in step 2. For subsequent iterations the values
of powers to be substituted correspond to the powers as calculated in the previous iteration. In
case any of the generations violates the limit the generation of that generator is fixed at the
limit violated.

4. Check if the difference in power at all generator buses between two consecutive
iterations is less than a prespecified value. If not, go back to step 3.

5. Calculate losses using the relation

PL = P B Pn mn m
nm
∑∑

and calculate ∆P = ΣP P PG L D− −

6. If ∆P is less than ε, stop calculation and calculate cost of generation with these values
of powers.

7. Update value of λ and go back to step 3. The flow chart is given in Fig. 19.4.

The iterative procedure is illustrated for a simple two-plant system. Assume that the
loss formula coefficients in 1/MW units are given by

m n Bmn

1 1 0.0015

1 2 – 0.0005

2 2 0.0025

Also assume

dF
dP

1

1
 = 0.01P1 + 2.0

and
dF
dP

2

2
 = 0.01P2 + 1.5

The objective is to determine the operating schedule corresponding to λ = 2.6 (say).
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Now P1 = 
1 2

2

1
12 2

11
11

− −

+

f
B P

F
B

λ

λ

P2 = 
1 2

2

2
12 1

22
22

− −

+

f
B P

F
B

λ

λ

Substituting the values for f1, f2, F11, F22 and loss coefficients,

P1 = 
1

2
2 6

2 0 0005

0 01
2 6

2 0 0015

2− + ×

+ ×

.
.

.
.

.

P
 = 

0 230769 0 001
0 00384615 0 0030

2. .
. .

+
+

P

     = 
0 230769 0 001

0 00684615
2. .

.
+ P

and P2 = 
1

15
2 6

2 0 005

0 01
2 6

2 0 0025

0 423077 0 001
0 00384615 0 005

1
1

− + ×

+ ×
=

+
+

.

.
.

.
.

.

. .

. .

P P

    = 
0 423077 0 001

0 00884615
1. .

.
+ P

Now generation corresponding to equal incremental cost of production is calculated as
follows:

P1 = 0.01P1 + 2 or P1 = 
0 6
0 01

.
.  = 60 MW

P2 = 
11

0 01
.
.

 = 110 MW

Substituting these values of generations in the expressions for P1 and P2, we get

P1 = 
0 230769 0 001 110

0 00684615
. .

.
+ ×

 = 49.77 MW

P2 = 
0 423077 0 001 60

0 00884615
. .

.
+ ×

 = 54.61 MW

P1 = 
0 230769 0 001 54 61

0 00684615
. . .

.
+ ×

 = 41.68 MW

P2 = 
0 423077 0 001 49 77

0 00884615
. . .

.
+ ×

 = 52.53 MW

www.EngineeringBooksPdf.com



D-8\N-SYSTEM\SYS19-1.PM5

�0� ������	���
�����
�������

P1 = 41.38 P1 = 41.37

P2 = 52.50 P2 = 52.50

∴   Loss = 0.0015 × (41.37)2 – 2 × 0.0005 × 41.37 × 52.50 + 0.0025 × (52.5)2

    = 2.5672 – 2.1719 + 6.8906 = 7.28 MW

∴    Load PD = 93.87 – 7.28 = 86.59 MW

In the above problem λ is given and we are asked to find out the operating schedule.
Normally in an actual problem the load demand is given and we are asked to find out the
economic operating schedule. To understand the utility of coordination equations let us say
that the load to be met is 160 MW. With loss coefficients and the incremental production cost
given as in the problem above, we are asked to determine the economic operating schedule.

The generation corresponding to ICP will be

P1 + P2 = 160 and 0.01 P1 + 2 = 0.01 P2 + 1.5

∴  P1 = 55 MW and  P2 = 105 MW

With P2 = 105 MW,

     λ = 0.01 + 105 + 1.5 = 2.55

Substituting this value of λ in coordination equations we have

P1 = 
1

2
2 55

2 0 0005

0 01
2 55

2 0 0015

0 215686 0 001
0 00692156

2
2

− + ×

+ ×
=

+.
.

.

.
.

. .
.

P P

and P2 = 
1

15
2 55

2 0 0005

0 01
2 55

2 0 0025

0 4117648 0 001
0 00892156

1
1

− + ×

+ ×
=

+
.
.

.

.

.
.

. .
.

P P

Starting with P2 = 105, the powers from these equations are

P1 = 46.33 MW P1 = 38.56 MW P1 = 38.45 MW

P2 = 51.34 MW P2 = 50.47 MW P2 = 50.46 MW

At this juncture we should give a thought to our solution. Since P1 + P2 < 160 MW, this
value of λ = 2.55 is not correct and since P1 + P2 << 160 therefore λ should be greater than 2.55.
Let this be 5.0. With this value of λ, P2 = 350 MW from the ICP equation, and the coordination
equation becomes

P1 = 
1

2
5

2 0 0005

0 01
5

2 0 0015

0 6 0 001
0 005

2
2

− + ×

+ ×
=

+.

.
.

. .
.

P P

and P2 = 
1

15
5

2 0 0005

0 01
5

2 0 0025

0 7 0 001
0 007

2
1

− + ×

+ ×
=

+
.

.

.
.

. .
.

P P

Starting with P2 = 350 MW, the values of P1 and P2 in various iterations using
coordination equations are
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P1 = 190 P1 = 145.42 P1 = 144.14

P2 = 127.14 P2 = 120.7 P2 = 120.59

Again we should give a thought to our solution. This time the sum of generations P1 +
P2 >> 160 MW. Therefore, a lower value of λ is desired. Let this be λ = 3.75.

With this value of λ the coordination equations are

P1 = 
0 46667 0 001

0 0056667
2. .

.
+ P

and P2 = 
0 6 0 001

0 0076667
1. .

.
+ P

and the generations during various iterations are

P1 = 122.05 P1 = 98.973 P1 = 98.44 P1 = 98.42

P2 = 94.18 P2 = 91.17 P2 = 91.10 P2 = 91.09

Since the difference between two consecutive generations is less than 0.1 MW, we stop
here and since P1 + P2 = 189.51 MW which is not far off from the load of 160 MW. We, therefore,
evaluate the losses:

PL = 0.0015 × (98.42)2 + 0.0025 × (91.09)2 – 2 × 98.42 × 91.09 × 0.0005

     = 26.31 MW

∴ PD = P1 + P2 – PL = 189.51 – 26.31 = 163.2 MW

This is 3.2 MW more than the actual demand, therefore, we cannot terminate here. We
are guided by the PD calculated for assuming a suitable value of λ. Since PD calculated is more
than the actual one, therefore, we take a lower value of λ.

The reader will find that λ = 3.69 gives the final solution of the problem. With λ = 3.69,
P2 = 219 MW, the coordination equations become

P1 = 
0 4579946 0 001

0 005710027
2. .

.
+ P

P2 = 
0 593496 0 001

0 007710027
1. .

.
+ P

and with P2 = 219 MW as initial value, the generations during various iterations are

P1 = 118.56 MW P1 = 96.40 MW P1 = 95.88 MW P1 = 95.86 MW

P2 = 92.35 MW P2 = 89.48 MW P2 = 89.41 MW P2 = 89.41 MW

We terminate the process here and evaluate the losses.

PL = 0.0015 × (95.86)2 + 0.0025 × (89.41)2 – 2 × 95.86 × 89.41 × 0.0005

     = 25.19

∴ PD = 95.86 + 89.41 – 25.19 = 160.08

∴ |PD calculated – PD| ≤ 0.1 MW

and the solution is obtained.
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       Cost of generation = 0.005 P1
2 + 2 P1 + 0.005 P2

2 + 1.5 P2

= Rs. 411.74/hr.

Another possibility is that we may take the transmission losses into account but they
need not be coordinated. If we don’t coordinate the losses with the incremental production
cost, the generation schedule so obtained will be costlier as compared to when they are
coordinated. An illustration with the help of previous example will make clear the advantage
of the coordination of losses.

The set of equations when losses are included but not coordinated will be

0.01 P1 + 2 = 0.01 P2 + 1.5

and P1 + P2 – 0.0015 P1
2 – 0.0025 P2

2 + 0.001 P1P2 = 160

or    P1 + 200 = P2 + 150

or P2 = P1 + 50

Substituting this value of P2 in the quadratic equation, we obtain

P1
2 – 600 P1 + 38750 = 0

or P1 = 73.6 MW

Neglecting the higher value as the higher value is much more than the total load on the
system.

∴    P2 = 73.6 + 50 = 123.6 MW

∴ Cost = Rs. 436.06/hr.

Comparing the cost between the two, it is seen that cost with losses coordinated is less
than when they are not coordinated and the difference in cost is

436.06 – 411.74 = Rs. 24.32 per hr. Ans.

Penalty factor method: From the coordination equation

dF
dP

P
P

n

n

L

n
+

∂
∂

λ  = λ

or
dF
dP

n

n
 = λ 1 −

∂
∂

�

��
�

��
P
P

L

n

or
dF
dP P

P

n

n L

n

.
1

1 − ∂
∂

 = λ

or
dF
dP

Ln

n
n.  = λ (19.11)

where Ln is the penalty factor of plant n and is given by

Ln = 
1

1 − ∂
∂
P
P

L

n

(19.12)

    ~− +
∂
∂

�

��
�

��
1

P
P

L

n

 approximate penalty factor

     = Ln′
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Since the penalty factor has been derived from the coordination equation, the solution
of the problem using penalty factor gives precisely the same results.

Example 19.1: The fuel inputs per hour of plants 1 and 2 are given as

F1 = 0.2 P1
2 + 40 P1 + 120 Rs. per hr

F2 = 0.25 P2
2 + 30 P2 + 150 Rs. per hr

Determine the economic operating schedule and the corresponding cost of generation if
the maximum and minimum loading on each unit is 100 MW and 25 MW, the demand is
180 MW, and transmission losses are neglected. If the load is equally shared by both the
units, determine the saving obtained by loading the units as per equal incremental production
cost.

Solution: The incremental production costs of both the units are

dF
dP

1

1
 = 0.4 P1 + 40 Rs. per MWhr

and
dF
dP

2

2
 = 0.5 P2 + 30 Rs. per MWhr

Now for economic operation of the units

 
dF
dP

dF
dP

1

1

2

2
=

i.e.,    0.4P1 + 40 = 0.5P2 + 30

and  P1 + P2 = 180

Solution of these equations gives

P1 = 88.89 MW and P2 = 91.11 MW

Now cost of generation = F1 + F2

F1 = 0.2 P1
2 + 40 P1 + 120 = Rs. 5255.88/hr.

F2 = 0.25 P2
2 + 30 P2 + 150 = Rs. 4958.55/hr.

Total cost = Rs. 10214.43/hr.

(b) If the load on each unit is 90 MW, the cost of generation will be

F1 = Rs. 5340/hr.

F2 = Rs. 4875/hr.

             Total cost = Rs. 10215/hr.

∴ Saving will be Rs. 0.57/hr.

Example 19.2: Determine the incremental cost of received power and the penalty factor
of the plant shown in Fig. E.19.2 below if the incremental cost of production is

dF
dP

1

1
 = 0.1 P1 + 3.0 Rs./MWhr.

P = 10 MW1 P = 8 MWD

Load
P = 2 MW1

�������	
��
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Solution: The penalty factor = 
10
8

Ans.

∴   Cost of received power = 
dF
dP

1

1
L1 = (0.1 × 10 + 3).

10
8

  = Rs. 5/MWhr Ans.

Example 19.3: A two-bus system is shown in Fig. E.19.3. If a load of 125 MW is
transmitted from plant 1 to the load, a loss of 15.625 MW is incurred. Determine the generation
schedule and the load demand if the cost of received power is Rs. 24/MWhr. Solve the problem
using coordination equations and the penalty factor method approach. The incremental
production costs of the plants are

P1
Load

1 2

P2

�������	
��

dF
dP

1

1
 = 0.025 P1 + 15

dF
dP

2

2
 = 0.05 P2 + 20

Solution: Since the load is at bus 2 alone, therefore, the losses in the line will not be
affected by generator of plant 2.

∴  PL = B11P1
2 as B12 = B21 = 0 and B22 = 0

∴        15.625 = B11 × 1252

or B11 = 0.001

Now coordination equation

dF
dP

P
P

L1

1 1
+

∂
∂

λ  = λ

where PL = 0.001 P1
2 or 

dP
dP

L

1
 = 0.002 P1

Substituting in the coordination equation for plant 1 we get

0.025 P1 + 15 + λ.0.002 P1 = λ
  0.025 P1 + 0.048 P1 + 15 = 24

or     0.073 P1 = 9

or  P1 = 123.28 MW

and from the coordination equation for plant 2,

0.05P2 + 20 = 24 or P2 = 80 MW

∴ The transmission loss PL = 0.001 × (123.28)2 = 15.19 MW

∴ The load PD = 123.28 + 80 – 15.19 = 188.1 MW
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The solution using penalty factor is as follows: The penalty factor for plant 1 is

1

1
1

− ∂
∂
P
P

L
 = 

1
1 0 002 1( . )− P

∴
dF
dP P

1

1 1

1
1 0 002− .

 = 24

or     
0 025 15
1 0 002

1

1

.
.
P

P
+

−
 = 24

∴   P1 = 123.28 MW

Similarly, since 
dP
dP

L

2
 is zero, ∴ L2 = unity, i.e., the incremental cost of received power

equals the incremental cost of production.

∴ 0.05 P2 + 20 = 24 or P2 = 80 MW

Example 19.4: Assume that the fuel input in Btu per hour for units 1 and 2 are given by

F1 = (8P1 + 0.024 P1
2 + 80)106

F2 = (6P2 + 0.04 P2
2 + 120)106

The maximum and minimum loads on the units are 100 MW and 10 MW respectively.
Determine the minimum cost of generation when the following load (Fig. E.19.4) is supplied.
The cost of fuel is Rs. 2 per million Btu.

50
MW

150 MW

50 MW

12 6
AM

6
PM

12

����������	

Solution: From the fuel input characteristics

dF
dP

1

1
 = 0.048 P1 + 8

and
dF
dP

2

2
 = 0.08 P2 + 6

(i) When load is 50 MW, for economic loading the conditions are

 
dF
dP

dF
dP

1

1

2

2
=
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and         P1 + P2 = 50

i.e., 0.048 P1 + 8 = 0.08 P2 + 6

and         P1 + P2 = 50

From these equations,

P1 = 15.625 MW and P2 = 34.375 MW

∴ F1 = 210.868 million Btu per hr.

and F2 = 373.5 million Btu per hr.

(ii) When load is 150 MW, the equations are

0.048 P1 + 8 = 0.08P2 + 6

and     P1 + P2 = 150

∴ P1 = 78.126 MW and P2 = 71.874 MW

and F1 = 851.496 million Btu/hr.

F2 = 757.87 million Btu/hr.

∴ Total cost = Rs. (210.868 + 373.5 + 851.496 + 757.87) × 12 × 2

    = Rs. 52649.61 Ans.

Physical Interpretation of Coordination Equations

The physical interpretation of the coordination equations can be understood with the help of
Fig. 19.5. There are n number of plants connected to a hypothetical load through a transmission
network. The incremental cost of production of nth plant at the busbar is dFn/dPn. The plant n
incurs an incremental transmission loss of ∂PL/∂Pn in supplying the next increment of load.
Let ∆PD be the change in load and if this change is supplied by plant n alone and say in doing
so the generation at plant n required is ∆Pn. This ∆Pn includes the transmission losses in
addition to the increase in demand by ∆PD. The cost of power at the plant bus will be

dF
dP

Pn

n
n∆  = Rs./hr

System
load

1

2

n

dF1

dP1

dF2

dP2

dFn

dPn

Transmission network
with B loss coefficientsmn

��������
���������� ����� ������!��!"��!!�#�����!���$%���!��&

But since power received is only ∆PD, therefore the cost of received power will be

λ = 
dF
dP

P
P

dF
dP

P
P

n

n
n

D

n

n

n

D
. . . /∆

∆
∆
∆

1
= Rs. MWhr

www.EngineeringBooksPdf.com



D-8\N-SYSTEM\SYS19-2.PM5

�����������	
�
���	�� ��'

Since ∆PD = ∆Pn – ∆PL

∴ λ = 
dF
dP

P
P P

dF
dP P

P

n

n

n

n L

n

n L

n

∆
∆ ∆ ∆

∆
−

=
−

1

1

and in the limit when ∆Pn → 0

λ = 
dF
dP P

P

dF
dP

Ln

n L

n

n

n
n

1

1 − ∂
∂

= .

which is same as the coordination equation and from this treatment penalty factor for plant n
can be defined as the ratio of the small change in power at plant n to the small change in
received power when generation at plant n alone is changed for meeting this change in load.

When transmission losses are included and coordinated, the following points must be
kept in mind for economic load dispatch solution:

1. Whereas the incremental cost of production of a plant is always positive, the
incremental transmission losses can be both positive or negative.

2. The individual generators will operate at different incremental costs of production.

3. The generation with highest positive incremental transmission loss will operate at
the lowest incremental cost of production.

The Bmn coefficients are the loss coefficients and for an n generator system the coefficient
is an n × n symmetric matrix

Bmn = 

B B B
B B B

B B B

n

n

n n nn

11 12 1

21 22 2

1 2

...

...

...
� � �

�

�

�
�
�

�

�

�
�
�

The diagonal elements are all positive and strong as compared with the off diagonal
elements which mostly are negative and are relatively weaker. These coefficients are determined
for a large system by an elaborate computer programme starting from the assembly of the
open circuit impedance matrix of the transmission network which is quite lengthy and time
consuming and is beyond the scope of this book. Besides, the formulations of B-coefficients are
based on several assumptions and do not take into account the actual conditions of the system,
the solution for the plant generations cannot be expected to be the best for minimum cost of
generation.

B-coefficients have been developed by applying tensors to power system wherein the
interconnected system is reduced to one with sources equal to the actual number of sources
but loads equal to one equivalent hypothetical load.

We develop here simple equations for loss coefficients based on several assumptions for
systems having any number of loads and sources. We will develop, to begin with, the equations
for two generating stations and an indefinite number of loads and finally will generalize for
any number of generators and loads. Consider Fig. 19.6 which indicates two generating plants
connected to a transmission network which is terminated by an arbitrary number of loads.
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1
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I1 Load
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Ib1

1
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I2

Load

IL
Ib2

I2
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IL
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(a) (b) (c)
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Consider one three phase line b. The total load current IL is supplied by source 1 and the

current in line b is Ib1

Let αb
b

L

I

I1

1= (19.13)

Similarly when source 2 alone supplies load current IL and if Ib2
 is the current through

the same line b, then

αb
b

L

I

I2

2= (19.14)

When both the plants are connected to supply the load current, the current through the
branch b, using the principle of superposition, will be

  Ib = α αb bI I
1 21 2+ (19.15)

where I1 and I2 are the currents from plant 1 and 2 respectively and αb1
 and αb2

 are the
current distribution factors.

Here we make two simplifying assumptions for deriving the loss coefficients.

(i) The ratio X/R for all the transmission lines is the same.

(ii) The phase angle of all the load currents is the same.

The net effect of these two assumptions is that the load currents and branch currents
are in phase and hence the current distribution factors are real.

Let I1 = | I1 | cos θ1 + j| I1 | sin θ1

and I2 = | I2 | cos θ2 + j| I2 | sin θ2 (19.16)

where θ1 and θ2 are the phase angles of currents I1 and I2 with reference to a common phasor.

∴ Ib = α αb bI I
1 21 2+

     = αb1
| I1 | cos θ1 + αb2

 | I2 | cos θ2 + j[αb1
| I1 | sin θ1 + αb2

 | I2 | sin θ2]

or  Ib
2 = αb1

2  | I1 |
2 + αb2

2  | I2 |
2 + 2αb1

αb2
 | I1 | | I2 |  cos (θ1 – θ2) (19.17)

Since I1 = 
P

V
1

1 13 | | cos φ
 and I2 = 

P

V
1

2 23 | | cos φ
 and if Rb is the resistance of branch b,

the total loss will be

PL = 3 2

1

I Rb b
b

b

=
∑

where Σ is the summation of losses in all the branches and φ1 and φ2 are the p.f. angles of plants
1 and 2 respectively.
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    PL′ = α
φ

α
φ

α α θ θ
φ φb

b
b

b b b bP R

V

P R

V

P P R

V V1 2

1 22 1
2

1
2 2

1

2 2
2

2
2 2

2

1 2 1 2

1 2 1 2

2∑ ∑ ∑| |
+

| |
+

−
| | | |cos cos

cos ( )

cos cos
(19.18)

      = B11P1
2 + B22P2

2 + 2B12P1P2

where B11 = 
α

φ φ
αb b

b b
b

R

V V
R1

1

2

1
2 2

1 1
2 2

1

21

| |
=

| |∑ ∑cos cos

B22 = 
1

2
2 2

2

2
2| | ∑V
Rb b

bcos φ
α

and B12 = 
1

1 2 1 2
1 2| | | | ∑V V

Rb b b
b

cos cosφ φ
α α

Therefore, if there are n number of sources the general loss coefficients will be

Bnn = 
1

2 2
2

| | ∑V
R

n n
b b

b
ncos φ

α (19.19)

and Bmn = 
1

| | | | ∑V V
R

m n m n
b b b

b
m ncos cosφ φ

α α (19.20)

Whenever there are wide variations in the operating conditions, the various assumptions
for evaluation of B-coefficients may cause errors in loss calculation, it is desirable to obtain one
or two additional sets of loss coefficients for such conditions.

Many power companies, however, obtain reasonably accurate results assuming one set
of coefficients corresponding to a typical operating condition.

���	 ����������������������������

Dopezo et al. have derived an exact formula for calculating transmission losses by making use
of the bus powers and the system parameters. Let Si be the total injected bus power at bus i
and is equal to the generated power minus the load at bus i. The summation of all such powers
over all the buses gives the total losses of the system, i.e.,

PL + jQL = S V I V Ii i i
T

i

n

i

n

= =
==
∑∑ * *

bus bus
11

(19.21)

Here PL and QL are the real and reactive power loss of the system. Vbus and Ibus are the
column vectors of voltages and currents of all the buses.

Now Vbus = ZbusIbus (19.22)

where Zbus is the bus impedance matrix of the transmission network and is given by

Zbus = R + jX = 

r r r
r r r

r r r

j

x x x
x x x

x x x

n

n

n n nn

n

n

n n nn

11 12 1

21 22 2

1 2

11 12 1

21 22 2

1 2

...

...

...

...

...

...
� � � � � �

�

�

�
�
�

�

�

�
�
�

+

�

�

�
�
�

�

�

�
�
�
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From equations (19.21) and (19.22), we have

PL + jQL = Ibus
T  Zbus

T  Ibus
*

  = Ibus
T  ZbusIbus

* (19.23)

The last step can be written because Zbus is a symmetric matrix and, therefore,

      Zbus
T  = Zbus.

The bus current vector Ibus can also be written as the sum of a real and reactive component
of current vectors, i.e.,

Ibus = Ip + jIq = 

I
I

I

j

I
I

I

p

p

pn

q

q

qn

1

2

1

2
� �

�

�

�
�
�
�

�

�

�
�
�
�

+

�

�

�
�
�
�

�

�

�
�
�
�

The equation for the loss can be written as

PL + jQL = (Ip + jIq)
T(R + jX)(Ip – jIq)

Separating out the real part PL from the above matrix product, we get

        PL = Ip
TRIp + Ip

TXIq + Iq
TRIq – Iq

TXIp

Since X is a symmetric matrix,

   Ip
TXIq = Iq

TXIp

Hence         PL = Ip
TRIp + Iq

TRIq (19.24)

This expression (19.24) can be rewritten by using index notation as

         PL = r I I I Ijk pj pk qj qk
i
k

n

( )+
=
=

∑
1
1

(19.25)

The transmission loss has been expressed in terms of bus currents. In an actual power
plant, the system operators usually know the bus powers and the nodal voltages; therefore, it
is more practical to express PL in terms of these quantities.

For bus powers at bus i we have

Pi + jQi = ViIi
* = Vi(Ipi – jIqi) = | Vi | (cos δi + j sin δi)(Ipi – jIqi)

where δi is the phase angle of voltage Vi with respect to the reference voltage i.e., the slack bus
voltage. Now separating the real and imaginary parts, we have

Pi = | Vi | cos δi Ipi + | Vi | Iqi sin δi

and Qi = | Vi | Ipi sin δi – | Vi |Iqi cos δi

Solving for Ipi and Iqi, we get

Ipi = 
1

| |Vi
(Pi cos δi + Qi sin δi)

Iqi = 
1

| |Vi
(Pi sin δi – Qi cos δi)

We have expressed here the real and imaginary components of bus currents in terms of
bus powers and the bus voltages. Substituting these values in the expression for power loss,
we get after some algebraic manipulations,
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PL = α βjk j k j k jk j k j k
j
k

n

P P Q Q Q P P Q( ) ( )+ + −
=
=

∑
1
1

(19.26)

where αjk = 
r

V V
jk

j k
j k| | | |

−cos ( )δ δ

and βjk = 
r

V V
jk

j k
j k| | | |

−sin ( )δ δ

By making use of this expression for transmission losses along with the coordination
equations, the problem of optimal load dispatch can be solved.

It can be seen that even though the formulation for the transmission loss is exact, the
method requires the calculation of bus impedance matrix which is time consuming and needs
more computer memory.

���
 �����������������������������

Another technique for solving the optimal load dispatch problem as suggested by Kirchmayer
is through the use of modified coordination equations. These equations are derived as follows:

Transmission loss is the algebraic sum of the powers at all the nodes i.e., it is function of
powers at all the nodes and therefore

   PL = Pi
i

n

=
∑

1

(19.27)

Here Pi is positive for generator bus and negative for load bus.

∴ dPL = 
∂
∂=

∑ P
P

dPL

i
i

i

n

1

(19.28)

Say, in an interconnected system the bus powers of only two plants Pj and Pn can be
changed by small amounts keeping the powers at all other buses fixed then,

          dPLj, n = 
∂
∂

+ ∂
∂

P
P

dP
P
P

dPL

j
j

L

n
n. (19.29)

The incremental loss dPLj, n/dPj is defined as the ratio of change in loss to the change in
generation at plant j when power is transferred from plant j to plant n, with the generations of
other plants and load keeping fixed. It is clear that

dPLj, n = dPj + dPn (19.30)

Using equations (19.29) and (19.30), we get

       dPj + dPn = 
∂
∂

+ ∂
∂

P
P

dP
P
P

dPL

j
j

L

n
n. .

or dP
P
P

dP
P
Pj

L

j
n

L

n
1 1−

∂
∂

�

�
	




�
� + −

∂
∂

�

�	



��
 = 0
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or      
dP

dP
j

n
 = – 

1
1

− ∂ ∂
− ∂

P P
P dP

L n

L j

/
/

(19.31)

Also since from the coordination equations,

dF

dP P
P

dF
dP P

P

j

j L

j

n

n L

n

. .
1

1

1

1− ∂
∂

�

�
	




�
�

= =
− ∂

∂

λ

    

dF
dP
dF

dP

P
P
P
P

dP

dP

dP

dP dP

n

n

j

j

L

n

L

j

j

n

j

Lj n j
=

− ∂
∂

− ∂
∂

= − = −
−

1

1 ,

= 
1

1 −
dP

dP
Lj n

j

,

or      
dF
dP dP

dP

dF

dP
n

n Lj n

j

j

j
=

−

1

1 ,
.  = µ (19.32)

Here plant n is taken as the reference plant.

From the above expression it is clear that for economic load dispatch the condition
required is that the incremental cost of power at plant bus n is equal to the incremental cost of
power at plant bus j corrected for the effect of the incremental transmission loss involved in
swinging generation between plants j and n. These equations are known as modified coordination
equations. The modified coordination equation can be rewritten as

dF
dP

dF

dP

P

P
n

n

j

j

j

n
= − .

∆
∆

 = µ

The solution of modified coordination equation requires the calculation of ∆Pj/∆Pn terms.
The solution of these equations is explained as follows: The flow chart is given in Fig. 19.7.

1. Given a demand, assuming no transmission losses, the generations are determined
according to equal incremental production cost, say P1, P2, ..., Pn are the generations of n
plants. Thus solving the equation

   
dF
dP

dF
dP

dF
dP

n

n

1

1

2

2
= = =...

and Pn
n

n

=
∑

1

 = PD

where PD is the given system load demand. The generation P1, P2, ..., Pn are determined.
Choosing nth plant as the reference plant, the incremental cost µ at the reference plant is
given by

µ = 
dF
dP

n

n
 = FnnPn + fn
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2. Taking the nth plant bus as the reference or slack bus, a load flow using Newton-
Raphson technique is performed with specified generations as obtained in step 1. Let the slack
bus power be Pn′.

3. Increase the generation at bus 1 by a small amount ∆P1 and keeping all other
generations constant as per step 1 and taking plant n as the slack bus perform the load flow
again. Say the slack bus power be Pn″.
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The procedure is repeated by swinging generation between other plants and the reference

plant n, one at a time, for obtaining the quantities −
∆
∆

P

P
j

n

.

4. The equations 
dF
dP

P

P

dF

dP
n

n

j

n

j

j
= −

∆
∆

.  are solved. The solution gives new generation

P1, P2, ... , Pj. The first iteration for generation schedule is complete.

5. With the reference bus remaining unchanged and with the value of µ remaining
constant as chosen in step 1, the procedure from 1 to 4 is repeated until the generation of two
consecutive iterations lie within a certain specified tolerance, i.e., mathematically,

P Pj
k

j
k+ − ≤1 ε

where K is the iteration count and ε is the prespecified tolerance. When convergence is reached
the next step is followed, otherwise steps 2 to 4 are repeated.

6. With Pj
k + 1 as generation, the final load flow solution is obtained and hence the cost of

generation is evaluated.

���� ����������������������

It has already been explained that economic load dispatching is that aspect of power system
operation wherein it is required to distribute the load among the generating units actually
paralleled with the system in such a manner as to minimise the cost of supplying the minute-
to-minute requirements of the system. In a large interconnected system it is humanly impossible
to calculate and adjust such generations and hence the help of digital computer system along
with analogue devices is sought and the whole process is carried out automatically; hence the
term automatic load dispatching is used for the purpose.

An energy system is normally controlled by a central control centre which coordinates
the operations of several area centres. The objective is to minimise the cost of supplying
electricity to the load points while ensuring security of supply against loss of generation and
transmission capacity and also maintaining the voltage and frequency of the system within
specified limits. Since the interconnection is growing bigger and bigger in size with time, the
control engineer has to make adjustments to various parameters in the system. Hence it has
become imperative to make use of automatic control for load dispatch problem.

The chosen control system is invariably based on a digital computer working on-line.
The presence of the control engineer is required only to enter certain data. The rest of the
control calculations can proceed and the generation instructions calculated, transmitted and
implemented at the power stations automatically.

The block diagram of an automatic control system used for load dispatching is shown in
Fig. 19.8.

Computer: The computer predicts the load and suggests economic loading. It transmits
information to machine controllers.
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Data Input: The computer receives a lot of essential data from the telemetering system
and from the paper tape. Telemetering data comes to the computer either as analogue signals
representing line power flows, plant outputs or as signal bits indicating switch or isolator
positions. The system is entirely automatic. Paper tape stores all the basic data required, e.g.,
the system parameters, load prediction, security constraints, etc. and finally asking the stations
to switch the machine controllers to automatic control.

Operator Console Computer

Station
operator

Machine
controller

Plant
constraints

Start-up

Telephone

Power output
frequency

Generator
set point

Required generator
output

Telecommand

Generator
output

Telemetry

Telemeters,
power flows
switch states
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Console: The console is the component through which the operator can converse with
the computer. He can obtain certain information required for some action to be taken under
emergency condition should  such a condition arise in the system, or he can put data into it if
needed. The instructions being issued and the state of the energy system (tie-line loadings,
plant outputs, nodal voltages, etc.) can be examined on cathode ray displays associated with
the console.

The console has the facilities of security checking and load flows for the network
calculations. Such a facility can be called manually at almost any instant of time and the
results may be recorded automatically after a specified interval of time, if required. The security
check (loss of generator or loss of one or more than one transmission links) reveals and displays
that if one or more than one particular branches suffer outage, at least one of the remaining
branches will be overloaded.

Machine Controllers: The computer sends instructions regarding the optimal generation
to the machine controller at regular intervals which in turn implements them. Control on each
machine is applied by a closed loop system which uses a measure of actual power generated
and which operates through a conventional speeder motor. These are referred to as controller
power loops.

In the power frequency loop an error signal proportional to the difference between the
derived and actual frequency and power is developed. A summed error signal is formed from
these two components and is converted in the motor controller to a train of pulses that are
applied to a speed governor reference setting motor called the speeder motor. The duration
and amplitude of these pulses are fixed but the pulse rate is made proportional to the summed
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error signal. The pulses are applied as ‘raise’ or ‘lower’ command to the speeder motor in
accordance with the error signal and thus the output of the generators is increased or decreased
accordingly.

���� ������������������������������� ����!

The term power line carrier is used to represent the entire process of communication which
uses high voltage overhead power lines as the means of transmission. The power lines offer
the following advantages:

(i) Lines have thicker cross section of wire and hence attenuation of signals is not much.

(ii) Leakance is negligible even under wet weather conditions as lines are insulated with
high voltage insulators.

(iii) Lines are disrupted during foul weather conditions as conductors are strung on very
robust tower structures.

(iv) As the phases are separated from each other quite appreciably, cross-talks between
lines is practically avoided.

(v) The cost of providing extra lines for the purpose is avoided.

However, there are certain difficulties associated with the transmission of communication
signal over the power lines:

(i) Since the power is being transmitted at relatively high voltages, the operation on
these lines may prove to be dangerous to human lives and also to telephone apparatus.

(ii) During transient operation of system e.g., switching transients, surge voltages or
corona phenomenon etc. the presence of higher harmonics in power currents may
interfer with the communication signal.

These difficulties, of course, have been overcome by selecting suitable coupling capacitors
and carrier frequencies.

The power line carrier communication finds application in telemetering, power line
protection, telecontrol etc. The application of PLCC to power line protection has already been
discussed in Chapter 14.

The power lines may have higher harmonics due to switching surges and corona loss on
overhead lines. These frequencies generally lie between 100 Hz to 50 kHz and, therefore, if
carrier frequencies are chosen in this region, noise introduced in carrier signal would be very
large and hence carrier frequency in the range 30 kHz to 500 kHz are used. In order that these
carrier signals do not interfere into the adjoining section of lines and also that these carrier
signals are not lost by being shorted by low impedance of transformer or generator at the end
of the line, line traps are used which offer very high impedance to carrier frequency and low
impedance to power frequency. Similarly the coupling capacitors are so designed that they
offer very high impedance to power frequency but low to carrier frequencies. The two most
commonly employed coupling methods are centre-phase to ground and adjacent-phase to phase
as shown in Fig. 19.9.
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For centre-phase to ground only one phase line is required and ground is used as the
return path whereas for adjacent phase to phase connection two phase lines are used for the go
and return paths. Thus only half of the coupling components are required in the former method
as compared with the latter one. Also with centre phase to ground method three separate
carrier sets can be connected with three phase lines. But the adjacent phase to phase method
has got less attenuation and transmission characteristics are fairly constant, radiation loss is
smaller and signal to noise ratio (S/N) is high. For these reasons, even though adjacent phase
to phase method is costlier but is normally used.

For efficient coupling at carrier frequencies, it is necessary to cancel the reactance of
the coupling capacitor by means of inductance in the line matching unit and to match the
impedance of the power line. Power line impedances are of the order of 300 to 500 ohms (phase
to ground and phase to phase) respectively. The transformer included in the line matching
unit are provided with several taps to facilitate optimum impedance matching between the
terminal and the power line. Proper, impedance match at both parts of the tuning unit is
important not only to assure maximum power transfer but also to prevent undesirable standing
waves due to reflections at a mismatched junction. The line matching unit is normally located
close to the coupling capacitor in the switchyard, and it must be weather proof. For phase to
phase coupling, it is common to employ two line matching units.

Different Methods of Carrier Transmission Over Power Lines

There are two methods of transmitting carrier signals over power lines between different stations
in the power grid:

(i) Fixed Frequency System; (ii) Wave Change-Over System.

In the first system, transmission of signals in different sections are carried out by different
carrier frequencies as shown in Fig. 19.10.

1

S/S f1

f2

2

S/S f3

f4

3

S/S f5

f6

4

S/S
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Transmission between S/S 1 and 2 is carried out by carrier frequencies f1, f2 that between
S/S 2 and 3 f3, f4 and between S/S 3 and 4, f5 and f6 and so on. In this method signals are sent
between two consecutive stations by the allotted carrier frequency and the carrier is
demodulated at the second station and the signal is used to modulate again the carrier frequency
allotted for the second section and is retransmitted on this carrier and so on. The fixed frequency
system has an advantage in that it is possible to have simultaneous transmission of signals in
different sections and quality of reception is better as signals are amplified at each station.
But it is a costlier system as two carrier sets are required at each intermediate substation.

In the second system (Fig. 19.11), two carrier frequencies f1 and f2 are used for
transmission in two directions between  any two stations. It is so planned that the carrier
oscillator of frequency f1 is used for sending the signal from the transmitter and the carrier
oscillator of frequency f2 is used for demodulation purpose to get back the signal in the receiver
in the case of the calling station. As soon as the calling station picks up the telephone set for
calling, the transmitter and the receiver side of the calling station are connected to these
carrier oscillators. When the called station receives ring, its transmitter is provided with the
carrier oscillator of frequency f2 and its receiver is provided with the carrier oscillators of
frequency f1.

1 2 3

f1

4

f2
(2) Calling station (4) Called station.

�������������9������*��!9��������)&

In this way, transmission in both the directions are carried out by two carrier frequencies
in all sections between any two substations.

The ground wire for protection of power lines against lightning stroke can also be used
as a transmission medium by insulating the conductors from the tower with insulators having
breakdown (equivalent air gap) of 15 kV to 25 kV. With this, the main function of the ground
wire as a shield wire is not sacrificed. A benefit from using overhead ground wire for
communication is the reduction of power frequency drainage currents induced in them due to
the power lines.

The ground wire when insulated results in a slight increase in zero-sequence impedance
of the power line which may cause an increase in over voltages when a short circuit involving
ground occurs on the power line.

A suitable coupling device must be used at each ground wire terminal to provide a
drainage path to ground for the induced power frequency influence and for lightning currents
while coupling the carrier signal to the shield wires. The cost of coupling equipments in case of
ground wire is much smaller and is a constant irrespective of the operating voltage. Another
advantage of ground wire as a medium of transmission is that it does not require a power line
outage when maintenance is required whereas this is always required for maintenance of
phase wire equipment.

www.EngineeringBooksPdf.com



D-8\N-SYSTEM\SYS19-2.PM5

�����������	
�
���	�� ��.

Whenever two ground wires are used, it is desirable to transpose the wires after every
10 to 30 km. (depending upon the experience about a particular system). With this the
interference of power lines with the ground wires used as communication channels will be
eliminated.

The insulated ground wires are more prone to foul weather conditions in regard to
attenuation of signals as compared to the phase wires. These wires have been used for
supervising control, telemetry and alarm functions, but there is limited experience in regard
to its application for protective relay channels.

Bundled conductors may also be used as transmission channel for communications.
Conductors of the same phase insulated from each other would be used and then ground will
not be used as the return path. This scheme is being operated in USSR. The technique offers
the following advantages:

(i) Less interference with or from radio services in the PLC band.

(ii) Lower fair weather lines loss.

(iii) Heavy reduction in cross talk.

It is hoped that bundled conductors may prove to be an important technique in future
application of power line carrier particularly in ice free areas.

Modern power system has grown quite complex. The awareness of power system engineer
for a good quality of reliable supply has forced him to adopt some automatic means so that he
not only operates his system reliably but most economically. For this he has to know the state
of the system so that he can regulate the system in that direction. The state (frequency, voltage,
active power, reactive power flows, position of C.B., switches etc.) of such a complex system
can be obtained by telemetering only. No manual method can handle such a complex job.

For the sake of convenience, the whole system is divided into a number of areas or
groups each area having an area (or group) control station and finally these stations are centrally
controlled (or coordinated) by what are known as master controlled stations. These different
control stations are located at suitable points in the network and they control such items as
voltage, power, frequency on getting information from distant points regarding condition of
the system by telemetring.

There are some informations which are to be telemetered to group control stations only;
others are to be telemetered to master control station only; yet there are other informations to
be telemetered to both the  stations.

Informations telemetered to group control station:

(i) Generated active and reactive power of each station in the group.

(ii) Net active and reactive power transfer from the group.

(iii) Active and reactive power flow through the tie lines, alongwith direction of flow and
an overload alarm.

Information to be telemetered to control station:

(i) Voltage and frequency from selected points.

(ii) Total generated active and reactive power of the system.

(iii) Tie-line loadings (active and reactive powers) from selected points.
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Informations to be telemetered to both group and central control stations:

(i) System frequency and rate of change of frequency.

(ii) Generated active and reactive power area wise.

(iii) Area-interconnection active and reactive power.

All the above informations are sent by telemetering to the control stations where they
are displayed by suitable meters and some of these informations are fed to the computer for
processing and generating commanding signals to be followed by various equipments (e.g.,
automatic voltage regulators and other controller) for good quality of reliable and economic
supply.

���#����

19.1. Incremental fuel costs in Rs. per megawatt hour for two units in a plant are given by

dF
dP

1

1
 = 0.1 P1 + 20

dF
dP

2

2
 = 0.12 P2 + 16

The minimum and maximum loads on each unit are to be 20 MW and 125 MW respectively.
Determine the incremental fuel cost and the allocation of load between units for the minimum
cost when loads are (i) 100 MW, (ii) 150 MW. Assume both the units are operating.

19.2. Determine the saving in fuel cost in Rs. per hour for the economic distribution of a total load of
200 MW between the two units of the plant described in Problem 19.1 compared with equal
distribution of the same total load.

19.3. A system consists of two plants connected by a tie line and a load is located at plant 2. When 100
MW are transmitted from plant 1, a loss of 10 MW takes place on the tie-line. Determine the
generation schedule at both the plants and the power received by the load when λ for the system
is Rs. 25 per megawatt hour and the incremental fuel costs are given by the equation

dF
dP

1

1
 = 0.03 P1 + 17 Rs./MWhr

dF
dP

2

2
 = 0.06 P2 + 19 Rs./MWhr

19.4. If the power received by the load in the previous example is 200 MW, determine the savings in
rupees per hour obtained by coordinating rather than simply including the transmission loss
and not coordinating them in determining the loading of the plant.

19.5. The incremental fuel costs for two plants are given by

dF
dP

1

1
 = 0.1 P1 + 22

dF
dP

2

2
 = 0.12 P2 + 16

where F is in Rs./hr and P is in MW. If both the units operate at all times and maximum and
minimum loads on each unit are 100 MW and 20 MW respectively. Determine the economic
operating schedule of the plants for loads of 40 KW, 60 MW, 80 MW, 120 MW, 160 MW and 180
MW, neglecting the transmission line losses.
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19.6. The fuel inputs to two plants are given by

F1 = 0.015 P1
2 + 16 P1 + 50

P2 = 0.025 P2
2 + 12 P2 + 30

The loss coefficients of the system are given by B11 = 0.005, B12 = – 0.0012 and B22 = 0.002. The
load to be met is 200 MW, determine the economic operating schedule and the corresponding
cost of generation if (i) the transmission line losses are coordinated, (ii) the losses are included
but not coordinated.
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The wide-spread use of electric clocks, the need for satisfactory operation of power stations
running in parallel and the relation between system frequency and the speed of the motors
has led to the requirement of close regulation of power system
frequency. Since the control of system frequency and load
depends upon the governors of the prime movers we must
understand governor operation. Fig. 20.1 shows the basic
characteristics of a governor. It is seen that with a given
setting there is a definite relationship between turbine speed
and the load being carried by the turbine. If the load carried
by the turbine increases the speed decreases. For example
in Fig. 20.1 if the turbine is operating at 25% load the speed
is about 99% and if the load is increased to 50% the speed
drops to 98%. Now if A is the initial operating point and the
load is dropped to 25% the speed increases. In order to keep
the speed same as at A, the governor setting by changing the
spring tension in the flyball type of governor will be resorted
to and the characteristic of the governor will be indicated by the dotted line as shown in Fig. 20.1.
In practice the change in characteristic is obtained by remotely operating the governor control
motor from the control room. A turbine can be adjusted to carry any given load at a desired
speed. The governor characteristic as shown in Fig. 20.1 is an ideal one whereas the actual
characteristic departs from the ideal one due to valve openings at different loadings.
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If the system consists of a single machine connected to a group of loads the speed and frequency
change in accordance with the governor characteristics as the load changes. If it is not important
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to keep frequency constant no regulation control is required. The frequency normally would
vary by about 5% between light load and full load conditions. On the other hand if constant
frequency is required the operator can adjust the speed of the turbine by changing the governor
characteristic as and when desired.

If a change in load is taken care of by two machines
running in parallel as shown in Fig. 20.2, the complexity of
the system is increased. The possibility of sharing the load
by the two machines is as follows: Say, there are two stations
S1 and S2 interconnected through a tie-line. If the change in
load is either at S1 or S2 and if the generation of S1 alone is
regulated to adjust this change so as to have constant
frequency, the method of regulation is known as Flat
Frequency Regulation. Under such situation station S2 is said to be operating on base load.
The major drawback of flat frequency regulation is that S1 must absorb all load changes for the
entire system thereby the tie-line between the two stations would have to absorb all load
changes at station S2 since the generator at S2 would maintain its output constant. The operation
of generator S2 on base load has the advantages when S2 is much more efficient than the other
station and it is desirable to obtain maximum output of S2.

The other possibility of sharing the change in load is that both S1 and S2 would regulate
their generations to maintain the frequency constant. This is known as parallel frequency
regulation. The third possibility is that the change in a particular area is taken care of by the
generator in that area thereby the tie-line loading remains constant. This method of regulating
the generation for keeping constant frequency is known as flat-tie line loading control. This
arrangement has the advantage that load swings on station S1 and the tie-line would be reduced
as compared with the flat frequency regulation. Automatic equipment permits various types of
system control. The various methods discussed above can be performed with the help of
automatic control equipments. Besides these, two other types of controls are widely used in
automatic arrangements. They are (i) Selective Frequency Control and (ii) Tie-line Load-bias
Control.

The common method of operating a large
interconnected system assigns frequency control to a
central system, the other systems are then controlled on
the basis of system frequency and tie-line loading. The
tie-line loading as the basis of automatic control is used in
three different ways. One of these is known as Selective
Frequency Control. Here each system in the group takes
care of the load changes on its own system and does not
aid the other systems in the group for changes outside its
own limits.

The most commonly used method is the tie-line load-
bias control in which all power systems in the
interconnection aid in regulating frequency, regardless of
where the frequency change originates. The equipment
consists of a master load frequency controller and a tie-line recorder measuring the power
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input on the tie, as for selective frequency control. The tie-line instrument biases the load
frequency controller by changing the control point until the desired relationship exists between
tie-line loading and system frequency. This is illustrated in Fig. 20.3.

The solid line bb represents a characteristic similar to the governor characteristic. The
solid line aa represents a constant frequency characteristic. If the station is trying to maintain
constant frequency, the tie-line load changes would vary over very wide limits whereas if it
were working along a′a′, the tie-line load would be held constant regardless of the frequency.
The actual operating point in tie-line load-bias control lies between these two extreme limits
such as bb or cc.

In order to explain this method refer to Fig. 20.3 and consider that there is increase in
load on station S1 as a result there is reduction in frequency, the control at S2 , being immediately
responsive to frequency, increases its generation to restore frequency to normal. The amount
of load picked up depends on the bias for which the regulating equipment has been set. If
initially x is the operating frequency and if it drops to y due to increase in load, the load picked
up on the tie-line will be shown by the shaded area under xy. The tie-line has definitely gone
off schedule, but this power is contributed to the interconnection in a direction to improve
system regulation. The amount of bias is adjustable, depending on the extent to which station
S2 is scheduled to contribute to system regulation.

In a large interconnected system, as has been stressed previously that manual regulation
is not feasible and, therefore, load frequency equipment is installed for each generator. Similarly
for voltage control also voltage regulation equipment is installed on each generator. Figure 20.4
gives the schematic diagram of load frequency and excitation voltage regulators of a turbo-
generator. The controllers are set for a particular operating condition and they take care of
small changes in load demand without voltage and frequency exceeding the pre-specified limits.
If the operating conditions change materially the controllers must be re-set either manually or
automatically.

Load
frequency
controller

Frequency
sensor

�Ptie

Generator

Controllable
excitation

�Pci

Steam

Main
steam
valve

Valve control
mechanism

Turbine

� �P + j QG Gi i

Voltage
sensor

QV
controller

�Qci

( V )�
i
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It is known that small changes in load depend upon the change in rotor angle δ and is
independent of the bus voltage whereas the bus voltage is dependent on machine excitation
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(i.e., on the reactive generation Q, and is independent of rotor angle δ. Therefore, the two
controls, i.e., load frequency and excitation voltage controls are non-interactive for small changes
and can be modelled and analysed independently. Besides, the load frequency controller is
slow acting because of the large time constant contributed by the turbine and generator moment
of inertia, and excitation voltage control is fast acting as the time constant of the field winding
is relatively smaller, thus the transients in excitation voltage control vanish much faster and
do not affect the dynamics of load  frequency control. We will consider here only the load
frequency control aspect of regulation. It is to be noted here that the regulator designed for
control should not be insensitive to fast random changes, otherwise the system will be prone to
hunting, resulting in excessive wear and tear of control equipments and the rotating machines.

The main objective of the load  frequency controller is to exert control of frequency and
at the same time of real power exchange via the outgoing lines. The change in frequency and
the tie-line real power are sensed which is a measure of the change in rotor angle δ, i.e., the
error ∆δi to be corrected. The error signals, i.e., ∆fi and ∆Ptie are amplified mixed and transformed
into a real power command signal ∆Pci which is sent to the prime mover to call for an increment
in the torque. The prime mover, therefore, brings change in the generator output by an amount
∆PGi which will change the values of ∆fi and ∆Ptie. The process continues till the deviation ∆fi
and ∆Ptie are well below the specified tolerances.
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Figure 20.5 shows the schematic diagram of a speed governing system which controls the real
power flow in the power system. The speed governing system consists of the following parts:
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1. Speed Governor: This is a fly-ball type of speed governor and constitutes the heart of
the system as it senses the change in speed or frequency. With the increase in speed the fly-
balls move outwards and the point B on linkage mechanism moves downwards and vice-versa.

2. Linkage Mechanism: ABC and CDE are the rigid links pivoted at B and D respectively.
The mechanism provides a movement to the control valve in the proportion to change in speed.
Link 4 (l4) provides a feedback from the steam valve movement.

3. Hydraulic Amplifier: This consists of the main piston and pilot value. Low power
level pilot valve movement is converted into high power level piston valve movement which is
necessary to open or close the steam valve against high pressure steam.

4. Speed Changer: The speed changer provides a steady state power output setting for
the turbine. The downward movement of the speed changer opens the upper pilot valve so that
more steam is admitted to the turbine under steady condition. The reverse happens when the
speed changer moves upward.

Model of Speed Governing System

We consider the steady state condition by assuming that the linkage mechanism is stationary,
pilot valve closed, steam valve opened by a definite magnitude, the turbine output balances
the generator output and the turbine or generator is running at a particular speed when the
frequency of the system is f 0, the generator output PG0 and let the steam valve setting
corresponding to these conditions be XE

0 (Fig. 20.5). We now proceed to obtain the linear model
of the system around these operating conditions.

Let the point A of the speed changer lower down by an amount ∆XA as a result the
commanded increase in power is ∆Pc then ∆XA = K1∆Pc. The movement of linkage point A
causes small position changes ∆Xc and ∆XD of the linkage points C and D. With the movement
of D upwards by ∆XD high pressure oil flows into the hydraulic amplifier from the top of the
main piston thereby the steam valve will move downwards a small distance ∆XE which results
in increased turbine torque and hence power increase ∆PG. This further results in increase in
speed and hence the frequency of generation. The increase in frequency ∆f causes the link
point B to move downward a small distance ∆XB proportional to ∆f. We assume that the
movements are positive if the points move downwards.

Since all the movements are small, we have the linear relationship.

Two factors contribute to the movement of C:

(i) Increase in frequency causes B to move by ∆XB when the frequency changes by ∆f as
then the fly-ball moves outward and B is lowered by ∆XB. Therefore, this contribution is positive
and is given by K1∆f.

(ii) The lowering of the speed changer by an amount ∆XA lifts the point C upwards by an
amount proportional to ∆XA, i.e., let this be K2′∆XA or K2∆Pc.

∴ ∆XC = K1∆f – K2∆Pc (20.1)

The positive constants K1 and K2 depend upon the length of the linkage arms AB and
BC and upon the proportional constants of the speed changer and the speed governor.

The movement of D is contributed by the movement of C and E. Since C and E move
downwards when D moves upwards, therefore,

∆XD = K3 ∆XC + K4 ∆XE (20.2)
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The positive constants K3 and K4 depend upon the length of the linkage CD and DE.

Assuming that the oil flow into the hydraulic cylinder is proportional to position ∆XD of
the pilot valve, the value of ∆XE is given by

∆XE = K5 −� ( )∆X dtD

t

0
(20.3)

The constant K5 depends upon the fluid pressure and the geometries of the orifice and
the cylinder.

Taking Laplace transform of equations (20.1–20.3), we obtain

∆XC(s) = K1 ∆F(s) – K2 ∆Pc(s) (20.4)

∆XD(s) = K3 ∆XC(s) + K4 ∆XE(s) (20.5)

∆XE(s) = −
K
s
5 ∆XD(s) (20.6)

Eliminating the variables ∆XC and ∆XD, we obtain

∆XE(s) = 
K K P s K K F s

K s K
c2 3 1 3

4 5

∆ ∆( ) ( )
/

−
+

 = 
K

sT
P s

R
F sG

G
c1

1
+

−�
��

�
��

∆ ∆( ) ( ) (20.7)

where R = 
K
K

2

1
 speed regulation of the governor.

KG = 
K K

K
2 3

4
 = gain of speed governor

TG = 
1

4 5K K
 = time constant of speed governor

+�PC

1/R

K
1 + sT

G

G �X (s)E

�F(s)

–

�����	
���4!�
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Turbine Model

The model requires a relation between changes in power output of the steam turbine to changes
in its steam valve opening ∆XE. We consider  here a non-reheat turbine with a single gain
factor KT and a single time constant TT and thus in the crudest model representation of the
turbine the transfer function is given as

GT(s) = 
∆

∆
P s
X s

K
sT

t

E

T

T

( )
( )

=
+1

(20.8)
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Typically the time constant TT lies in the range 0.2 to 2.0 sec. Fig. 20.7 shows the linearized
model of a non-reheat turbine controller including the speed governor mechanism.

+�P (s)C

1/R

K
1 + sT

G

G

�XE

�F(s)

–

K
1 + sT

T

T �P (s)t

�����	
� ����	�&���&#	
��	��� ����	���	��&� ����


�	��!�.�
��	��.��&� #�1�	��

Generator-load Model

The model gives relation between the change in frequency as a result of change in generation
when the load changes by a small amount. Let ∆PD be the change in load, as a result the
generation also swings by an amount ∆PG. The net power surplus at the bus bar is ∆PG – ∆PD
and this power will be absorbed by the system in two ways:

(i) By increasing the kinetic energy of the generator rotor at a rate 
dW
dt

, where W is the

new value of kinetic energy. Let W 0 be the K.E. before the change in load occurs when the
frequency is f 0 and let W be the K.E. when the frequency is f 0 + ∆f. Since the K.E. is proportional
to square of the speed of the generator, therefore, the two kinetic energies can be correlated as

W = W
f f

f
0

0

0

2
+�

	

�

�
∆

(20.9)

W = W 0 1
2

0+
�

	

�

�
∆f

f
(20.10)

neglecting the higher terms as 
∆f

f 0  is small.

∴    dW
dt

W
f

d
dt

f= 2 0

0 . . ( )∆ (20.11)

(ii) The load on the motors increases with increase in speed. The load on the system
being mostly motor load the rate of change of load with respect to frequency can be regarded as

nearly constant for small changes in frequency, i.e., D = 
∂
∂
P
f
D

, where D can be obtained empiri-

cally. Therefore, the net power surplus at the bus bar is given by

∆PG – ∆PD = 
2 0

0

W
f

d
dt

f D f( ) ...∆ ∆+ . (20.12)
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If H is the inertia constant of the generator in MW-sec/MVA and P is the rating in MVA,
then W0 = HP.

Rewriting the balance equation (20.12)

∆PG – ∆PD = 
2

0
HP

f

d
dt

f D f( ) ...∆ ∆+ . (20.13)

Dividing throughout by P we get

∆PG(p.u.) – ∆PD (p.u.) = 
2

0

H
f

s F s D s F s∆ ∆( ) ( ) ( )+

     = ∆F s
H

f
s D s( ) ( )

2
0 +

�

�
�

�

�
�

or         ∆F(s) = 
∆ ∆P s P s

H
f

s D s

G D( ) ( )

( )

−

+2
0

or        ∆F(s) = [∆PG(s) – ∆PD(s)]
K

sT
P

P1 +
(20.15)

where Tp = 
2

0

H
Df

 = power system time constant

and Kp = 
1
D

 = power system gain

The block diagram representing equation (20.15) is given in Fig. 20.8.

+�PG(s) K
1 + sT

P

P �F(s)

–

�P (s)D

�����	
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The complete block diagram representing the load frequency control of an isolated power
system is given in Fig. 20.9.

+�P (s)C K
1 + sT

G

G
�F(s)

–

K
1 + sT

T

T

K
1 + sT

P

P

+
–

�P (s)D

1/R
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�"� )��!��"� ������(��.�!��"�&��'#�	
(�
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The following are the reasons for keeping strict limits on the system frequency variations:

(i) The speed of a.c. motors are directly related to the frequency. Even though most of
the a.c. drives are not much affected for a frequency variation of even 50 ± 1.5 Hz but there are
certain applications where speed consistency must be of high order.

(ii) The electric clocks are driven by synchronous motors and the accuracy of these clocks
is not only a function of frequency error but is actually of the integral of this error.

(iii) If the normal frequency is 50 Hz and the turbines
are run at speeds corresponding to frequency less than 47.5
Hz or more than 52.5 Hz, the blades of the turbine are likely
to get damaged, hence a strict limit on frequency must be
adhered to as stalling of the generator will further aggra-
vate the problem if the system is operating at the lower limit
of frequency.

(iv) The under frequency operation of the power trans-
former is not desirable. For constant system voltage if the
frequency is below the normal value the flux in the core in-
creases. Since we design these transformers corresponding
to the ‘knee point’ on the B-H curve (B) a small increase in B drives the transformer into
saturation region (B′).

As a result the magnetising current even exceeds the normal full load current. The
sustained under frequency operation of the power transformer results not only in low efficiency
but it may even damage the transformer winding due to overheating. The problem is further
aggravated by the fact that to transmit one MW of power from generating station to the consumer
end 4 MW equivalent capacity transformers are installed. Hence a strict limit on the frequency
operation of power system is desirable.

(v) The system operation at subnormal frequency and voltage leads to loss of revenue
to the suppliers due to accompanying reduction in load demand.

(vi) The most serious effect of subnormal frequency is on the operation of thermal power
plants. With reduced frequency the blast by ID and the FD fans decreases, as a result of which
the generation also decreases and thus it becomes a cumulative action and may result in
complete shut-down of the plant if corrective measures like load shedding is not resorted to.
Load shedding is done with the help of under frequency relay which automatically disconnects
blocks of loads. The setting of the under frequency relays is so adjusted that the least important
load is disconnected at a relatively higher frequency and vice versa.

(vii) The overall operation of power system can be better controlled if a strict limit on
frequency deviation is maintained. The frequency is closely related to the real power balance
in the overall network. Under normal operating conditions the generators run synchronously
and the generated power equals the load demand plus the losses at any instant of time. When
a generator is connected to the grid, its speed gets locked to the grid system. Now if we want to
control the real power output from this generator, we must control the torque from ‘its’

�����	
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primemover. By opening the steam valve and thus increasing the steam pressure on the turbine
blade, greater torque can be applied to the generator thereby tending to accelerate the generator.
However, its speed is tied to the grid and hence the motor advances its torque angle by few
degrees depending upon the load increase requirements. This results in increased delivered
current and power. The increased current thus develops a decelerating torque within the
machine which exactly balances the increase in accelerating torque. Unfortunately the
counterbalancing  electromagnetic torque is not developed instantly. The duration for which
the unbalance exists depends upon the change in load and the total inertia of the system. If the
change in load is small as compared to the total inertia of the system, the frequency remains
almost constant throughout the operation of the system. However the load fluctuations are
entirely random and also are the operating conditions of the system network and hence it is
impossible to obtain a perfect instant by instant match between generation and the load. There
will always be a surplus or deficiency in the generation and hence this ever present mismatch
will cause frequency fluctuation.

Suppose initially there is perfect matching between the power generated and the load
demand and say the system frequency is 50 Hz. Let the system load decrease by some amount.
The prime mover does not respond to the load change instantly as it is ignorant of the load
change. The decrease in load results in decrease in current supplied by the generators which
results in decrease in electromechanical torques in all the generators. Every generator would
thus experience a small surplus accelerating torque which results in increase in speed of
generators and thus the increase in frequency. All the motors which are fed by the network
would experience increase in speed and thus their torques would increase. As the torque
developed by the motors increases the power drawn by the motors from the network increases.
If the prime-mover remains ineffective during this period, the frequency would level off at a
new higher value.

In a single area uncontrolled system whenever a load increase takes place it is taken
care of by the system in the following three ways:

(i) ‘Borrowed’ kinetic energy from the rotating machines of the system i.e., initially the
increase in load is supplied from the stored energy of the synchronous generators, as
a result the speed of the machine goes down and the system frequency decreases.

(ii) ‘Released’ customer load i.e., the reduction in the effective ‘old’ load. Since the frequency
of the system decreases, the speed of the various motors decreases and hence the
effective ‘old load’ decreases. Thus allowing the already available generation to partly
meet the load demand.

(iii) Increased generation: The reduction in system frequency actuates the speed governing
system of the generating units which then increases the input to the prime movers
causing increased generation which subsequently arrests a further drop in frequency.
The units behave coherently, maintaining thereby equal frequency deviations among
them.

Initially corresponding to synchronous speed the last two components are zero and as
the speed decreases, they contribute to the increased generations. However, it is to be noted
that the contribution due to the last two factor is very small and the major contribution is due
to the increased generation due to governor action.
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In case the load is decreased the sequence of behaviour will be reversed i.e., the frequency
will increase and thereby the effective load will increase which then is decreased by the governor
action.

The energy stored in a machine can be given as W0 = Kf0
2, where f0 is the nominal

frequency. Say the load is increased as a result the frequency decreases. Say the new energy of
the rotating system is

W = Kf 2 such that

  f = f0 + ∆f

Now         
dW
df

 = 2kf

or    dW = 2kf df

    = 
2 0

0
2 0

W

f
f f f( )+ ∆ ∆

dW ≅ 
2

0
0

∆f
f

W

Dividing by the capacity of the machine

  
dW
P

f
f

W
P

=
2

0

0∆
.  = 

2

0

∆f
f

H

Here H is the inertia constant of the machine and its units are kW-sec/kVA or it is in
secs. Suppose a system has a capacity of 200 MW and assuming H = 4 sec. the stored energy
will be 800 MJ. Also, let the load be changed suddenly by 4 MW.

Then
4 4
200

2
50

× = ∆f
 × 4

  
16

200
2
50

= ∆f
 × 4

       ∆f = 0.5 Hz

While studying load frequency control, the system voltage in assumed to be constant. A
change in the load with change in frequency is given by

∆PD = 
dP

f
fD

∂
∆  = D∆f

where D = 
dP
df

D  and is known as the damping constant due to the frequency and has the unit

MW per Hz. It is also known as frequency coefficient of load and characterises the frequency
characteristic of the load. It is usually expressed in per cent of connected load per 0.1 Hz and
the typical values lie between 0.3 to 0.5% per 0.1 Hz.

The percentage speed variation from no load to full load is about 3 to 6% for the generators.
Since the frequency and speed are directly related, the frequency variation also will be within
3 to 6%. If the frequency variation is 4% for 50 Hz system, there will be a drop of 2 Hz in
frequency on full load. If the generation is increased by ∆PG due to frequency drop of ∆f,

∆PG = 
dP
df

f R fG × = ×∆ ∆ .
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or R = 
∆

∆
f

PG
 Hz/MW

Two different controls are carried out on the governor characteristics. The parameter R
is adjusted during off-line condition of the unit to ensure its proper coordination with the other
units. The second control shifts the straight line characteristic parallel to itself to change the
load distribution among the generators connected in parallel as well as to maintain the system
frequency. The second control also known as supplementary control is explained as follows:
Refer to Fig. 20.10 where the governor characteristics of two units are shown. Suppose initially
the total load is P and it is so shared by the two units that P = P1 + P2 and the frequency is fn.
Now if the load is increased to P ′, the frequency falls to fn′ as the units can increase their
output by giving away some of its kinetic energy i.e., by reducing the speed. In order to restore
the system frequency, characteristic of both the units (as shown in Fig. 20.10) or one of the two
units can be raised as shown by the dotted lines so that the total load P ′ is shared by both the
units keeping the system frequency to fn. The power supplied here is P ′ = P1′ + P2′. The raising
(in case of increased load) or lowering of governor characteristic is carried out with a device
known as speed changer which is operated either manually or by a servometer.

P1�P2�

P2 P1

P

P

f

2� 1�

2�

1�

2

1
fn�

fn

P�

�����	
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The system performance in terms of how the change in power affects the change in
frequency is evaluated through what is known as area frequency response characteristic (AFRC).
Its unit is p.u. MW/Hz. It gives the combined effects of the frequency characteristic of the load
of the area and the inherent governing system of the area. This can be determined by measuring
the change in frequency as a result of tripping out some load of the area. This depends upon
the level of area load and the spinning capacity. AFRC is expressed in per cent of the area
spinning capacity and its typical values lie in the range 1–4% per 0.1 Hz.

It is to be noted that if frequency of two areas is to be controlled, the static frequency
drop is just one-half of that of the isolated operation of two systems. Also, if there is change in
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load in any area, half of it will be shared by the other area. It is found that if a load changes in
an area, the frequency and interchange errors in that area have the same sign while these
have opposite signs for the other area. Thus the relative signs of the frequency and interchange
deviations help to identify the area where the load has changed.

Example 20.1: Two generating stations A and B have full load capacities of 200 MW
and 75 MW respectively. The interconnector connecting the two stations has an induction
motor/synchronous generator (plant C) of full load capacity 25 MW. Percentage changes of
speeds of A, B and C are 5, 4 and 3 respectively. The loads on bus bars A and B are 75 MW and
30 MW respectively. Determine the load taken by the set C and indicate the direction in which
the energy is flowing.

Solution: Refer to Fig. E.20.1 for the system.

A

200 MW

B

75 MW

x
C

�������	
��

Assume that xMW flows from A to B.

∴ Load on station A = (75 + x)

∴    % drop in speed = 
5

200
75( )+ x

Load on station B = (30 – x)

∴   % drop in speed = (30 – x)
4

75
Since the output of A corresponding to the power flow through the inter-connector is the

input to C, therefore, there is further reduction in frequency, which is given approximately by

3
25

x
. The total reduction in frequency both from A and C and the reduction in frequency from B

when referred to bus B, should be same

∴
5

200
(75 + x) + 

3
25

x
 = (30 – x)

4
75

     1.875 + 0.025x + 0.12x = 1.6 – 0.0533x

 x = – 1.38 MW

which means that the power of magnitude 1.38 MW will be from B to A.

Example 20.2: Two turboalternators rated for 110 MW and 210 MW have governor
drop characteristics of 5 per cent from no load to full load. They are connected in parallel to
share a load of 250 MW. Determine the load shared by each machine assuming free governor
action.

www.EngineeringBooksPdf.com



���������������������� �00

Solution: Since the two machines are working in parallel the per cent drop in frequency
from both the machines due to different loadings must be same. Let x be the power supplied by
110 MW unit.

The per cent drop in speed = 
5
110

x
. Similarly per cent drop in speed of 210 MW unit will

be 
5

210
(250 – x).

∴
5
110

x
 = 

5
210

250
x

x( )−

or   
x

11
 = 

250
21

− x

or       x = 85.93 MW

∴ Power shared by 210 MW unit will be 250 – 85.93 = 164.07 MW

Power supplied by 110 MW unit = 85.93 MW

Power supplied by 210 MW unit = 164.07 MW. Ans.

Example 20.3: A 100 MVA 50 Hz turboalternator operates at no load at 3000 r.p.m. A
load of 25 MW is suddenly applied to the machine and the steam valves to the turbine commence
to open after 0.6 secs due to the time-lag in the governor system. Assuming inertia constant H
of 4.5 kW-sec per kVA of generator capacity, calculate the frequency to which the generated
voltage drops before the steam flow commences to increase to meet the new load.

Solution: By definition H = 
Stored energy

Capacity of machine
∴ The energy stored at no load = 4.5 × 100 = 450 MJ

Before the steam valves open the energy lost by the rotor = 25 × 0.6 = 15 MJ

As a result of this there is reduction in speed of the rotor and, therefore, reduction in
frequency.

From equation (20.9) the new frequency will be

fnew = 450 15
450

−
× 50 Hz = 49.16 Hz. Ans.

�������

20.1. Two generators rated at 120 MW and 250 MW are operating in parallel. The governor settings
on the machines are such that they have 4 per cent and 3 per cent drops. Determine (i) the load
taken by each machine for a total load of 200 MW (ii) the percentage adjustment in the no load
speed to be made by the speeder motor if the machines are to share the load equally.

20.2. An interconnector with inductive reactance of 25 ohm and negligible resistance has two units of
generations with voltages of 33 kV and 30 kV at its ends. A load of 6 MW is to be transferred from
33 kV to 30 kV side of the interconnector. Determine the power factor of the power transmitted
and other necessary conditions between the two ends.
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20.3. Two generating stations A and B have full load capacities of 500 MW and 210 MW respectively.
The interconnector connecting the two stations has a motor-generator set (plant-C) near station
A of full load capacity 50 MW. Percentage changes of speeds of A, B and C are 5, 4 and 2.5
respectively. The loads on bus bars A and B are 250 MW and 100 MW respectively. Determine
the load taken by set C and indicate the direction in which the energy is flowing.

20.4. A 210 MVA, 50 Hz turboalternator operates at no load at 3000 r.p.m. A load of 75 MW is sud-
denly applied to the machine and the steam valves to the turbine commence to open after 1 sec
due to the time lag in the governor system. Assuming inertia constant H of 5 kW-sec per kVA of
generator capacity, calculate the frequency to which the generated voltage drops before the steam
flow commences to increase to meet the new load.

20.5. Two generating stations A and B are of capacities 20 MW and 10 MW and speed regulation of 2%
and 3% respectively. The two stations are connected through an interconnector and a motor-
generator set. The set is connected to bus bars of A and has a capacity of 3 MW and full load slip
of 4%. Determine the load on the interconnector when there is a load of 8 MW on B bus bars due
to its own consumer but A has no external load.

����������
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A power system is expected to operate under widely varying conditions from no load to
overloading to short-circuits and it is desired that the quality of supply should be maintained
under all conditions i.e., the constancy of voltage magnitude and frequency of system should
be maintained. Also, it is desirable to maintain the three phase currents and voltages as balanced
as possible so that undue heating of various rotating machines due to unbalancing could be
avoided.

Good quality power supply also requires distortion loss voltage and current waveform of
the a.c. system. These waveforms get distorted due to the presence of non-linear loads viz.,
adjusted speed drives, furnaces, HVDC converters and inverters, chemical processes such as
electroplating power supplies, heating and welding, the use of digital computers and other
digital control devices etc. The waveform can be made sinusoidal by the use of hybrid filters
(passive and active filters).

We study here some of the characteristics of power systems and their loads which can
deteriorate the quality of supply and then we identify those which can be corrected by
compensation that is by generation or absorption of a suitable quantity of reactive power.
There are mainly two types of compensations carried out (i) Load Compensation; (ii) Line
Compensation.

	
�
 ���������������

Load compensation is the management of reactive power to improve the quality of supply
especially the voltage and p.f. levels. Here the reactive power is adjusted with respect to an
individual load and the compensating device is connected to the load itself. There are three
main objectives in Load Compensation:

(i) Better voltage profile (ii) p.f. correction (iii) Load balancing.

���
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The voltage profile must remain within ± 5% of the rated value for better and efficient
operation of various electrical equipments. We know voltage variation is due to imbalance in
the generation and consumption of reactive power in the system. If the generated reactive
power is more than what is being consumed, voltage levels go up and vice versa. However, if
the two are equal the voltage profile becomes flat. Unfortunately, the reactive power in a
system keeps on varying and hence if the reactive power generation is also simultaneously
controlled, a more or less near flat voltage profile could be maintained.

1. One of the obvious methods would be to have the system of large strength i.e., it
interconnects large size machines and a large number of lines so that the effective impedance
as seen from any point into the network is negligibly small and hence the voltage profile could
be improved. However, this would result in high fault levels and would require switchgears of
relatively large capacity and hence is uneconomical from view point of improving voltage profile.
In fact, the network should be designed based on active power transfer capability and the
reactive power should be met locally by installing shunt compensating elements (capacitor
and inductors). It is to be noted that these elements do not contribute to the fault level and yet
provide and maintain proper balance between the generated and consumed reactive power.

2. It is desirable both economically and technically to operate the system at near unity
p.f. Usually p.f. correction means to generate reactive power as close as possible to the load
which requires it rather than generate it at a distance and transmit it to the load, as this
results not only in large conductor size but also in increased losses. In fact, in order to operate
the system at near unity p.f., some of the electric utilities impose certain penalty on account of
operating loads at low p.f.

3. A very important concept of load compensation is load balancing. It is desirable to
operate the three phase system under balanced condition as unbalanced operation results in
flow of negative sequence current in the system and is highly dangerous especially for the
rotating machines.

An ideal load compensator would perform the following functions: (i) It would provide
controllable and variable reactive power almost instantaneously as required by the load; (ii) It
should operate independently in all the three phases; and (iii) It would maintain constant
voltage at its terminals.

Typical loads which require compensation are as follows: arc furnaces, induction furnaces,
steel rolling mills, very large induction motors, arc welders, induction welders etc. These loads
can be further classified as non-linear and those which cause disturbance by being switched on
and off. The non-linear loads such as arc furnace generate harmonics in the system and hence
arc furnace compensators usually have harmonic filters to filter out these harmonics, so that
the voltage remains mostly of fundamental frequency. It is to be noted that synchronous motors
as loads improve the voltage profile and p.f. of the system as this can be operated as a
synchronous capacitor.

It is well known that the approximate p.u. voltage regulation for a series impedance
carrying a load current I is given as

∆V = 
IR
V

IX
V

cos sinφ φ± (21.1)

where φ is the p.f. angle of the load and V is the load voltage. Here positive sign is for inductive
load and –ve sign for the capacitive load. The load can be made capacitive effectively by
connecting a capacitance across an otherwise inductive load. With this the value of capacitance
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can be so adjusted that 
IR
V

 cos φ can be made equal to 
IX
V

 sin φ and thus change in load voltage

∆V can be made equal to zero. Therefore, a purely reactive compensator can eliminate supply
voltage variations caused by changes in both the real and the reactive power of the load. Also,
it is clear from the above expression that with a reactive compensator it is not possible to
achieve simultaneously both the unity p.f. and zero voltage regulation.

An alternative way of studying voltage regulation is through the use of short circuit
capacity of the bus, X : R of the system, the active and reactive load powers. The voltage drop
across the series impedance is given as

∆V = (R + jX) 
P jQ

V
−�

��
�
��

     = 
RP XQ

V
j

XP RQ
V

+ + −
 = ∆Vr + j∆Vx (21.2)

If a 3-phase short circuit is created at the load bus, the short circuit apparent power

Ssc = EIsc 
E
Zsc

2

where Zsc = R + jX and Isc is the short circuit current.

Now R = | Z | cos φsc   X = | Z | sin φsc

   = 
E
Ssc

2

 cos φsc = 
E
Ssc

2

 sin φsc

Substituting for R, and X and letting E ≅ V, we have

   ∆V = 
V

S
P Q j

V
S

P Q
sc

sc sc
sc

sc sc( cos sin ) ( sin cos )φ φ φ φ+ + − (21.3)

or
∆V
V

 = 
1 1

S
P Q j

S
P Q

sc
sc sc

sc
sc sc( cos sin ) ( sin cos )φ φ φ φ+ + − (21.4)

       = 
∆ ∆V
V

j
V
V

r x+

Usually ∆Vx is ignored as this does not affect the voltage magnitude much, rather this
gives phase shift to the voltage.

Therefore,
∆V
V S

r

sc
= 1

 (P cos φsc + Q sin φsc) (21.5)

The above equations are not only valid for any value of P and Q but these are also valid
for small changes in P and Q i.e.,

∆V
V S

r

sc
= 1

 (∆P cos φsc + ∆Q sin φsc) (21.6)

Normally the real power flow does not affect much the voltage of bus and, therefore,

∆ ∆V
V

Q
S

r

sc
≅  sin φsc (21.7)
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and since φsc = tan–1 
X
R

 and the ratio 
X
R

 is usually more than 4, therefore sin φsc ≅ 1, and,

therefore,

∆ ∆ ∆V
V

Q
S

Q
S

r

sc
sc

sc
≅ ≅sin φ (21.8)

This means the per unit change in voltage equals the ratio of change in reactive power
to the short circuit capacity of the bus.

Example: A load of 30 MW, 45 MVAR is connected to a line where X to R ratio is 5 and
the short circuit capacity of the load bus is 250 MVA. The supply voltage is 11 kV and the load
is star connected. Determine the load bus voltage.

Solution: The load per phase is (10 + j15) MVA and SCC. 
250

3
 MVA, voltage L – N =

11

3
 kV.

The equivalent short circuit impedance 
( / )

/
11 3
250 3

2

    = 
121
250

 = 0.484 Ω

φsc = tan–1 5 = 78.69°

∴  R = 0.0949 and X = 0.4746 Ω

     
11

3

2
�
��
�
��

 = V
P
V

R V
Q
V

Xcos sinφ φ+�
��

�
��

+ +�
��

�
��

2 2

= V
V

V
V

× +
×

×
�

��
�

��
+ × +

×
×

×
�

��
�

��
0 5547

10 10
0 0949 0 832

15 10
10

0 4746
6 2 6

3

2

. . . .

     
121
3

 = 0 5547
10

0 0949 0 832
15 0 47462 2

. . .
.

V
V

V
V

+ ×�
��

�
��

+ + ×�
��

�
��

= 0 5547
0 949

0 832
7 1192 2

.
.

.
.

V
V

V
V

+�
��

�
��

+ +�
��

�
��

40.33 V 2 = (0.5547 V 2 + 0.949)2 + (0.832 V 2 + 7.119)2

40.33 V 2 = 0.3077 V 4 + 0.9 + 1.053 V 2 + 0.69 V 4 + 50.68 + 11.846 V 2

or 0.9977 V4 – 27.43 V 2 + 51.59 = 0

  V4 – 27.5 V 2 + 51.7 = 0

V 2 = 
27 5 756 25 206 32

2
. . .± −

 = 
27 5 23 45

2
. .+

 = 25.47

or  V = 5.047 kV

The drop in volts is 6.350 – 5.047 = 1.303 kV

∴ pu drop 0.2583.
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Now using the expression

 
∆V
V

 = 
1 1

S
P Q j

S
P Q

sc
sc sc

sc
sc sc( cos sin ) ( sin cos )φ φ φ φ+ + −

= 
1

250
30 0 196 45 0 98

1
250

( . . )× + × + j  (30 × 0.98 – 45 × 0.196)

= 
1

250
 {(5.88 + 44) + j(29.4 – 8.82)}

= 
1

250
 (49.88 + j 20.58)

= 
53 96
250

.
 = 0.2158

The difference in the two values, one obtained through the exact calculation and the
other through approximate calculation, is because of the fact that E ≠ V. In fact, the real
problem lies in the amount of power being transmitted. For 11 kV system, it is not desirable to
transmit such a large amount of power. Also X : R assumed as 5 is high and is not true in actual
system designs. Overloading of the system results in larger voltage sags which leads to lower
power transfer capability of the system and hence lower margin for stable operation of the
system.

Stability and voltage levels of the system are the basic requirements of power system.
By stability is meant the tendency of the power system to continue to operate in the desired
mode (voltage and frequency to remain within desired limits) even when the system is subjected
to a fault, sudden change of load or any other external condition which may have tendency to
make the system unstable. Like any other system, it is the inherent property of the system and
is a measure of developing restoring forces within the system so as to counter the disturbing
forces e.g., short circuits or increase in loads etc. During disturbances there is exchange of
power or energy amongst various components of power system. Various synchronous machines
can run and deliver or absorb energy only at synchronous speeds (under normal operation) or
around synchronous speed (during a short time of disturbance). Transmission line is one of the
most important components of power system through which exchange of energy takes place
amongst various synchronous machines.

Like any other physical system, the stable or unstable operation of power system depends
mainly on two factors (i) initial operating condition (ii) the level of perturbation i.e., small
perturbation or large perturbation i.e., a small increase in load or a large increase in load or a
short circuit.

It is possible (even though not desirable) that in a particular operating condition all the
equipments are at their maximum limits and even a small perturbation might lead to unstable
operation of the system. On the other hand there could be another initial operating condition
for which even a large perturbation of specific amount might retain the system in stable
operating condition. Therefore, larger the margin between the initial operating condition and
the limiting operating condition of the system, the greater are the chances of the system to
operate under stable operating condition for a specific disturbance.
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As mentioned earlier, the exchange of energy amongst various synchronous machines
takes place through transmission lines. One of the limitations of the line is that for a given
length of the line the stability tends to become less as the initial transmitted power is increased.
That is, if the initial transmission angle δ is large the smaller is the stability margin. This is
why normally the transmission lines are loaded equivalent to 30° angle. A still smaller angle
of transmission is desirable from stability point of view but it will be under utilisation of the
power transfer capability of the line. The capital investment in transmission lines is very large
these days and these should be used optimally.

As the power transfer through the line is increased a limit is reached when an attempt
to increase power results actually reduction in power. Thus the two synchronous machines at
the two ends of the line would lose synchronism. This limit of power transfer is known as
steady state stability limit because it is the maximum steady power that can be transferred
stably. The steady state stability limit of a  link can be increased by increasing the excitation
level of the synchronous machines at the two ends, by interconnecting another line between
the two ends, by the use of series capacitors etc.

A transmission line has three critical loadings (i) Natural loading; (ii) Steady state
stability limit; (iii) Thermal limit loading. Out of the three for a compensated line, the Natural
Loading is the lowest and before thermal limit loading is reached, steady state stability limit is
achieved.

	
�	 �����������������������������������

In order to have proper understanding of the power transfer capability of the lines which is
affected by voltage levels and line length, a useful concept of line loadability is defined as the
degree of line loading permissible expressed in per cent of SIL for a given thermal or voltage
drop or S.S. stability limits. This concept was first introduced by St. Clair who developed
transmission power transfer capability curves for voltages up to 330 kV and line lengths up to
640 kms. These curves have been useful to power system engineers for quickly estimating the
maximum line loading limits.
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Figure 21.1 shows the universal loadability curve for uncompensated lines applicable to
all voltage levels. The curve shows the limiting values of power that can be transmitted as a
function of line length. The curve has been drawn taking into account the maximum allowable
voltage drop along the line to be 5% and that the minimum allowable steady state stability
margin is 30% for which the load angle is about 44°.

Since the ratio X/R for extra high and ultra high voltages is very high (more than 20),
the resistance of these lines is negligible as compared to its reactance and these lines could be
considered as lossless lines. Therefore, the parameter β is same for all such lines and, therefore,
the loadability expressed in per unit of SIL is universally applicable to lines of all voltage
classes. It can be seen from the figure that lines longer than 480 km. have their loadability less
than SIL and, therefore, their loadability can be improved by compensating the lines.

From the Fig. 21.1 it is clear that for short length line the steady state limit loading will
be greater than the thermal loading and hence the loadability is determined by the thermal
loading rather than steady state stability loading.

For medium length uncompensated lines voltage levels are the considerations for line
loadings and for long length uncompensated lines steady state stability limit loading is the
consideration as  the loading is even less than the surge impedance loading.

As mentioned here, it is not desirable to operate transmission lines close to its steady
state stability limit and a margin in the power transfer should be allowed to take care of any
sudden changes in the system. In determining an appropriate margin, the concepts of dynamic
and transient stability are useful. A system is said to be dynamically stable if it recovers its
normal operation after it is subjected to a small perturbation. The degree of dynamic stability
is expressed in terms of the rate of damping of transient component of voltages, currents and
the load angles of the synchronous machines. The rate of damping is of main consideration
and, therefore, small perturbation theory and eigen value analysis is normally used to study
dynamic stability limits of the system.

The analysis of the system under large perturbation is known as transient state stability
analysis. If a system recovers to its normal operating condition after being subjected to a large
perturbation such as failure of a major component of the system (failure of a large generator,
an important tie-line or a power transformer), the system is said to have achieved transient
stability. The transient stability limit of a system is the maximum amount of power that can
be transmitted prior to occurrance of the disturbance and still the system recovers to its normal
operating condition after the disturbance. Therefore, it can be concluded that whereas the
steady-state stability limit of  a system is a fixed value for a particular system, the transient
stability limit will have different values for different perturbations. For further understanding
of the subject the reader is requested to refer to Chapter 17 of this book.

The second basic requirement in a.c. power transmission is to have proper voltage levels.
An undervoltage operation results in heavy loading, reduction in steady state stability limit of
the system, degradation in the performance of induction motors which forms almost 70% of
the total load on the system.
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A power transformer is normally operated at the knee-point of its B-H curve due to
economic reasons. If some how the system voltage increases due to Ferranti effect or due to
rejection of load the transformer operates along the saturation region of the B-H curve where
the inductance offered by the winding decreases and keeps on changing depending upon the
dynamic behaviour of increase of system voltage. Saturation of transformers subjected to over
voltages can produce high currents rich in harmonics and in the presence of sufficient
capacitance, there is risk of phenomenon of resonance taking place which may result in further
increase in system voltages which may prove disastrous for the system insulation. This is
known as Ferro-resonance as it is due to the non-linear behaviour of the iron core of the
transformer. In such a situation it may be necessary to disconnect shunt capacitors very quickly
to reduce the chances of occurrences of Ferro-resonance. Over voltage may also result in flash
over and/or puncture of the insulation of the system. A small over voltage if allowed to exist on
the system for a long time may not puncture the insulation but it would certainly shorten the
useful life of insulation of the system.

Some compensating devices are used to achieve the above mentioned basic requirements
in a.c. transmission. Before we do that some characteristics of uncompensated lines will be
studied. In order to maintain continuity in the subject, there may be some repetition from
Chapter 4 of the book.
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The basic equation describing a transmission line is given as

∂
∂

2

2
V

x
 = γ2V (21.9)

∂
∂

2

2
I

x
 = γ2I (21.10)

and
∂
∂
V
x

 = Iz (21.11)

where    γ2 = (r + jωL) (g + jωC)

and     z = (r + jωL), y = (g + jωC)

where x is the distance from the sending end. If l is the length of the line, the solution of the
above equation for a lossless line i.e.,

    r = 0 and g = 0
V(x) = Vr cos(l – x) β + jZcIr sin β(l – x) (21.12)

where β is the phase constant i.e.,
    γ  = α + jβ and for a lossless system
    α = 0

Since   γ2 = (r + jωL) (g + jωC) = – ω2 LC
    γ = jβ

where β = ω LC
f

v
= =2 2π π

λ
using equations (21.11) and (21.12) we get

I(x) = Ir cos β(l – x) + j 
V
Z

r

c
 sin β(l – x) (21.13)
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β is also known as wave number i.e., the number of complete waves per unit of line
length.

At 50 Hz the wave length λ = 
3 10

50

8×
 = 6000 kms and β can be expressed as one wave

length per 6000 kms i.e., 360° per 6000 kms or = 
360
6000

 = 0.06° per km or 1.0466 × 10–3 rad per

km. The quantity βl is the electrical length in radians.
Zc in equation (21.13) is known as the surge impedance or natural impedance. Its value

depends upon the line design. Its value decreases with increase in operating voltage. Also with
vertical configuration, the surge impedance is lower as compared to horizontal or delta
configuration of the conductors. The usual value of Zc lies in the range 200 to 400 ohms. Table
21.1 gives various parameters of lines operating at different voltages.

Table 21.1 Line parameters of typical EHV-UHV overhead lines

345 kV 500 kV 765 kV 1100 kV 1500 kV

Characteristics Hori. Delta Hori. Delta Hori. Delta Hori. Delta Horizontal

r Ω/km 0.04 0.04 0.0016 0.001 0.001 0.001 0.0005 0.0005 0.00045

Xl Ω/km 0.30 0.30 0.30 0.27 0.27 0.27 0.25 0.25 0.25

ωC µS/km 3.8 3.8 3.8 4.3 4.1 4.1 4.66 4.66 4.9

Charging 0.45 0.45 0.9 1.08 2.5 2.5 5.8 5.8 10.8

MVA/km

β(rad/km × 10–3) 1.05 1.05 1.05 1.05 1.05 1.05 1.05 1.05 1.05

Zc in ohm 285 283 287 247 258 257 232 231 225

SIL (MW) 417 420 870 1010 2270 2280 5220 5250 10000

Line current at SIL 700 700 1000 1170 1710 1720 2740 2750 3850

The surge impedance of a line is defined as the apparent impedance of an infinitely long
line and is given by the ratio of voltage to the current at any point along it. Now an infinite line
can be simulated by terminating any line by its surge impedance. In that case Vr = IrZc and the
apparent impedance of the line at any point is

     Z(x) = 
V x
I x

V l x jI Z l x

I l x j
V
Z

l x

r r c

r
r

c

( )
( )

cos ( ) sin ( )

cos ( ) sin ( )
= − + −

− + −

β β

β β

= 
I Z l x j l x
I l x j l x
r c

r

[cos( ) sin ( )]
[cos ( ) sin ( )]

− + −
− + −

β β
β β

 = Zc (21.14)

It can be seen that when the line is terminated through Zc, the voltage and current
magnitude remain same all along the length. Therefore, the line is said to have flat voltage
profile. The voltages at the two ends are of equal magnitude but displaced in phase by β0, the
sending end voltage leading the receiving end voltage. For a 450 kms long line at 50 Hz the
angle is 0.06 × 450 = 27°.
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From equation (21.14) it is clear that the ratio of 
V
I

 everywhere is a real number Zc and

therefore, voltage and current are in phase at all points of the line i.e., power factor is unity at
all points. This also means that at every point of the line, the reactive power generated equals
the reactive power absorbed. Therefore, whereas the natural active power loading of the line is
given by V 2/Zc the natural reactive power loading is zero.

One of the major advantages of operating the line corresponding to natural loading is
that because of flat voltage profile, the insulation all along the line is uniformly stressed.

Suppose the line is open circuited at the receiving end i.e., Ir = 0. Therefore,

V(x) = Vr cos β(l – x) (21.15)

and  I(x) = j 
V
Z

r

c
  sin β(l – x) (21.16)

At     x = 0,V(x) = Vs and I(x) = Is

∴   Vs  = Vr cos βl (21.17)

and     Is = j 
V
Z

r

c
 sin βl

       = j 
V
Z

s

c
 tan βl (21.18)

Suppose the length of the line is 100 km cos (0.06 × 100) = cos 6° ≅ 1.0 and therefore no
Ferranti effect is experienced whereas for say 300 km cos (0.06 × 300) = cos 18° = 0.95.

i.e., 
V
V

r

s
 = 1.05 a rise of 5% of voltage at the receiving end. This could be tolerated. However, if

the length is 800 km cos 48° = 0.66, and 
V
V

r

s
 = 1.494 a rise of 49.4% in the receiving end voltage

as compared to the sending end voltage. Such a high rise in receiving end voltage is unaccept-
able and some suitable compensating devices must be used to avoid this situation.

In actual practice the receiving end voltage rises more than what is calculated above as
the sending end voltage will increase with the increase in charging current due to rise in open
circuit voltage at the sending end generator.

From equation 21.18 under no load condition the sending end current (charging current)
is Is = jIc sin βl and for 300 km long line it will be Is = j 1.05 Ic sin 18° = j 0.324 Ic and this will
lead the sending end voltage by 90°. Here 1.05 is used, as the receiving end voltage under no
load condition will be 1.05 times that under natural loading condition assuming sending end
voltage as 1.0 p.u. every time.

When a line is to be energized, the generator has to supply leading vars to the line and
the reactive power is given by

Qs = Im(VsIs*) (21.19)

Using value of Is from equation (21.18), we have Qs  = – Pc tan βl (21.20)

For 300 km long line
Qs = – Pc tan 18° = – 0.325 Pc
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i.e., the generator should be able to supply so much of leading vars or absorb lagging vars.
Under-excited operation of the generator below a certain minimum excitation is not desirable
for two reasons.

(i) Lower excitation results in reduced internal e.m.f. of the generator and hence re-
duced stability limits.

(ii) Lower excitation increases heating of the ends of the stator core.

Therefore, it is the under-excited operation of the alternator rather than voltage rise
due to Ferranti effect that stringent limit is imposed on the length of uncompensated lines.
Suppose the rating of alternators is P and their maximum reactive power absorption is Q i.e.,

the equivalent power factor of the alternators is cos tan−�
��

�
��

1 Q
P  leading. Say this p.f. for a typical

system is 0.95 lead, therefore Q = 0.3286 P and if the loading of the generators equals the
surge impedance loading of the line, then P = Pc and using equation 21.20, we have

0.3286 P = – P tan βl

or length of the line will be 
18 19
0 06

.
.

 = 303 km. i.e., 303 km is the maximum length of transmission

which can be energised by these generators under these conditions or if the p.f. of the alternators
remains 0.95 and the length of the line is known to be say 400 kms, then the total generator
capacity should be

 0.3286 P = Pc tan (0.06 × 400)

P = 1.35 Pc

That is to charge the line 35% extra generating capacity would be required which is not
desirable and hence instead this situation can be met by having the same generator capacity
p = Pc but using shunt reactors at the end of the line or at intermediate points of the line
during charging.
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A symmetrical line is one with identical synchronous machines at both the ends and |Vs| =
|Vr| and under no load condition these are in phase also indicating that there is no transfer of
power (no load condition) otherwise Vs shall lead Vr, phase lead depending upon the loading.
With regard to such a line following observations are made:

(i) If the loading is less than the surge impedance loading of the line, the mid-point
voltage is higher than the terminal voltage as there is a net of excess reactive power generated
by the line.

(ii) However, if the loading is greater than the SIL of the line, due to deficit reactive
power on the line the mid-point voltage is lower than the terminal voltages.

(iii) If the loading equals SIL of the line, the line has flat voltage profile. The corrective
measures in cases (i) and (ii) above can be taken up by connecting suitable compensating
network at suitable locations.
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Assuming the line to be lossless, let us analyse the system when a load of PL + jQL is
connected. Using equation (21.12) the voltages at the two ends can be correlated as

Vs = Vr cos βl + jZc 
P jQ

V
L L

r

−
 sin βl (21.21)

The above equation holds good irrespective of whether the load is synchronous or
asynchronous. Let us assume that the load is synchronous and taking Vr as reference, say Vs
leads Vr by an angle δ known as load angle. Therefore,

  Vs = |Vs| (cos δ + j sin δ) (21.22)

Substituting for Vs in (21.21), we have

   |Vs| [cos δ + j sin δ] = Vr cos βl + jZc 
P jQ

V
L L

r

−
 sin βl

= Vr cos βl + Zc 
Q
V

l jZ
P
V

lL

r
c

L

r
sin sinβ β+ (21.23)

Equating the real and imaginary parts on the two sides, we have

Vs cos δ = Vr cos βl + Zc 
Q
V

L

r
 sin βl (21.24)

and Vs sin δ = Zc 
P
V

L

r
 sin βl

or         PL = 
V V

Z l
s r

c sin β
. sin δ (21.25)

If the length of the line is short sin βl ≅ βl = ω LC  . l

and Zc sin βl = 
L
C

 ω LC  . l = lLω = X = Total reactance of the line. Equation (21.25),

therefore, reduces to a very well known equation

PL = 
V V

X
s r  sin δ (21.26)

Let Vs = Vr, then equation (21.25) becomes

PL = 
V

Z l
r

c

2

sin β
 . sin δ

     = 
P

l
c

sin β
 . sin δ

For certain geometry and operating voltage of the line PL is maximum when δ = 90° and
this maximum depends upon the length of the line, the longer the length the smaller is the

maximum value of PL . The ratio 
P

P
L

c

max  for a few lengths is tabulated here.
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Table 21.2. 
P

P
L max

c

 as a function of length

Length in km Length in degrees PL max/Pc

300 18 3.236

600 36 1.701

900 54 1.236

1200 72 1.051

1500 90 1.00
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Even when the load is asynchronous, there is a maximum power that can be transmitted over
a line. This can be calculated as follows for a unity p.f. load. Let us consider that sending end
source and line form a voltage source with open circuit voltage V0 and impedance (R + jX) and
at the receiving end a variable resistive load (unity p.f.) R1 is connected. Our objective is to find
out value of R1 for which the power transfer is maximum.

Now short circuit current Isc = 
V
Z

V
R jX

0 0=
+

 and short circuit p.f. cos φsc = 
R
Z

The load current I = 
V

R R jX
0

1( )+ +

The power delivered = 
V

R R X
R P0

2

1
2 2 1

( )
.

+ +
=

The power delivered is maximum when 
dP
dR1

0=

    [(R + R1)2 + X2] – R1. 2(R + R1) = 0

or R1
2 + R2 2RR1

 + X2 – 2RR1
 – 2R1

2 = 0

or R1 = Z

Therefore,  Pmax = 
V Z

R Z X

V I Z

R Z RZ X
sc0

2

2 2
0

2

2 2 22( )+ +
=

+ + +

= 
V I Z

Z RZ
sc0

2

22 2+

= 
V I Z
Z R

sc0

2( )+

= 
V Is

sc

0

2 1( cos )+ φ (21.27)

Now V0
  is the open circuit voltage i.e., Vr when Ir = 0.
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Therefore, from equation (21.12)

Vs = V0 cos βl

or V0 = 
V

l
s

cos β (21.28)

Similarly, short circuit current Isc is the value of Ir when Vr = 0

Using equation 21.12 again, we have

Vs = jIsc Zc sin βl

or Isc = 
V

j Z l
s

c sin β (21.29)

Assuming the line to be lossless cos φsc = 0

∴ Pmax = 
V I V

l
V

Z l
sc s s

c

0

2 2
=

cos
.

sinβ β
 = 

V
Z l

s

c

2

2sin β
(21.30)

Equation (21.30) represents loci of maximum power for different length of lines at unity
p.f.

Let us consider a general load PL + jQL at the receiving end keeping the sending end
voltage fixed. The receiving end current

Ir = 
P jQ

V
L L

r

−

Using equation (21.12) and assuming line to be lossless, we have

Vs = Vr cos βl + jZc 
P jQ

V
lL L

r

−
sin β (21.31)

For a fixed Vs and line length, equation (21.31) is quadratic in Vr and thus will have two

roots. Figure 21.2 shows relation between 
V
V

r

s
 as a function of normalised loading 

P
P

L

c

0 0.5 1.0 1.5 2.0 PL

PC

1.0
1.05

Vr

Vs

A
Natural load

0.9 lag

0.97
lag

1.0
lead

0.97
lead

0.9
lead

O

�����	
�	��
�

�
�

 

������+&�%#�����+��������� !����!��,(

www.EngineeringBooksPdf.com



D-8\N-SYSTEM1\SYS21-1.PM5

�*� ����������������
�
���


From the figure it is clear that there is a maximum power that can be transmitted for
each load p.f. and for any loading, there are two different values of Vr. Normal operation of the
power system is along the upper part of the curve where the receiving end voltage is nearly 1.0
p.u. The load is increased by decreasing the effective resistance of the load up to the maximum
power, the product of load voltage and current increases and the system is stable. As the
maximum power point is reached, a further reduction in effective load resistance, reduces the
voltage much more than the increase in current and, therefore, there is an effective reduction
in power transmission. The voltage finally collapses to zero and the system at the receiving
end is effectively short circuited and, therefore, the power transmitted is zero (point 0). From
Fig. 21.2, it is again clear that power transmitted is zero both at Point A and O. Point A
corresponds to open circuit and O to short circuit and in either case the power transmitted is
zero. However, at A the Vr is 1.05 p.u. and at O it is zero.

Whereas short length lines are operated without any problem, long length lines cannot
be operated without the use of compensating devices because of (i) Ferranti effect, (ii) under-
excited and hence unstable operation of alternators during charging of the line, and (iii)
reduction of power transfer capability of the lines which reduces the margin between the stable
and unstable operation of the system. Therefore, we not study various compensating devices
for compensation of lines.

	
�! ��������������������

By compensation of lines is meant the use of electrical circuits to modify the electrical
characteristics of the lines such that the compensated lines will achieve the following objectives:

(i) Ferranti effect is minimised so that a flat voltage profile will exist on the line for all
loading condition.

(ii) Underexcited operation of alternator will be avoided and an economical means of
reactive power management will be achieved.

(iii) The power transfer capability of the system will be enhanced and hence stability
margins increase.

In order to assess the effectiveness of a compensated system a performance index in
terms of product of length of line and the power to be transmitted is evaluated. This criterion
is selected as we know that for longer length lines it is not even possible to load lines to their
natural loadings without compensation.

We know that flat voltage profile on the line can be achieved if the loading of the line
corresponds to its surge impedance loading. Therefore, to achieve flat voltage profile, the
compensating device should be so chosen that the effective or virtual surge impedance Zc of
the line should give virtual natural loading equal to the actual load. Since in actual practice
the actual load keeps on changing with time, the compensating devices should also vary without
delay so that every time the effective surge impedance matches with the actual loading i.e.,

Pc′ = 
V
Z

r

c

2

′
 = PL
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where PL is the actual load. The compensating devices are the suitable connection of capacitors
and/or inductors on to the lines. Compensation when carried out with the sole objective of
modifying the surge impedance of the line, is known as surge impedance compensation or Zc
compensation.

Under-excited operation of the alternator or charging current problem of the line can be
avoided by dividing the line into shorter sections and this is known as compensation by
sectioning. It is achieved by connecting constant voltage compensators at intervals along the
line. Since the power transmitted will be same through all sections, the maximum power will
be decided by the smallest section and, therefore, there is increase in power transfer capability
of the system and hence stability limit is increased.

The third aspect of the compensation i.e., to increase power transfer capability of the
system is achieved by inserting capacitor at suitable location in series with the line so that the
net inductive reactance of the line is reduced which is equivalent to reducing the effective
length of the line. This method of compensation is known as line-length compensation.

In any long length line, all the three types of compensations can be used if required.

Compensators are classified as passive and active compensators. Shunt reactors and
capacitors and series capacitors are the passive compensators and synchronous capacitors and
thyristorised controlled capacitors and reactors are the active compensators.

Rapid response excitation system used for synchronous machines also acts as strong
compensating system and improves both voltage profile and stability.

Even though compensators are used at discrete locations along the line, it is useful to
obtain certain relation assuming the effect of compensators as uniformly distributed. The
relations so desired are more or less true for practical system.

We know that,

Zc = 
L
C

j L
j C

x xL C= =ω
ω

(21.32)

Suppose shunt inductance Lsh per unit is used as a compensator, the net shunt
susceptance will be

      jωC′ = jωC + 
1

j L
j C

j
L

C
Csh shω

ω
ω

ω
ω

= − .

    = j C
CLsh

ω
ω

1
1

2−
�

��
�

��

    = jωC(1 – γsh) (21.33)

where              γsh = 
1

2ω CL

x
xsh

c

Lsh
=

and γsh is known as the degree of shunt compensation.

The modified value of surge impedance will be

Zc′ = 
j L

j C
Z

sh

c

sh

ω
ω γ γ( )1 1−

=
−

(21.34)
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However, if shunt capacitance is added, then γsh will be negative and hence it can be
concluded that shunt inductance increases the virtual surge impedance of the line and hence
reduces the virtual surge impedance loading of the line and shunt capacitance reduces the
virtual surge impedance.

Let us consider the effect of series compensation on the surge impedance loading.

Suppose Cse is the series capacitance per unit length for series compensation. Therefore,
the series reactance will be

  j L
j

Cse
ω

ω
−  = j L

j
C

j L
j Lse

ω
ω

ω
ω

− .

= j L
LCse

ω
ω

1
1

2−
�

��
�

��

= j L
X
X

cse

L
ω 1 −
�

��
�

��

= jωL(1 – γse) (21.35)

where γse is known as degree of series compensation. Therefore, virtual surge impedance

Zc′ = 
j L

j C
seω γ

ω
( )1 −

= Zc se( )1 − γ (21.36)

Taking into consideration both shunt and series compensation simultaneously, we have

Z0′ = 
j L
j C

Zc
se

sh

ω
ω

γ
γ

′ =
−
−

1
1

(21.37)

Therefore, the virtual surge impedance loading

Pc′ =Pc
sh

se

1
1

−
−

γ
γ

(21.38)

The wave number β is also modified to

 β′ = β γ γ( )( )1 1− −se sh (21.39)

The equation derived earlier for uncompensated lines are valid for compensated lines
except the equivalent parameters e.g., inductance, capacitance etc., are to be substituted as
obtained in this section.

From equations (21.37) and (21.38) it is clear that for a fixed degree of series compensation,
capacitive shunt compensation decreases the virtual surge impedance loading of the line.
However, inductive shunt compensation increases the virtual surge impedance and decreases
the virtual surge impedance loading of the line. If inductive shunt compensation is 100% the
virtual surge impedance becomes infinite and the loading zero which implies that a flat voltage
profile exists at zero load and Ferranti effect can be eliminated by the use of shunt reactors.
However, under heavy loading condition, flat voltage profile can be obtained by using shunt
capacitances. Suppose, we want flat voltage profile corresponding to 1.2 Pc without series
compensation, the shunt capacitance compensation required will be by using equation (21.38).
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  1.2 = 1 − γ sh

or 1.44 = 1 – γsh or γsh = – 0.44 p.u.

Flat voltage profile can also be obtained by series compensation for heavy loading
condition. Again using equation (21.38), and assuming shunt compensation to be zero, the
series compensation required for a loading 1.2 Pc is

  1.2 = 
1

1 − γse

or 1.44 = 
1

1( )− γse

or    γse = 0.306 p.u.

However, because of the lumped nature of series capacitors voltage control using series
capacitors is normally not recommended. These are normally useful for improving the stability
limits of the system.

Next we study the effect of distributed compensation on the line charging reactive power.
Rewriting equation (21.20)

Qs = –Pc tan βl

where Qs is the leading reactive power supplied by the generator for a radial line and for a
symmetrical line,

Qs = – Pc tan βl/2

However, for compensated lines, these equations become

Qs′ = – Pc tan (βl) – radial line (21.40)

and Qs = – Pc tan(βl/2)′ – Symmetrical line, (21.41)

From equation (21.39) it is clear that by using inductive shunt compensation and or
series capacitive compensation, the effective length of the line can be reduced and hence (βl)′
becomes small so that tan (βl)′ ≅ (βl)′ and tan (βl/2)′ ≅ (βl/2)′. Substituting values of Pc′ and (βl)′
from equations (21.38) and (21.39) into equations (21.40) and (21.41), we have

Qs′ = P lc
sh

se
sh se

1
1

1 1
−
−

− −
γ
γ

β γ γ. ( )( ) (21.42)

= Pc βl(1 – γsh)

for a radial line and

Qs′ = P
l

c sh
β γ
2

1( )− (21.43)

for a symmetrical line.

From the above equations, it is clear that series compensation has no effect on the no
load reactive power requirements of the generator and, therefore, the series compensated line
generates roughly as much line charging reactive power at no load as a completely
uncompensated line (for γsh = 0) of the same length. However, if the length of the line is large
and needs series compensation from stability point of view, the generators at the two ends will
have to absorb excessive reactive power and, therefore, it is important that shunt compensation
(inductive) must be associated with series compensation.
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Let us consider shunt compensation not only uniformaly distributed but regulated as
well which is more or less similar to compensation by sectioning.

Suppose the line is operating at its natural loading. From equation (21.25)

P P
l

c

sin sinδ β
=  and if P = Pc, δ = βl

i.e., the transmission angle δ equals the electrical length of the line. Considering series
compensation to be absent and assuming that the shunt compensation could be regulated
continuously such that Pc′ = P at all times then β′l = δ at all times. Therefore,

P P
l

c

δ β
=

′
′

substituting for Pc′ and β′ from equations (21.38) and (21.39) respectively, we have

P P

l

P
l

c sh

sh

c

δ
γ

β γ β
=

−

−
=

1

1 .
 = constant (21.44)

Equation (21.44) shows a linear relation between P and δ and the slope is given by

P
l

V
Z l

V

L C LC l
c

cβ β ω
= =0

2
0

2

/ . .
 = 

V
Xl

0
2

(21.45)

Power angle relation is given as

   P = 
V
Xl

0
2

sin δ

Therefore, it’s slope at δ = 0 is 
V
Xl

0
2

 and the P – δ straight line is tangent to P – δ

characteristic of the 100% shunt compensated line as shown in Fig. 21.3 (a) since the line with
100% shunt compensation behaves exactly as a series inductance.

P Shunt compensation
regulated P = PC

100% shunt
compensation

�

P

�

K = 1.5sh

K = 1.0sh

K = 0.5sh

(a) (b)

�����	
��� -�.��++ %#��+�� ,&��# !��/&�#�%��0 ���#�������0�1 ��#�����������

-�.���2�δ�%&�' ��+���!�++ � �#�γ
�/
(

Figure 21.3 (a) suggests that if shunt compensation could be adjusted continuously, the
power transmitted could be infinite.
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Figure 21.3 (b) shows power angle characteristics for different values of shunt
compensation γsh where the peak value of power is given by

Pmax
′    = 

V
Z lc

0
2

sin β′
(21.46)

It can be seen that as power varies, to operate along the straight line characteristic the

shunt compensation should also be varied. In order to operate stably for angles δ > 
π
2

 it is

essential that not only the compensation should be varied continuously but rapidly so as to
keep pace with the change in power P. If P is varied faster as compared to the shunt
compensation the system would operate along the ‘current’ P – δ characteristics and the system
would go unstable. A line with ideal regulated shunt compensation is said to be dynamically
stabilised.

A practical ideal regulated shunt compensation is to design the compensation as constant
voltage regulators as, if voltage everywhere could be kept constant to V0, it is equivalent to
loading the line corresponding to its virtual impedance loading whatever be the value of P.
These constant voltage compensators are active compensators e.g., synchronous condensers,
thyristor-controlled compensators etc.

Whenever P > Pc′, the shunt compensator required is capacitive. Theoretically it appears
that with shunt compensation, infinite power can be transmitted but in actual practice it requires
a large amount of compensating capacitors and hence if power to be transmitted is to be
increased, it is better to adopt alternative methods e.g., higher transmission voltage, use of
series capacitors, HVDC etc.

The other limitations of the method are:

(i) High speed of response of compensators.

(ii) If regulators fails, the whole system may become unstable.

It has been reported earlier that shunt compensation increases the virtual surge
impedance of the line and hence decreases the surge impedance loading. In fact with Ksh = 1.0
i.e., 100% shunt compensated line the voltage profile is flat at no load.

However, it is to be noted that shunt compensating reactors can’t be distributed uniformly
along the line. They are normally connected at the end of the line and/or at the mid-point of the
line usually at the intermediate substation as shown in Fig. 21.4.

Intermediate S/s

������������������������������������������ ����������������!��������������������"�"�����"
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If switched shunt capacitors are used on such lines, these should be disconnected
immediately under lightly loaded condition, otherwise this may lead to ferroresonance when
the transformers are present in the system. The main idea of series compensation is to cancel
part of the series inductive reactance of the line by the use of series capacitors which results
into (i) increase in maximum transmittable power (ii) reduction in transmission angle for
certain amount of power transfer and (iii) increase in virtual surge impedance loading. However,
since the effective series inductive reactance is decreased, now absorbs less of the line charging
reactive power and hence requires shunt compensation especially if the line is long, shunt
inductive compensation is necessary in order to limit the line voltage.

From practical point of view, it is desirable not to exceed series compensation beyond
80%. If the line is 100% compensated, the line will behave as a purely resistive element and
would result into series resonance even at fundamental frequency as then capacitive reactance
equals the inductive reactance and it would be difficult to control voltages and currents during
disturbances. Even a small disturbance in the rotor angles of the terminal synchronous machines
would result into flow of large currents.

The location of series capacitors is decided partly by economical factors and partly by
the severity of fault currents as fault currents would depend upon the location of the series
capacitor. The voltage rating of the capacitor will depend upon the maximum fault current
likely to flow through the capacitor.

Therefore, it is desirable not to use a large number of smaller unit capacitors along the
line and the normal practice is to instal one or two large unit capacitances. This, however,
results in an uneven voltage profile along the line as there will be sharp change in voltage at
the two terminals of the capacitor i.e., the line will have some voltage on one side of the capacitor
and materially different voltage on the other side.

���	 
��
��������
���
������

If Xl is the inductive reactance of the line and Xc the reactance of the series capacitor, the net
inductive reactance of the line in Xl′ = Xl – Xc. The inductive reactance in series with the
capacitance of the series capacitor forms a series resonance circuit with the natural frequency
of oscillation given by

f0 = 
1

2π LC
where L is the inductance of the line.

or f0 = 
1

2
2

2
2

π
π

π
π

X
f

fC
f

f
X
Xl

c

l.
=

Here 
X
X

c

l
 is the degree of series compensation and varies between 25 to 65%. Therefore

f0 < f i.e., the resonance takes place at subharmonic frequency. Here Xl of course includes the
inductive reactance of the generator and the load of the system connected at the ends of the
line.
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In a series compensated network whenever a change
in the form of a switching operation or a fault takes place,
transient currents at sub-harmonic frequency are excited.
These currents are superimposed over the power frequency
current and these die out depending upon the effective
damping of the system over a period of few cycles. However,
under certain conditions, these subharmonic currents may
assume dangerously high values and even become unstable
in the absence of corrective measures. The unstable
operation is exhibited in the form of negative resistance in
the equivalent circuit of synchronous and induction motor. Considering subharmonic frequency
operation and a round rotor synchronous machine, the equivalent circuit is given in Fig. 21.5.

For simplicity the field winding has been omitted in the above figure. Suppose due to
some disturbance subharmonic currents are excited in the stator winding and these currents
in general would be unbalanced. Considering positive sequence component of these current
which will produce a magnetic field which will rotate in the direction of rotation of the rotor
but with a speed n0 < ns i.e., the rotor is rotating at a higher speed as compared to magnetic
field due to subharmonic currents and the machine behaves as an induction generator as far
as subharmonic currents are concerned. The rotor is slipping with respect to the field with
slips given as

s = 
f f

f
0

0

−

Since f0 < f, the slip is negative. 
R
s
2′  is the equivalent resistance of the damper winding

and solid rotor resistance when referred to the stator side. 
R
s
2′  is negative for subharmonic

currents and, therefore, this provides negative damping. If series compensation is very high, s
would turn out to be very small and hence equivalent resistance very large and may become
large enough to have total resistance of the system as negative which will, therefore, provide
negative damping to the subharmonic currents and voltage may build up to dangerously high
values. Even though this situation rarely occurs in the system but when it does, necessary care
must be taken to avoid it. The measures taken are similar to those which are used to prevent
subsynchronous resonance in the system.

The field due to subharmonic currents rotates in the backward direction with respect to
the rotor and the main field, and, therefore, produces alternating torque on the rotor at frequency
f – f0. If this difference frequency coincides with one of the natural torsional resonances of the
machine’s shaft system, torsional Oscillations may be excited. This operation is known as
subsynchronous resonance (SSR). This means whenever the natural frequency of mechanical
Oscillation of the shaft of the rotor equals the difference of electrical frequency (f – f0), mechanical
resonance would take place. SSR, therefore, is a combined electrical-mechanical resonance
phenomenon.
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Large multiple stage steam turbines which have more than one, torsional modes in the
frequency range 0.50 Hz, are more susceptible to SSR. If we consider the entire system consisting
of the turbine cylinder and the generator as a single mass, this will have the lowest frequency
of natural Oscillation (mechanical) and this is known as swing frequency. Higher frequency
currents may produce torques in some of the shafts which may have the same natural frequency
as the torque frequency and hence these shafts may breakdown due to twisting action and,
therefore, resonant frequencies may extend up to hundreds of Hz. The damping of these modes
is usually extremely small.

If SSR phenomenon is allowed to exist for some time and if the resonance frequency
coincides with swing frequency, the whole turbine generator assembly may come out from its
foundation and/or if the frequency of the torque developed coincides with the natural frequency
of oscillation of some shafts and if oscillations build up sufficiently, this may result in breaking
of the shaft. However, even if the oscillations are damped, the disturbances like any switching
operation or occurrence of a fault which create SSR condition in the system may reduce the life
of the shafts and hence the whole mechanical system (turbine–generator system). This slow
deterioration of the mechanical system is known as ‘low-cycle fatigue’ and in recent times lot
of research has gone into the study of SSR phenomenon. Some of the corrective measures for
SSR are:

(i) By-passing of series capacitors.

(ii) Use of very sensitive relays to detect even small levels of subharmonic currents.

(iii) Modulation of generator field current to provide increased positive damping at
subharmonic frequency.

To provide compensation both for series and shunt compensation, large capacity
capacitors are required. It has been found more economical to use individual units assembled
in appropriate series and parallel connected groups to achieve desired voltage and reactive
power ratings. The optimal rating these days is between 200–300 kVAR and the dielectric used
is paper/polypropylene film/askarel. The use of all polypropylene reduces dielectric loss and
the probability of case rupture. Series as well as shunt capacitances have external fuses one
for each unit or internal fuses. The internal fuse system has the advantage that failure of a
single element or ‘roll’ within the unit does not cause the entire unit to fail. However, this
arrangement requires higher maintenance.

���� �������
�����������
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Synchronous condensers are the active shunt compensators and have been used both at
transmission and subtransmission levels to improve voltage profile and system stability.
Whereas in static capacitors the reactive power supplied decreases with decrease in system
voltage, the synchronous capacitors regulate reactive power independant of system voltage.
This is the main reason for the superiority of synchronous capacitors over static capacitors for
transmission lines. Yet another application of synchronous capacitor is with high voltage d.c.
transmission where these supply a portion of the converter reactive power requirements and
provide necessary reactive power support to an a.c. network with low short-circuit capacity.
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A synchronous capacitor is a synchronous machine synchronised to the power grid and
controlled to absorb or generate lagging var on the system. Most of the synchronous capacitors
are out-door and unattended. These are automatically controlled i.e., these are associated with
automatic controls for start up, shut down and on-line monitoring. The efficiency of a
synchronous capacitor including its auxiliary is 99%. The inertia constant H of synchronous
capacitor is relatively unimportant and is very small as compared to those of generators as
there is no turbine connected to it.

A synchronous condenser is said to have normal excitation if the terminal voltage under
no load condition is its rated voltage. If the excitation is more than its normal excitation, the
condenser is said to be overexcited and if less than the normal, it is underexcited. Figure 21.6
shows the flow of reactive power (lag) and the corresponding phasor diagrams under the two
operating conditions.

Infinite
bus

Overexcited

Infinite
bus

Underexcited

I

V

I

V
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When the machine is overexcited, it acts as a shunt capacitor as it supplies lagging vars
to the system and when underexcited it acts as a shunt coil as it absorbs reactive power to
maintain terminal voltage.

Since the condenser needs active component of current to meet losses in the machine,
the conventional generator reactive power capability curve (pull out curve discussed in Chapter
17) is not applicable and V-curves are used to explain condenser operation. The synchronous
condenser provides continuous (stepless) adjustment of the reactive power in both the
underexcited and overexcited modes. In overexcited case there is both a continuous ‘name
plate’ capability and short-time overload capabilities. Steady state operation is explained with
the help of V-curves shown in Fig. 21.7.
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The right hand portion corresponds to overexcitation whereas the left hand portion
represents the underexcitation operation. Normal continuous operation may be at any point
on the V-curves below the rated stator current. The dashed portion to the right represents
short-time overload operation obtained through overexcitation. The underexcited operation
may even extend into the negative field current as shown in Fig. 21.7. This operation within
limits is possible without pole slipping because of the presence of reluctance torque associated
with salient pole machines. The limiting value of reactive current to avoid pole slipping occurs

at 
V
Xq

, where V is the terminal voltage.

The synchronous condensers are used for (i) Power system voltage control both under
normal and emergency operating conditions and (ii) HVDC application. The emergency
operating conditions result from a system fault or a sudden loss of a major transmission link or
a major generating station which may result in a breakdown of the system or islanding. By
islanding of the system is meant that in a large interconnected system if there is a major
breakdown a part of the system may be isolated from the system and keep running before total
breakdown takes place. The system which is isolated from the rest of the unhealthy system is
known as islanded system and the process is known as islanding. Under islanding condition
voltage extremes in either direction may occur depending upon the imbalance in the reactive
power in the islanded system.

Synchronous condensers under voltage regulator control automatically change their
output in a direction to minimise voltage variations. Figure 21.8 shows the short-time emergency
reactive power output.

It is clear from the Fig. 21.8 that condensers have short-time capabilities well in excess
of their nameplate ratings. The short-time rating may be 150% of the rated value for 1 min. In
normal practice the condenser output depends upon the system voltage and the excitation
ceiling. The higher the excitation ceiling, the faster is the response of the condenser for a
particular reactive power output.
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The time-constant of field winding of a condenser is very large and, therefore, in order
to have effective use of synchronous condenser in correcting, transient voltage swings, the
excitation system must be equipped with supplementary control which will provide an error
signal proportional to the rate of change of voltage.
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Figure 21.9 shows the application of a synchronous condenser at the receiving end of an
HVDC line. The condenser serves the following purposes:

(i) A part of the reactive power requirement of the converter.

(ii) A system with low short circuit capacity is subjected to large voltage dips in case of
shunt faults. For such system the condenser allows d.c. converter control to maintain
acceptable control of the a.c.

d.c. line
P

Q

Receiving end
a.c. system

Synchronous
condenser

Static vars
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When the a.c. system has low short circuit capacity, the synchronous condenser increases
the short circuit capacity of the system besides providing a portion of the reactive power
requirements of the inverting process. Of the available sources of reactive power (static var
compensators and filters), the synchronous condenser has the unique property of providing
short time voltage stability in the subtransient range.

Almost all the synchronous condensers are automated with remote start-stop and voltage
control devices. The protective relaying requirements are more or less same as for a turbo-
alternator except a few special requirements. Since a near zero field current is a normal
operation for a synchronous condenser, a different type of loss of field relay is required. For a
synchronous condenser, a low terminal voltage and low field currents is an abnormal operation
and suitable relay is used to take care of this situation. Under-frequency relay is used to protect
from a situation where synchronous condenser becomes isolated from the system by a remote
trip out.

���� 
������������
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Static compensators are those which have no rotating parts and are used for surge impedance
compensation and for compensation by sectioning a long transmission line. These are also
used for load compensation wherein these maintain constant voltage (i) under
slowly varying load changes (ii) load rejection, outages of generator and line
(iii) Under rapidly varying loads e.g., arc furnaces. These improve system
stability and system power factor. Since these regulate the flow of reactive
power, these are used for minimisation of transmission losses and control a.c.
voltage near HVDC converter terminal.

Figure 21.10 shows an ideal static reactive power compensator capable
of stepless adjustment of reactive power over an unlimited range (lagging
and leading) without any time delay. Even though a fast response is generally ����������
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desirable, it is not essential for all operating conditions of the systems e.g., a fast compensator
is not required for system stability when other factors limit the stability of the system. Similarly,
in actual practice, the reactive current is limited in both lagging and leading regions because
of the current carrying capacity of the compensator.

Some of the important compensators used in transmission and distribution networks
are:

(a) Thyristor controlled reactor (TCR),

(b) Thyristor switched capacitors (TSC), and

(c) Saturated reactors (SR).

Figure 21.11 shows single line diagram of the above mentioned compensators. It is
interesting to find the following common features in these circuits:
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(a) A fixed shunt capacitor in parallel with the controlled susceptance. The fixed capaci-
tors are usually tuned with small reactors to harmonic frequencies to absorb harmon-
ics generated by the controlled susceptance (TCR or SR) or to avoid harmful resonances.

(b) A step down transformer which significantly affects the performance of the trans-
former especially with respect to losses, harmonics and over voltages.

Figure 21.12 shows a basic thyristor controlled reactor. The controlled element is the
reactor and the controlling element is the thyristor controller consisting of two oppositely
poled thyristors which conduct every alternate half cycles of the supply frequency.

L

Reactor

Thyristors
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The reactive power absorbed by the reactor will depend upon the instant of switching on
the voltage wave. If the voltage is passing through its peak value at the instant of switching of
thyristor, maximum reactive power will be absorbed and as the delay angle increases between
90° to 180°, the reactive power absorbed decreases which really means as the conduction angle
increases between 90° to 180° the effective reactance offered by the reactor increases with
minimum being at 90° and maximum reactance at 180°. The fundamental component of current
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will be maximum when delay angle is 90° and decreases with increase in delay angle between
90° and 180°. Therefore, as far as the fundamental component of current is concerned, a thyristor
controlled reactor acts as a controllable reactor. Assuming the time origin to coincide with a
positive going zero crossing of the voltage, the delay angle α and the conduction angle ρ so that
the conduction period lies between α and α + ρ.
i.e., v = Vm sin ωt

Therefore, instantaneous current i is given as

i = 
1

X
V t d t

l
m

t

α

ω
ω ω� sin ( )

where Xl is the inductive reactance of the reactor at fundamental frequency.

i = 
V
X

tm

l
[cos cos ]α ω−

and i = 0 for α + ρ < ωt < α + π
Using Fourier series, the fundamental component of current is given by

 I1 = 
ρ ρ

π
− sin

.
X

V
A

l

m

2
r.m.s.

Here ρ is related to α through the relation

     α
ρ+
2

 = π

The above equation can be rewritten as

 I1 = Bl (ρ). V

where V is the r.m.s. voltage and Bl (ρ) is an adjustable fundamental frequency susceptance
controlled by the conduction angle according to the law.

      Bl(ρ) = 
ρ ρ

π
− sin

Xl

It can be seen that the susceptance is maximum when ρ = π and its value is given as

     Bl (π) = 
π
π

−
=

0 1
X Xl l

and its value is zero when ρ = 0.

The variation of Bl as a function of ρ is shown in Fig. 21.13.

1.0

0 � �

X B ( )
l

�
l
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This control principle is known as phase control. Two controls are possible for the TCR.

(1) To determine ρ and fire the thyristor corresponding to this angle to achieve certain Bl
or a control that responds to a signal that directly represents the desired susceptance
Bl.

(2) The control processes with various measured parameters of the system to be
compensated e.g., voltage, and generates the gating pulses directly without using an
explicit signal for Bl.

Increasing the delay angle or reducing the conduction angle decreases the power loss in
both the reactors and the thyristors and generates harmonic currents. If both the thyristors
are fired at the same angle, all odd order harmonics are produced. Of course, higher the order
of harmonic, the smaller is the peak value.

Figure 21.14 shows a 3-phase arrangement of TCR where the three single TCRs are
connected in delta. Under balanced operation, all the triplen harmonics circulate within the
delta and, therefore, all these are absent from the line circuit and all the other harmonics are
present in the line circuit.

c

b a

a

b

c

�����������	�����'������������������(�	�"

If the conduction angles in the two oppositely poled thyristors are unequal, both even
harmonics and d.c. component of currents are produced. This would also cause unequal thermal
stresses in the two thyristors as these would carry unequal currents.

However, if the conduction angles are equal, the conduction
angle is limited to 180° only. However, if the reactor in Fig. 21.12
is divided into two halves as shown in Fig. 21.15, the conduction
angle can be increased to even 360°. This arrangement even
though has lower harmonics yet the losses are increased as the
currents circulate between the two halves.

In order to eliminate 5th and 7th harmonics the TCR is
split into two parts and is fed from two secondaries on the step
down transformer, one being in star and the other in delta as

�����������	�������ρ�;�&:$<
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shown in Fig. 21.16. The star-delta connections produce a phase shift of 30° between the voltages
and currents of the TCRs and practically eliminate 5th and 7th harmonics from the primary
line currents. Since there are twelve thyristor gatings every period, the arrangement is known
as 12-pulse arrangement. Here the lowest order characteristic harmonics are 11th and 13th
and, therefore, can be used without filters for the 5th and 7th harmonics. This phase-
multiplication technique is used in HVDC rectifier transformers for harmonic cancellation.

�����������&-3'�����	������������������� ��,�������� ��+� �����(�����"

It is to be noted that with TCR, current is lagging in nature and, therefore, reactive
power can be absorbed only. If reactive power is to be generated a shunt capacitor of suitable
value can be connected. If a fixed capacitor is connected, it is known as TCR-Fixed capacitor
system.

Another variant of a TCR is a transformer designed with high leakage reactance whose
secondary windings are short-circuited through the thyristor controllers as shown in Fig. 21.17.
In order to obtain high leakage reactance, the transformer should have air gap in its core and,
therefore, it is desirable to have three single phase transformers. This arrangement is known
as Thyristor Controlled Transformer. There is no secondary bus and shunt capacitance if any,
is to be connected at the primary voltage. In case of a fault on the secondary side, the high
leakage reactance protects the transformer against short-circuit stresses.
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Figure 21.18 shows the arrangement of thyristor switched capacitor where the susceptance is
adjusted by controlling the number of parallel capacitors in conduction. Each capacitor always

(a) (b) (c)

���������� 	�+������� ������� ���'������"

/�0�8����3�������� ������ ��+=� ������������� �	��"

/�0�������������� ������ ��+�>�	���/4�������+����0"
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conducts for an integral number of cycles. Normally the capacitors used are of the same capacity
except one of the capacitors which has its susceptance half the susceptance of the other
capacitors. Therefore, if there are (n – 1) number of equal capacitances and one of half value,
2n number of combinations of capacitors is possible i.e., 2n number of susceptances can be
obtained. In order to have transient free switching-in or switching-out of capacitor in the circuit
it is desirable to carry out the operation when the capacitor is charged to either the positive or
the negative system peak voltage. Figure 21.19 shows the current and voltage wave forms
under transient free switching-in and switching-out of capacitor.

v, i

v and VC
VC

i

0
t

v, i

v and VC

i

0
t

VCO

�����������	��������� (���������������'�������"�/�0����������3���/�0����������3���"
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The plain saturated reactor is unsuitable for use in transmission systems as the voltage or the
current contain lot of harmonics. Figure 21.20 shows a three-phase saturated reactor having a
short circuited delta winding which eliminates third harmonic currents from the primary
winding as these currents are supplied by the delta winding. The secondary current are
predominantly third harmonic and the circuit is thus an elementary frequency tripler.

Saturated
magnetic
core

Primary star

Secondary delta

������������������� 3�����������'�������� /�''��?"����������*������0"

The voltage-current characteristics and harmonic performance of the above frequency
tripler are not good enough to be used in power systems and much better characteristics can be
obtained with higher frequency multipliers.
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Figure 21.21 shows a typical volt-amp characteristic of a saturated reactor, the slope of
which depends upon the after-saturation inductance of the winding. The slope of the
characteristic varies between 5 and 15%. The characteristic is linear above about 10% of the
rated current. A lower slope characteristic can be obtained by connecting a capacitor in series
with the saturated reactor. In fact, zero or negative slopes can also be obtained by suitably
sizing the capacitor to be connected in series. The slope correcting capacitor, however, can
make the saturated reactor compensator susceptible to subharmonic instability especially on
weak systems and, therefore, it is normally designed to connect a harmonic damping filter
across the capacitor.

V

I

���������������������������(����������� ������������'�������"

The TCR compensator has the maximum control flexibility and when used along with
TSC generally results in a loss characteristic which is lower in the lagging region and this also
helps in having higher flexibility in controls. The TCR can be designed to have higher over-
voltage limiting capability which is not available in the plain TSC.

The saturated reactor compensator even though is maintenance free, it has no control
flexibility and it may require costly damping circuits to avoid any possibility of subharmonic
instability. The saturated reactor compensator has the overload capability which is useful in
limiting overvoltages.

��������0�1��0�����������
��

����

����2����
3

With ever increasing demand of electric power, the existing transmission networks even in the
developed countries are found to be weak which results in poor quality of unreliable supply.
Also, it is seen that in order to expand or enhance the power transfer capability of the existing
transmission network huge sum of finances are required and sometimes even difficulties are
encountered in finding right-of-way for the new lines. Lot of research has gone into developing
new technologies over the past few years to gain increased efficiency from the existing power
system. This programme is known as Flexible a.c. Transmission System abbreviated as FACTS.
The new technologies employ high speed thyristors for switching in or out transmission line
components such as capacitors, reactors or phase shifting transformer for some desirable
performance of the systems.

The main objective of FACTS devices is to replace the existing slow acting mechanical
controls required to react to the changing system conditions by rather fast acting electronic
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controls. The mechanical controls require power system operators and designers to provide
generous margins to assure a stable and reliable operation of the system. As a result the
existing systems cannot be made use of to their full capacity. However, with the use of fast
acting controls, the power system margins could be reduced and power system capability could
be more fully utilised while maintaining the present levels of quality and reliability.

The concept of FACTS is explaining as follows:

We know that, the power transfer between two systems interconnected through a tie-
line is given as

p = 
V V

X
1 2 sin δ

It can be seen that the power flow can be controlled by three parameters, the voltages at
the two systems, the reactance of the tie-line and the difference in the voltage angles at the
two ends. The FACTS devices can be used to control one or more of these parameters. The
various devices used are (i) Static var compensators (SVC) (ii) Controlled series compensation
(iii) Static condensers (STATCON) (iv) Advanced controlled series compensation (v) Thyristor
controlled phase shifting transformer.

Static var compensators have already been discussed in this Chapter. We take the
remaining and give a brief outline of these devices.

���������
$*$�'��%/)(/#("�2
������3

Figure 21.22 shows a basic circuit of a STATCON which is GTO (gate
turn-off) based compensation system. These devices are known as
STATCON or static synchronous condensers as these exhibit
characteristics similar to conventional synchronous condensers without
the moving parts.

The basic elements of a Voltage Source Inverter (VSI) based
STATCON are an inverter, a d.c. capacitor and a transformer to match
the line voltage as shown in Fig. 21.22. Voltage source inverter inverts
a d.c. voltage (PWM inverter) with a balanced set of three quasi-square
voltage waveforms by connecting the d.c. source sequentially to three
output terminals. The three phase a.c. generated by inverter is
synchronised to the a.c. line through a small tie reactance, which is the
leakage reactance of a transformer.

When the inverter fundamental output voltage is higher than the system line voltage,
the STATCON works as a capacitor and reactive vars are generated. However when the inverter
voltage is lower than the system line voltage, the STATCON acts as an inductor thereby
absorbing the reactive Vars from the system. To control the reactive current, thus the magnitude
of d.c. voltage is raised or lower by adjusting the phase angle of the inverter output voltage.
The capacitor here does not play an active role in the var generation. It is only required to
maintain a smooth d.c. voltage while carrying the ripple current drawn by the inverter.

The main difference between the SVC and STATCON is whereas in case of SVC devices
the current injected into the system depends upon the system voltage, in case of STATCON it
is independent of the system voltage. The STATCON current I is made perpendicular to the

�����������9����
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V

I

system voltage V with the help of a STATCON coordinator which adjusts the phase of the
current source I so that it is perpendicular to the STATCON terminal voltage V.

STATCON devices are used on the distribution system and have the following advantages:

(i) The steady state loadability of the lines is improved.

(ii) The voltage rises due to capacitance switching is substantially reduced both in mag-
nitude and duration.

(iii) Voltage variation due to customer’s loading is reduced.

STATCON is more expensive than switched capacitors or static VAR compensators on a
per unit steady-state MVA basis, however, the performance of the STATCON outweights the
increase in cost.

����������)4*/'()�� !"�#$%"��%/$"%55()�
("�(#��%.+(/#*$�%/�2���
�3

Just as static var compensator can be improved to STATCON
device using GTO converter, a controlled series compensator
(CSC) can be improved to an ATCSC using a voltage-driven
GTO converter is series with the line as shown in Fig. 21.23.
Here the line current I is made perpenditure to the injected
voltage V with the help of an ATCSC coordinator which forms
a part of the whole control scheme.

���������� !"�#$%"��%/$"%55()�� *#(�
 �6$�/���"*/#6%".("

Thyristor controlled phase shifting transformer or phase angle regulator consists of a shunt
transformer and a boosting transformer inserted in the line as shown in Fig. 21.24.

VA

V

VB

VA

VB

V

(a) (b)

�����������	�+������������������'��������(����� �����(�����"

The voltage V is perpendicular to the terminal voltage VA as shown in phasor diagram.
Its’ magnitude can be controlled by the thyristor converter. The reactive power required to
induce voltage V is transmitted via the shunt transformer and the thyristor converter to the
boosting transformer.

������������	���"
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21.1. Describe briefly various compensations carried out in Power Systems.

21.2. What is load compensation ? Discuss its objectives in power systems.

21.3. Explain reasons for variation of Voltage in a power system and suggest methods to improve
voltage profile.

21.4. Mention various loads which require compensation.

21.5. Comment on the statement “It is not possible to achieve simultaneously both the unity p.f. and
zero voltage regulation”.

21.6. Show that the approx per unit change in voltage equals the ratio of change in reactive power to
the short circuit capacity of the bus.

21.7. Explain why a line is loaded normally to about 40° and not 70° – 80°.

21.8. Explain what you mean by loadability of overhead lines and discuss loadability characteristic of
these lines.

21.9. Explain and differentiate between steady state, transient state and dynamic stability limits of
power system.

21.10. Discuss briefly some of the disadvantages of operating the system under-voltage and overvoltage.

21.11. Define surge impedance of a line. Starting from first-principles, develop expression for surge
impedance and discuss the advantages of operating a line corresponding to surge impedance
loading.

21.12. Explain the terms: Infinite line, flat line.

21.13. Discuss the problem associated with charging long uncompensated line and suggest the method
to overcome this problem.

21.14. What is an unsymmetrical line ? Discuss its characteristics.

21.15. A radial long uncompensated line with constant sending end voltage is terminated through an
asynchronous load derive an expression for maximum power transfer when termination is through
a variable resistance. Hence discuss the voltage instability problem.

21.16. Explain clearly what you mean by compensation of line and discuss briefly different methods of
compensation.

21.17. Explain series and shunt compensation of lines and discuss their effect on the surge impedance
loading of the lines. If shunt compensation is 100%, what happens to SIL and voltage profile.

21.18. Show mathematically that under certain operating condition, the power-angle characteristic
could be a straight line characteristic.

21.19. Explain the phenomenon of subsynchronous resonance in power system operations and suggest
remedies to overcome this problem.

21.20. Describe the constructional features of a synchronous capacitor. Explain its operation and discuss
various applications in power system  operation.

21.21. What is a static compensator ? Explain with neat diagrams working principle of various types of
the static compensators.

21.22. Explain with neat diagrams the operation of a basic TCR and derive expression for the control
law of the basic TCR and explain the control law.

21.23. Explain with diagrams some arrangements whereby certain harmonics can be eliminated in
TCR circuits.
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21.24. Explain with neat diagrams the operation of (i) thyrister switched capacitors (ii) saturated reac-
tor compensator.

21.25. What is Flexible a.c. transmission system (FACTS) ? Describe briefly various devices used in
this system.
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The maximum power transfer problem becomes much more complicated by the presence of
synchronous machines in power system. The power transfer for long lines is limited by the
magnitude of voltage at the two ends, the reactance between the two ends and the sine of the
angle between the two voltages.

However for short transmission lines power transfer is limited by thermal capabilities.
The rotor angle stability has been mainly associated with transient stability which has been
practically sorted out by employing fast circuit breakers, powerful excitation systems and various
other special stability controls. The rotor angle stability has been discussed in detail in
Chapter 17 of the book and this stability is also referred to generator stability or synchronous
stability.

The voltage stability also known as load stability, however, is now a major concern in
planning and operating electric power system as the power to be transferred is increasing, the
interconnection of networks is also increasing because of obvious advantages and there is need
for more intense use of available transmission facilities. More and more electric utilities are
facing voltage stability imposed limits. Voltage instability and collapse have resulted in several
major system failures or blackouts.

Power system voltage stability involves generation, transmission and distribution.
Voltage control, reactive power compensation and management, rotor angle (synchronous)
stability, protective relaying and control centre operations, all influence voltage stability.

		
� ������������������

We know that, the angle stability problem is directly associated with the active power transfer.
The voltage stability problem is associated with reactive power transfer. We develop

���

		
������������������������������
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mathematical expression for reactive power flow using a simplified model of the system as
shown in Fig. 22.1.

Es�� E 0r�jX
I

���
�		
��
���������	�����	��	������
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(22.3)

If the power angle δ is small cos δ = 1 and hence the above equations for Qr and Qs are
rewritten as

Qr = E E E
X

r s r( )− (22.4)

and Qs = 
E E E

X
s s r( )−

(22.5)

From equations (22.4) and (22.5) it is clear that reactive power flow depends mainly on
difference between voltage magnitudes and it flows from higher voltage to lower voltage.

On the contrary active power flow depends upon the power angle and active power flows
from leading voltage bus bar to lagging voltage bus bar. A typical example is that of a lightly
loaded line. The power flow is from a leading voltage bus bar even though the magnitude of the
voltage at this bus bar is smaller than that of the receiving end bus bar. Similarly under this
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loading conditions, the reactive power flows from receiving end (higher voltage) to the sending
end (low voltage). Under this condition, the reactive power generated by the line is more (due
to shunt capacitance) as compared to the reactive power absorbed by the line (due to series
inductance) and hence reactive power is supplied to the sending end.

From equations (22.1) and (22.4) and (22.5) we also conclude that:

(i) P and δ are closely coupled, and

(ii) Q and V are closely coupled.

We make use of these relations while analyzing power system using fast decoupled
power flow technique as discussed in Chapter 18.

We now demonstrate with the help of a few typical problems how these relationships
breakdown during high stresses i.e., high power transfers and angles. This is important as
voltage stability problems normally occur during highly stressed conditions (usually following
outages).

Example 22.1: Assume angular difference between the voltages at sending end and
receiving end being 30°. Also assume sending end voltage 1.0 p.u. and receiving end as 0.9 p.u.
Therefore we have significant voltage difference between the sending end and receiving end, a
difference of 10% and hence we should expect large reactive power flow over the line.

Solution: We calculate as follows:
Using equations (22.2) and (22.3) we have

 Qr = 
E E E

X X
s r rcos . . . ( . )δ −

=
× × −2 210 0 9 0 866 0 9

= 
0 7794 0 81 0 0306. . .− = −

X X

Qs = 
E E E

X X
s s r
2 21 1 0 9 0 866−

=
− × ×cos . .δ

 = 
0 22.
X

It is a peculiar situation. Even though lot of reactive power is going into the line

Qs = 
0 22.

X
 but nothing is coming out of the line. Rather at the receiving end the line is demand-

ing a reactive power of 
0 0306.

X
 p.u. (because of –ve sign) and hence rather than transferring

reactive power the transmission line has become a drain on the power system.
We expected the reactive power to flow from sending end to receiving end as we pro-

vided 10% voltage drop between the sending end and receiving end. The transmission line
reactive power loss is the sum of the reactive power going into the line which turns out to be
0 2506.

X
 p.u.

We calculate Qs and Qr for two other values of δ
Let δ = 0

Qr = 
E E E

X X X
r s r( ) . ( . ) .−

=
−

=
0 9 1 0 9 0 09
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and Qs = 
E E E

X X X
r s r( ) ( . ) .−

=
−

=
1 1 0 9 0 1

Let δ = 45°

Qr = 
E E E

X X X
s r rcos . . ( . ) . .δ −

=
× × −

=
−2 21 0 9 0 707 0 9 0 6363 0 81

= − 0 1737.
X

and  Qs = 
E E E

X X X
s s r
2 1 1 0 9 0 707 0 3637−

= − × × =
cos . . .δ

When δ = 0 the surplus reactive power is 
0 01.
X

 p.u. Whereas for δ = 45°, the transmission

line acts as a drain as far as reactive power is concerned and the total reactive power loss is

Qs – Qr = 
0 3637 0 1737 0 5374. . .

X X X
+ =

Now, δ is an indication of active power loading of the line. The higher the value of δ, the
higher is the active power loading and we find that when loading corresponds to δ = 30°, the
reactive loss is half of what it is when δ = 45° and the concept that reactive power will flow
from a higher voltage level to a lower voltage level fails.

A more general and precise method of understanding power transmission limitation is
the power circle diagram which has been explained in detail in Chapter 10 of the book. We will
restrict our discussion only to receiving end power circle diagram under article 10.2 of the book.
Figure 22.2 is the reproduction of Fig. 10.15. The reader is advised to go through this article
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to understand the problem of reactive power flow. It can be seen that for active power transfer
beyond the point N in Fig. 22.2 the reactive power requirement increases steeply i.e., more
than one megavar is required for each additional megawatt transmitted. In fact numerically
also we have seen that when

δ = 30°, P1 = 
1
2

 p.u. and Q1 = 0.25 p.u. whereas for

δ = 45°,    P2 = 0.707  and Q2 = 0.5374

i.e., the ratio = 
P
P

2

1
 = 1.414 that of 

Q
Q

2

1
 > 2

In fact if we go for higher loadings i.e., higher load angle we find that the above state-
ment holds good.

		
	 �������������������������������������������

1. We have seen in the previous section that reactive power transmission is limited
when the power angle is large even though sufficient voltage gradient between sending end
and receiving end voltage is provided. The large power angle is due to large active power
transfer and the longer length of line. However, the voltage at the receiving end in transmission
system is allowed to vary between ± 5% which further restricts the transfer of reactive power.
Active power transfer is limited mainly by the power angle, larger the power angle more is the
active power transmitted. Also if receiving end voltage is maintained within ± 5%, better
transmission of active power takes place. In contrast with real power transfer, reactive power
transfer cannot be transmitted long distances.

2. Sometimes we are interested in minimising transmission losses. Active power losses
can be minimised by using loss minimisation techniques and in any case active power component
of current has to be transmitted over the lines as this cannot be generated at the S/S location.
However, reactive power losses should be minimised to reduce investment in reactive power
devices such as shunt capacitors. It is to be noted that the economic load dispatching techniques
provides loading of various plants for minimum cost of generation for meeting a certain load
and whatever losses occur corresponding to the loading are taken into consideration. However,
if we want to minimise real power loss then surely the loadings will not correspond to minimum
cost of generation.

If R and X are the series resistance and reactance of the line and I the current loading,
the losses in the line are I2R and I2X.

Now  I 2 = P Q

V

2 2

2
+ and

PL = I
2R = P Q

V
R

2 2

2
+ and (22.6)

QL = I 2X  = 
P Q

V
X

2 2

2
+

(22.7)
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From equations (22.6) and (22.7) it is clear that in order to decrease reactive power loss,
we must minimise reactive power transfer over the line and also the operating voltages should
be high. Keeping operating voltages high to minimise reactive power loss helps maintain voltage
stability.

3. The third reason which limits the flow of reactive power over the transmission line is
the development of overvoltage during load rejection. The most onerous case is opening the
receiving end circuit breakers when the transmission line is still energized from the sending
end.

Consider Fig. 22.3(a) where a simple system consisting of a generator connected to a
load through a transmission line is shown.

jX1 jX2 CB

Load

(a)

CB

Load

jX

Eth��
V

(b)

P
V

X

Q
V

X
Ip

Eth��

(c)

I

Iq

���
�		
� �,-�#(��$�	������	��'	 ��(�	 '�.�"���$	"(�"-�(���$

/�0	�'�%�$(�	������	/�0	�,-�#(��$�	�1�#�$�$2�	������

/�0	�1(��'	��(%'(�	��'	/�0)

Neglecting the shunt capacitance, the equivalent Thevenin’s circuit is shown in
Fig. 22.3 (b) and Fig. 22.3 (c) shows the phasor diagram for the Thevenin’s equivalent system.
Before the CB operates for rejecting (or disconnecting) the load, the Thevenin’s voltage is

  Eth ∠δ = V ∠0 + jIX, where X = X1 + X2

= V ∠0 + jX 
P jQ

V
V

Q
V

X j
P
V

Xr r r r− = + + (22.8)

From equation (22.8) and the phasor diagram in Fig. 22.3 (c) indicate that the rise in
voltage at the sending end is mainly due to the reactive power and hence the Thevenin’s
equivalent voltage  source is determined mainly by reactive power flow. The active power flow
component of voltage is perpendicular to V and hence does not affect much the sending end
voltage. However, angle δ of Eth depends upon this quadrature component of voltage drop. So
we see that when the load is suddenly disconnected there is a temporary overvoltage in the
system equal to Eth ∠δ which is mostly affected by the reactive power flow before the load is
disconnected. Following examples will further illustrate this phenomenon.

Example 22.2: A 100 km, 500 kV line has a series reactance of 0.35 Ω/km and power
transmitted is 1000 MW. It is connected to a source bus which has a short circuit capacity of
5000 MW. Determine the source voltage when the load is disconnected to load p.f. (i) unity (ii)
0.8 lag.

Solution: Assuming base voltage of 500 kV and base power of 1000 MW, the base
impedance is
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500 500
1000

×
 = 250 Ω

The per unit reactance of the line is 
0 35 100

250
. ×

 = 0.14 p.u. and since the short circuit

capacity of source bus is 5000 MW, the equivalent p.u. Thevenin’s source impedance is

1000
5000

 = 0.2 p.u.

Since the source p.u. impedance is greater than that of the transmission line, the source
is relatively weak. The total reactance of the system is 0.2 + 0.14 = 0.34 p.u.

Let V = 1 p.u. = 500 kV

(i) For p.f. unity φ = 0

Eth = V
Q
V

X j
P
V

X j+ + = + = ∠1 °1
1
1

0 34 1056 8 8. . . .

(ii) For p.f. 0.8, Qr = Pr tan φ, = 0.75 p.u.

Eth ∠δ = 1
0 75 0 34

1
0 34+ × +. .
.j  = 1.255 + j 0.34 = 1.30 ∠15.2°

We find that if the load disconnected is operating at unity p.f. the temporary overvoltage
at the sending end is 5.6% higher than the receiving end voltage. However, if the p.f. is 0.8 lag,
this voltage is 30% more than the receiving end voltage. Such a rise in voltage may affect the
insulations of various equipments operating in the system.

We know that in a combined system consisting of d.c. and a.c. circuit connection, the
converter and inverters used in dc circuits consume large amount of reactive power and in
such a situation, if d.c. circuit is shut down or blocked, the a.c. side voltage will increase to
intolerable values. This is illustrated in the following example.

Example 22.3: Consider a high voltage direct current (HVDC) transmission link
connected to a weak power system as shown in Fig. E22.3.

Eth��
jX V�0

P + jQ

���
��		
�

The equivalent Thevenin’s reactance of the line is 0.625 p.u. The converters consume
reactive power of 60% of the dc power. Assume converter commutating bus voltage (V∠0°) to
be 1 p.u. determine the ac system voltage when the d.c. system is disconnected or shutdown.

Solution: Several existing HVDC links have a high network reactance. In this case it is
given to be 0.625 p.u. Hence Thevenin’s voltage is given as
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Eth = 1
0 6
1

0 625
1
1

0 625+ × + ×.
. .j  = 1.51 ∠24°

The sending end voltage is 51% higher than the receiving end voltage which is an
intolerable level. Therefore, some measures must be taken to reduce the load rejection voltage.
The most effective method is to produce this reactive power locally with a synchronous capacitor.
It is to be noted that the synchronous capacitor increases the short circuit capacity of the bus
to which it is connected and hence it reduces the effective Thevenin’s reactance and, therefore,
voltage rise due to load rejection is further reduced.

From the discussion above following observations are made in regard to minimising
reactive power transfer. Wherever possible reactive power should be generated near the point
of consumption.

1. When the active power to be transferred is large i.e., the torque angle is large, it is not
desirable to transfer reactive power  over the transmission system as it requires substantial
voltage magnitude gradients (Normally ± 5% is permissible).

2. The flow of reactive power causes high real and reactive power losses.

3. During load rejection the reactive power may lead to damaging temporary over voltages
(Damaging the insulation of various equipments operating in the system).

4. It requires larger equipment sizes for transformers and cables.
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The concept of short circuit capacity has been discussed in detail in Article 13.13 of the book.

The short circuit capacity is defined as the product of the magnitude of prefault voltage
and post fault current. The strength of a bus is directly related to its short circuit capacity, the
higher the short circuit capacity of the bus the more it is able to maintain its voltage in case of
a fault on any other bus. Also it can be seen that higher the short circuit capacity, lower will be
the Thevenin’s equivalent impedance as seen between the faulted bus and the zero potential
bus. Consider say three buses in a large integrated network with SCC as 1500 MVA, 1200
MVA and 1000 MVA. If a three phase fault takes place on bus 3(1000 MVA SCC) the voltage of
bus 3 of course reduces to zero. The voltages of bus 1 and 2 sag. The sag in voltage of bus 2 will
be more than that in bus 1 as the SCC of bus 2 is smaller than that of bus 1. A low short circuit
capacity means a weak network. Switching on a load or a shunt capacitor or reactor will not
change the voltage materially in a high short capacity system. However, if the system is weak
i.e., it has a low short circuit capacity, a large size motor switched on in such a system may
stall or have difficulty in reaccelerating following fault. Motor starting will cause system voltage
dip.

Sometimes it is desirable to compare the size of the equipment to the strength of the
power system. A simple comparison is to divide the system strength by the device size.
Comparing a 1000 MW HVDC converter to 5000 MVA short circuit capacity power system
results in a short circuit ratio of 5000/1000 or 5. A high short circuit ratio means good
performance in terms of voltage regulation and vice versa.

A related term, used especially with HVDC, is effective short circuit ratio (ESCR). The
basic SCR accounts for only the network strength while ESCR accounts for shunt reactive
equipment at the device location. A synchronous condenser clearly increases the fault current
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and, therefore, the effective short circuit capacity. On the other hand, shunt capacitors and
harmonic filters (which are capacitive at fundamental frequencies) reduce the ESCR.

Several widely used approximate formulae for voltage regulation have been derived in
article 21.1 of the book and the formula for voltage regulation involving short circuit capacity
of a bus when switching in or out a reactive equipment is given by equation (21.8) or reproduced
here as equation (22.9).

∆ ∆V
V

Q
Ssc

~− (22.9)

Which means the per unit change in voltage at a bus equals the ratio of change in
reactive power at the bus to the short circuit capacity of the bus.

Suppose a bus has a short circuit capacity of 10,000 MVA and a capacitor of 300 MVAr is
connected to the bus, the change in voltage (increase) will be 300/10,000 = 3%.

Conversely, suppose a bus experiences a voltage change of 3% (decrease) the short circuit
capacity of the bus is 5000 MVA, the size of the capacitor required to be connected to the bus

would be ∆Q = ∆VSsc = 
3

100
5000

1
×  = 150 MVAr to compensate for 3% voltage dip.

From Fig. E 22.3 and equation (22.9) we have

E = V + ∆V

or V = E – ∆V = E – 
∆ ∆Q
S

V E
Q

Ssc sc

~− −


��
�

��
1

Assume V  ~−  E

Hence V = E
Q

Ssc
1 −


��
�

��
∆

(22.10)

Equation (22.10) approximates simple equation expressing the voltage drop from the
source to the load point. The variation is shown in Fig. 22.4.

V

E

System
characteristic

O
Q

���
�		
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Equation (22.10) represents a straight line with slope −
E

Ssc
 and ordinate E as shown in

Fig. 22.4. The slope of the load line is related to stiffness, a nearly flat slope means a strong
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system. The voltage reactive power characteristics of shunt reactive devices (capacitor, reactor
or static var compensators) can be superimposed on the system characteristic. The system
characteristic will not be linear at high inductive loading. The dashed portion of the
characteristic in Fig. 22.4 is an indication of voltage problem for large value of inductive reactive
power.
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Voltage stability covers a very wide range of phenomena from a slow phenomenon involving
the mechanical tap changing etc. to a fast phenomenon involving the induction motors, air
conditioning loads or HVDC links. Engineers and researchers have done lot of work in the
field over the past number of years. A few references are in place at the end of the Chapter.

Voltage stability or voltage collapse has been seen as a steady state problem involving
static power flow studies for analysis. The ability to transfer reactive power from sources to
sinks during steady operating conditions is a major aspect of voltage stability. It is to be noted
that the network maximum power transfer limit is not necessarily the voltage stability limit.

Voltage instability or collapse is a dynamic process. The word stability itself implies a
dynamic system and power system is a dynamic system. In a large complex power system, the
voltages of various busses, the flow of active and reactive power, etc. keep on changing with
time. It is to be noted that, in contrast to rotor angle (synchronous) stability, the dynamics
mainly involves the loads and the means for voltage control. Voltage stability, hence, has been
called load stability.

Voltage stability is a very important aspect of overall power system stability. The voltage
stability is analogous to stability of any other physical system.

Some of the definitions of power system voltage stability are given hereunder.

Definitions

1. A power system at a given operating state is small disturbance voltage stable if, fol-
lowing any small disturbance, voltages near loads are identical or close to the
predisturbance values.

2. A power system at a given operating state and subject to a given disturbance is volt-
age stable if voltages near loads approach post disturbance equilibrium values. The
disturbed state is within the region of attraction of the stable post disturbance equi-
librium.

3. A power system at a given operating state and subject to a given disturbance under-
goes voltage collapse if post-disturbance equilibrium voltages are below acceptable
limits. Voltage collapse may be total (black out) or partial.

Voltage stability results in progressive voltage decrease or increase. Destabilizing controls
reaching limits or other control actions e.g., load disconnection however, may establish global
stability.

Voltage stability studies normally requires a sudden increase in load or transfer of power
and is almost always an aperiodic decrease in voltage. Oscillatory voltage instability may be
possible but control instabilities, which may be due to too high a gain on a static var compensator
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or too small a deadband in a voltage relay controlling a shunt capacitor bank, are excluded.
Overvoltage phenomena and instability such as self excitation of rotating machines are outside
the scope of definitions. Overvoltages are normally more of an equipment problem than a
power system stability problem.

Sometimes the term voltage security is used which means the ability of a system not
only to operate stably, but also to remain stable following large contingencies or load increases.
This, infact, requires the presence of large margin between the operating point and the voltage
instability point or to the maximum power transfer point following large contingencies.

Even though voltage stability requires analysis of the power system under dynamic
conditions, static power flow methods are often useful for fast but approximate analysis.

The phrases used ‘Equilibrium points’ and ‘region of attractions’ used in the definition
are further explained in the succeeding section.

		
�
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The time frame for voltage instability or collapse ranges from a fraction of a second to tens of
minutes. Figure 22.5 shows a classification of voltage stability into transient and longer-term
time frames. There is almost always a clear separation between the two time frames. From the
figure it is also clear that many power system components and controls play a role in voltage
stability. However, only some will play an important role in a particular incident.
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We now describe the two classifications of voltage instability the transient and longer
term voltage stability.

www.EngineeringBooksPdf.com



D-8\N-SYSTEM1\SYS22-1.PM5

�����	
�
��	�������	
�������� �!�

1. Transient voltage stability: The time frame for transient voltage stability and
transient angle stability is almost same and varies between zero to about ten seconds. Because
of this overlap of period, it is difficult to differentiate between transient voltage stability or
transient angle stability and as such aspects of both phenomena may exist. Therefore, it may
not be clear whether angle rotor instability led to voltage instability or vice versa. Voltage
collapse is caused by unfavourable fast acting load component  such as a large induction motors
and d.c. converters.

It has been observed that during electric system islanding and under frequency load
shedding, there is a possibility that the system voltage may collapse whenever the imbalance
in the system reactive power is more than 50%. It is also found that voltage decays much faster
than the frequency, the voltage decay affects voltage sensitive loads, thereby the frequency
decay slows down and the load shedding due to under frequency relay is delayed. Also, the
under frequency relays require certain minimum voltage to operate, and during voltage decay
these relays may not operate and hence undervoltage load shedding may be necessary.

HVDC lines have been used in power system to enhance the power transfer capability of
the existing network or are used to link to ac system operating at different frequencies. These
HVDC circuits hence caused transient voltage stability problems as the converters and inverters
require large amount of reactive power for their operation and pose voltage stability problem
specially when power transfer is large (large angle δ) and for a large disturbance under such
situation it is necessary to reduce dc power to support voltage levels.

2. Longer term voltage stability: The time frame is a few minutes typically two-three
minutes. Hence operator intervention is not possible.

The longer term voltage stability involves high loads, high power imports from remote
generation and a sudden large disturbance which could be in the form of loss of large generators
in a load area or loss of a major transmission line (large capacity line). The system is transiently
stable. However, the disturbance causes high reactive power losses and voltage sags in load
areas. The distribution voltage regulators and the tap changers on bulk power delivery LTC
transformers sense the low voltages and act in a way to restore distribution voltages and thus
the load power levels are restored. This restoration of load further causes sags of transmission
voltages and nearby generators are overexcited and overloaded. Now over excitation is allowed
for one or two minutes to avoid over heating of the field winding and hence the field currents
return back to normal rated value (through field current limiters or power plant operator).
Therefore, the generators farther away from load are required to provide the reactive power
but as mentioned in the previous article, this method of transmitting reactive power is both
inefficient and ineffective. The generation and transmission system can no longer support the
loads and the reactive power losses and rapid voltage decay ensues. Partial or complete voltage
collapse follows. Finally the induction motors may stall and protective relays may operate and
depending upon the type of loads including means for disconnection at low voltage, the collapse
may be partial or total.

3. Longer term voltage instability: Here the time frame is in terms of tens of minutes
and involves a very rapid built-up of load in terms of MW/min. and hence a large rapid power
transfer increase: The operator actions in terms of timely load shedding and application of
reactive power equipments to avoid voltage instability is required. The other important function
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affecting the voltage stability are the time overload limit of transmission lines (tens of minutes)
and loss of load diversity due to low voltage (due to constant energy, thermostatically controlled
loads). Loads such as industrial process heating, space heating, water heating and air-
conditioning are controlled by thermostats, behaving the loads to be constant energy. For heating
loads, low voltage results in loss of load diversity since individual loads stay on longer. Over
time, the aggregated load changes from resistive to constant power. Electric space heating
may be a large load during cold weather. The effective time constant for loss of diversity becomes
shorter during cold weather depending on factors such as temperature, wind and building
thermal time constant. The heater-on cycle time will be longer and the off cycle time will be
shorter. The final stages of instability involve actions of faster equipment as described in the
other two forms of voltage stability.

Various equipments interact during this time frame as shown in Fig. 22.5 e.g., voltage
regulation using tap changers will prevent loss of diversity by thermostatic regulation of constant
energy levels as explained above and over excitation limited operation prevent normal generator
voltage regulation.

Example 22.4: There are four thermostatically-controlled electric space heating loads
of 1 p.u. power each. It is found that under certain weather conditions and for 1 p.u. voltage,
they are on for four minutes and off for four minutes. The on-off cycle of the four heaters are
initially symmetrically distributed so that two heaters are on at any point of time. The voltage
suddenly drops to 0.894 p.u. Calculate the new on and off times for constant energy.

Solution: Since the power is proportional to square of voltage, the new power per heater
will be 1 × (0.894)2 = 0.8 p.u.

The average power per heater is 0.5 p.u which must be maintained for constant energy.
After the voltage reduction, the off-time will remain at four minutes. However, the on-time
will increase which is calculated as follows:

  Average power 0.5 = 
0 8 0. ( ) ( )t t

t t
on off

on off

+
+

= 
0 8

4
. ( )t
t

on

on +

or 0.5 ton + 2 = 0.8 (ton)

or 0.3 ton = 2 or ton = 6.67 min. Ans.

Airconditioning and other compressor loads are constant energy loads. However, since
they are nearly a constant power loads before thermostatic control, there will be little change
in load diversity with voltage changes.
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Voltage stability is normally inter linked with the rotor angle synchronous stability. It is difficult
to separate the two kinds of stabilities. Transient voltage stability is more or less inter linked
with transient rotor angle stability and slower form of voltage stability is inter linked with the
small disturbance rotor angle stability. The mechanism leading to these stabilities is more or
less the same and is difficult to seperate.
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However, these are extreme situations when voltage stability could be distinguished
from rotor angle stability and vice versa. Consider Fig. 22.6 (a) where a synchronous machine
is connected to an infinite bus or a large system.

jX

Finite
synchronous

M/C
Large system

Large system Load

jX

(a)

(b)

���
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It is a case of pure angle stability whereas in Fig. 22.6 (b) where an asynchronous load is
connected to a large system is a case of pure voltage stability example.

Both the rotor angle stability and voltage stability are affected by reactive power control.
The rotor angle steady state stability used to be a major problem before the use of fast and
continuously acting automatic voltage regulators became available. By increasing the voltage
levels either by automatic voltage regulator (or by overexciting generators) the steady state
stability could be improved. Therefore, we see a relation between small disturbance angle
stability and longer term voltage stability as the field current of the generator when overexcited
prevents normal automatic voltage regulation for a longer time as the over excitation limiter
brings the excitation back to normal value after two to three minutes. Therefore, generator
field current limiting is detrimental to both forms of stability.

Rotor angle stability is normally concerned with integrating remote power plants to a
large system over long transmission lines whereas voltage stability is concerned with load
areas and load characteristics. Therefore, rotor angle stability is basically generator stability
and voltage stability is basically load stability. In a large interconnected system, it is possible
that there may be voltage collapse without loss of synchronism of any generators.

It can, therefore, be concluded that if voltage collapses at a point in a transmission
system remote from loads, it is an angle instability situation. However, if voltage collapses in
a load area it is probably mainly a voltage instability situation.

One reason for voltage instability in the power system which are in existence and in
operation for a long time is intensive use of existing generation and transmission. This is
because of the difficulties in building new generation in load areas and difficulties in building
transmission lines from generators which are located at far off places due to nonavailability of
right-of-way.

A second reason is the vast use of shunt capacitors banks for reactive power compensation.
The excessive use of shunt capacitor even though enhances the power transfer limits, it results
into a voltage collapse prone fragile network. The network is termed as fragile as output of
shunt capacitor decreases as square of the voltage. If a transmission line is compensated to
improve the transient stability limitations, then either, thermal capacity or voltage stability
may dictate the transfer limits of the line.
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Series capacitor compensation has conventionally been used for long transmission lines
to improve transient stability of the system. However, now a days series capacitors are also
used on short transmission lines to improve voltage stability. Series compensation reduces the
net inductive reactance of the line. The reactive power generation I 2XC due to series capacitance
compensates for the reactive consumption I 2XL due to series inductance of the line. Series
capacitor reactive power generation increases with the current squared, thus generating reactive
power when most needed. This instantaneous inherent self regulation is very valuable and
because of this property, series compensation should be compared with active shunt
compensation (static var compensators) rather than passive shunt capacitor banks. At light
load series capacitors have little effect. Short reactors are required for long lines.

For more details on line compensation, the reader is suggested to refer to chapter 21 of
the book which is wholly devoted to compensation in power system.
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In order to study the voltage stability it is important to understand the load characteristics
including the subtransmission and distribution networks that connect consumers to the
transmission network and generation.
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The transformers with bulk power delivery may have load tap changers (LTC transformers) or
there may be a voltage regulator in series with the transformer on the secondary (LT) side. For
voltage stability the impedance of transformer is important. Leakage impedances of bulk power
delivery transformer vary between 8 to 11% on its base.

Impedances of distribution transformers are 2 to 4%. The bulk power delivery
transformers represent a major portion of the distribution system impedance. Normally, it is
thought that the distribution transformer as compared to power transformers are operated at
lower flux density to decrease iron losses so that all day efficiency of the distribution transformers
is obtained high. However, from voltage stability point of view many distribution transformers
operate with some degree of saturation, as a result the exciting current is sufficiently large
even at rated voltage. Exciting current is reduced during voltage sags accounting for the high
reactive power voltage sensitivity 3 to 6% reduction in reactive power for a 1% reduction in
voltage.
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Distribution feeder circuits leave the bulk power delivery substation. Where feeders are of
different lengths, the transformer tap changing regulator is often replaced with individual
feeder tap changing voltage regulator mainly the auto transformers. The X/R ratio of these
feeders is much smaller as compared to those of transmission lines. Long feeders which generally
serve residential or farm loads, may require additional voltage regulators. Fixed and switched
shunt capacitors can also be installed along the feeder to control voltage. From voltage stability
point of view we are especially interested in the characteristics of longer feeders that add
significant impedance between bulk power delivery transformers and loads.
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Many electric utilities use intentional voltage reduction to obtain load reduction during times
of generation or transmission capacity shortages and then energy is also conserved. Many
utilities have also used voltage reduction technique as an emergency measure to improve voltage
stability. Voltage reduction is accomplished through tap changing transformers and distribution
voltage regulators.

Voltage reduction should be as close as possible to the loads and downstream from shunt
capacitor banks. Often the per cent reduction in reactive power load is much more than the
reduction in active load. This is because distribution transformers and some motors are operated
in magnetic saturation at normal rated voltage.

		
'
' �#$�����#������,

Most of residential and commercial motor use is for the compressor loads of air conditioning
and refrigeration. Compressor loads require nearly constant torque at all speeds and are the
most demanding from a stability point of view. Pumps, blowers and fans, and compressors
account for more than half of industrial motor use.

It has been observed that motors are usually oversized with perhaps 50% of all integral
horse power motors operating at less than 60% of rated load. Large industrial motors and
motor supplied as part of packaged equipment, however are usually properly sized.

The steady state active power drawn by motors is fairly independent of voltage until
point of stalling. Motors reactive power is more sensitive to voltage levels. As voltage drops,
the reactive power will first decrease but then increase as the voltage drops further. It has
been observed that for motor loads ∆Q/∆V varies between 0.4 and 3.5. Values of ∆Q/∆V greater
than 2 probably reflect operation with motor core saturation. It has been observed that constant
torque loads and heavy loadings are more onerous for voltage stability. The reactive power
voltage sensitivity decreases with increased loading.

Voltage instability is likeliest during very high load levels caused by extreme
temperatures. For summer time conditions, a major part of the load will be air conditioners.
The air conditioners have low inertia constant (H) and these are prone to stall. The tests have
shown that airconditioners will decelerate and  stall at fault voltages below about 60%–assuming
five cycles or longer fault clearing time. With slower fault clearing, air conditioners may stall
at higher fault voltages. After source voltage comes to normal, stalled motors will not recover
until compressor pressure bleeds off. Thermal overload protection will disconnect the air
conditioners in 3 to 30 secs. Large commercial air conditioners have undervoltage relays which
trip the units within five cycles after voltage drops below 70%.

Figure 22.7 shows the speed torque curves as a function of voltage and temperature for
a residential central air conditioner compressor motor. The constant torque mechanical
(horizontal lines) characteristic shown is the most demanding. The motor stalls whenever the
electrical input (Torque speed curve) is less than the mechanical output. The stalling of the
motor continues until compressor pressure bleeds off.
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The dynamic characteristics of induction motors are critical for voltage decay or voltage
dips below about 0.9 p.u. At sustained low voltages between about 0.7 and 0.9 p.u. many motors
will stall and draw large amount of reactive power. Stalling of one motor may cause nearby
motors to stall as this motor draws large reactive power and hence the voltage of the bus to
which this motor is connected dips further and the other nearby motors may come to a stop.

If we refer to the equivalent circuit of an induction motor, the variable is the slip. However,
whenever a disturbance takes place in the system to which the induction motor is connected,
the motor will first act as an impedance load as the slip s can’t change instantly. It changes
only after initial dynamics lasting a few tenths of a second. This ‘‘impedance jump’’ responses
to a step change in voltage.

Example 22.5: Consider the P-V curve of an induction motor fed from a weak power
system. Assume the motor is (i) at a normal operating point and (ii) transiently on the bottom
side of the P-V curve. Analyse the effect of energizing a capacitor to stabilise the motor. Discuss
whether the voltage will increase or decrease and state the location of the final operating
point.

Solution: Figure 22.8 shows the corresponding static (constant motor power) P-V curves
(P-V curves are shown in Fig. 21.2) and the motor constant slip resistance characteristics.

We know that, the power input to the rotor is 
V

R se

2

2
 = Pe and for constant slip, let the

resistance be R′2e, hence Pe = 
V
R e

2

2′
 or V = R Pe e′2  or y = mx  and the characteristic will be as

shown in Fig. 22.8.
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Point A is assumed normal initial operating point on the upper part of the P-V curve and
point B is the assumed transient operating point in the bottom side before capacitor switching
(the transient operating point is at a power equal to the mechanical power). Because of the
initial impedance response, capacitor energisation causes increase in voltage and an immediate
jump from point A to A′ or from point B to B′. In either case, the electrical torque or power is
grater than the mechanical torque as A′ and B′ lie to the right of the vertical line Pm(1 – S).
The motor accelerates and settles at point C along the P-V curve when capacitor is connected
and thus the slip is reduced as the resistance curve passing through the origin and the point C

having the relation V = R Pe′2  will have larger slope than the previous two curves shown in

the Fig. 22.8 and hence slip is reduced and also since the motor accelerates, the slip reduces.

If, however, the voltage decays to a value less than point B and if point B′ (after capacitor
switching) is less than the initial power i.e., B′ lies to the left of the vertical line Pm(1 – S), the
motor decelerates, which finally leads to stalling of motor and voltage collapses.

Overload and under voltage protection provided in the starter of the induction motors
are equally important, as the motor dynamics and possible stalling of these motors. Figure 22.9
shows a typical starter used with most of the industrial motors. The voltage coil has two
operations, pick up and drop down. The ac contactors connect the motor to the supply whenever
the voltage is about 90% of the rated voltage which is the pick up, whereas when the voltage is
less than a prespecified voltage (drop down) the ‘M ’ relay releases the contactors and the
supply to the motor is disconnected. The drop down voltage is not consistent. This voltage is
variable and ranges between 60% to 80%. In the field, contactor drop down voltage has
occasionally been experienced at even higher voltage which may be due to poor maintenance,
contamination or incorrect application e.g., a 600 volt starter on 400 volt motor.

There are many alternatives to the circuit shown in Fig. 22.9 which reduce unnecessary
tripping of critical motors. These include mechanical latch ‘M ’ relays and control power from a
source other than the power system. Starters are also available that will reconnect the motor
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following a momentary voltage dip. Very large motors have circuit breakers and relays which
will trip the motor only if the damage is imminent.

Motor

OL

OL

Overload
relay

M

M

M Fuse

Line

OL

M

M

Stop

Start
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It is to be noted, therefore, that because of the many unknowns regarding motor control
and protection, disconnection of load should not be relied on to prevent voltage instability.

���	�
���������������������

There are some small capacity captive power plants in the load area. The larger synchronous
generators and motors with automatic voltage regulators will improve voltage stability.
However, excitation control on smaller synchronous generators connected to distribution
networks may instead regulate p.f. so as not to interfere with utility voltage regulation. Many
non-utility generators are induction generators with shunt capacitor compensation. Performance
is similar to that of induction motor.

Induction generators are simpler and cheaper. However, the synchronous generators
are more efficient and are usually used for large power ratings. Network reduction software
can be used to develop equivalents for sub transmission networks which include non-utility
generators of significant size.

���	�������������������������������

The secondary or distribution side of bulk power delivery substation usually have shunt capacitor
compensation for reactive power management rather than for direct voltage control. If the
load on the main transformer is high, there is large reactive power demand and large reactive
power loss and hence to reduce these, some capacitors are switched on. With this, the capacitors
also release transformer capacity as transformers need not transfer reactive power. Again to
maintain voltage levels between two bus bars to certain prespecified values reactive power
transfer should be minimised. This is why reactive power compensation is provided close to
the reactive power consumption.

With distribution automation, the future will probably see more centralised control of
substation capacitors and feeder capacitors to optimise operation of an entire area.

The instantaneous response of the series capacitors is important when load fluctuation
causes voltage flicker. However, there are certain difficulties with use of series capacitors,
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including ferroresonance in power transformers and sub synchronous resonance (SSR) during
motor starting.

For more details on reactive power compensation of load, the reader is suggested to
refer to Chapter 21.

���	���������������������� �����!"����#�$��������"$�����

We have studied in a previous article that tap changing, a principal mechanism leads to voltage
instability. Following a disturbance, the voltage sags provide temporary relief, in less than a
minute, however, tap changing equipment starts to restore the load side voltage and thus the
load.

The process of tap changing is explained as follows:
Bulk power delivery load tap changing transformers (LTC) and distribution voltage

regulators act identically while regulating load side voltage.
A voltage relay monitors load side voltage. If the voltage goes out of certain prescribed

limits, a timer relay is energized. If the relay times out (after tens of seconds), the tap changing
mechanism will be energized and tapping takes place until the voltage remains within
prespecified limits. Once within limits, the voltage relay and timer mechanism is reset. In the
course of a voltage collapse, tap changers on individual transformers or voltage regulators
may reset several times thus slowing the voltage collapse process.

Bulk power delivery LTC transformers and distribution voltage regulators usually have

± 10% tap range consisting of thirty two steps of 
5
8

20
32

5
8

% =�
��

�
��
 each.

Effect of tap changing on shunt compensated load: We know that, whenever there
is sag in the voltage the tap changing aggrevates voltage stability by restoring the load on the
system. This is true especially when the p.f. of the loads is high (Heating load). However,
sometimes voltage regulation by tap changing may improve voltage stability when the p.f. of
load is lagging, the loads are voltage insensitive and these are heavily shunt compensated,
e.g., industrial consumers with high motor load and loads with high air conditioning component.
This is explained as follows: The real part of the load is nearly constant power and not affected
by tap changing. The reactive part of the load may have relatively low voltage sensitivity. The
shunt compensation, however, has a voltage squared reactive power sensitivity. Thus the main
effect of tap changing is to support the capacitor output.

Example 22.6: An industrial load has motors which are shunt compensated. Assume
that the real part of the load is insensitive to voltage variation, determine the voltage sensitivity
at nominal voltage of the net reactive load assuming 75% shunt compensation. The
uncompensated voltage sensitivity is ∆Q/∆V = 1.0. Discuss the effect of tap changing.

Solution: The net reactive power

Qnet = Qload + Qcap

= 1 V1 – 0.75 V2

Voltage sensitivity  = 
dQ

dV
net  = 1 – (0.75)(2) V = – 0.5 for V = 1 p.u.

Since the voltage sensitivity is negative voltage regulation by tap changing will reduce
net reactive load and thus improve voltage stability. It is to be noted that normally reactive
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power voltage sensitivity of the load may be higher than unity which results in less benefit
from tap changing.

Whenever possible, the capacitor should be connected on the regulated side of tap
changers.

LTC transformer equivalent circuit: The main effect of tap changing on voltage
stability is restoration of voltage sensitive load that is reduced during voltage sag. For an ideal
transformer, and an impedance load, the load is reflected to the primary side (high voltage
side say) by the square of the turns ratio (V1/V2).

Figure 22.10 shows an LTC transformer equivalent circuit. This circuit has already
been derived in Chapter 18 on load flows in this book in Article 18.2.

If we replace 
1

1( )+ t
 by n, we have the equivalent circuit as shown in Fig. 22.10. Here Y

= 1
Z

 where Z is the series impedance of the transformer.

Y2Y1

nY

V1V1 V 2V 2

Y = n(n – 1) Y1 Y = (1 – n) Y2

(b) Equivalent

V1 V2

1 : n

Y = 1
Z

(a) Schematic

��������%&�	� ��&��*����1��� $��"�������"'������"����&&���*�� $�"������ "��'

For tapping to raise secondary voltage, the primary side shunt element is a mathematical
reactor (as n > 1) and the secondary side shunt element is a mathematical capacitor. The
secondary support depends upon additional reactive power from the primary system. The
primary or source system should be strong enough to support this effect of tap changing.

Example 22.7: A 230/34.5 kV transformer has 10% leakage reactance. Assume initial
n = 1. Determine the effect of tapping to raise the secondary voltage by 10%.

Solution: Since the secondary voltage is to be increase by 10%, the off-nominal turns
ratio is 1 + 0.1 = 1.1.

Since the leakage reactance of the transformer is 10%, neglecting the resistance
component, the series admittance of the transformer is 1/j0.1 = – j10.

Hence the equivalent series admittance of the transformer is nY = 1.1 × (– j10) = – j11.
The primary side

 Y1 = n(n – 1)Y

= 1.1(0.1)(– j10)

= – j1.1

and  Y2 = (1 – n)Y = (1 – 1.1)(– j10) = j1.0
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The shunt elements equal to a reactor of 1.1 V1
2 size on the primary side and a capacitance

of size 1.0 V2
2 on the secondary side.

���	������� ��������������

For individual feeder regulation line drop compensation is often used to regulate a point farther
down the feeder. Figure 22.11 shows a circuit with line drop compensation to regulate a point
R + jX primary ohms down the feeder. It is to be noted that the capacitor current is subtracted
in the current transformer circuit. The capacitor would be switched by a different measurement,
current or time or temperature or voltage on generation side of regulator.

Voltage
regulator

IL C+ I
IL

IL

IC

IC

C
R + jX Voltage

regulator
relay
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Voltage stability has been termed as load stability. The ‘load’ is the load seen at transmission
system high voltage buses and includes the effects of sub transmission and distribution systems.
Due to low voltage, there is temporary reduction in the load and the restoration of these loads
during low voltage is a key aspect of voltage stability.

Active load is restored by three mechanisms:

1. Whenever, there is change in voltage the induction motors respond rapidly to match
their mechanical load within a few seconds. Immediately after the sudden change in voltage
the induction motor acts as an impedance load, as momentarily, the slip of the motor does not
change because of motor inertia and from the equivalent circuit of the motor, if slip is constant,
it acts as an impedance load. For slow voltage decay, fast responding motors track the slow
dynamics of other equipment, thus acting as constant active power loads.

2. Automatic tap changing on bulk power delivery transformers and distribution voltage
regulators operate over tens of seconds to several minutes to restore load side voltage and thus
the voltage sensitive loads are restored. Reactive power load and reactive power output of
shunt compensation are also restored.

3. Resistive loads with constant energy are restored by thermostatic or manual control.
For the overall loads this results in a loss of load diversity over a period of time after a reduction
in voltage takes place.
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The dynamics of restoration of load by the above mentioned mechanisms, using first
approximation, can be modeled as first order differential equation using a single time constant
even though it is a crude approximation especially for the tap changing mechanism. Of course
the time constant are different for different mechanisms. However, the load restoration
mechanism can be unified for conceptual analysis. Figure 22.12 shows the three types of loads
connected at one bulk power delivery load bus.

P, Q

V

C

Tap changer dynamics
regulating low voltage side

Constant energy
load dynamics

Induction motor
dynamics

��������%��	�����*��� ���*��&������"�� "�����&���$" ��������"����$� -�'

The state variable for the first order equation for the first mechanism is the motor slip
s, for the second the turns ratio n of the tap changer and load conductance G for the third
mechanism.

As state variable increases from zero, the load power increase, reaches a maximum
value and then start decreasing as shown in Fig. 22.13.

P

Po

O Xs Xu s, n or G

Pre disturbance
curve

Initial and final power

Post disturbance
curve
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As the state variable increases, the load increases and hence the voltage monotonically
decreases.

Figure 22.13 is similar to torque slip characteristic of the induction motor. The applicable
first order differential equation is

2Hω 
ds
dt

 = Po – Pe (22.11)
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where H is the inertia constant of the motor, ω the angular speed of the motor, Po is the initial
shaft output power assumed to be constant for simplicity Fig. 22.13 shows the predisturbance
curve and post disturbance curve, the disturbance could be in the form of a fault and the curve
represents the condition when the fault is cleared. For this curve and the shaft output, the
‘region of attraction’ to stable operating point lies between xs and xu as during this variation of
slip, the electrical input to the motor is greater than the shaft output (Pe > Po) and hence the
motor will accelerate and hence slip s decreases and the motor will finally operate at point xs.

The differential equation defining the operation of thermostatically controlled heating
loads is given as

T dG
dt

 = Po – V 2G (22.12)

The situation is similar to that of the induction motor. For stability following a large
disturbance, the conductance at the moment of the final source system configuration (say,
after circuit restoration and shunt capacitor insertion) must be within the region of attraction
of the stable equilibrium point xs. The region of attraction extends up to the point xu as between
xu and xs VL

2 G is greater than Po and the thermostats will reduce conductance and hence
increase voltage until point xs is reached.

The situation is similar with the tap changers. The formulation could be changed so
that the equation applies, where G is the conductance reflected to the high voltage side by tap
changing.

���
 �)/)���01/��2�����)�03�0�3

The synchronous alternator with its controls is one of the most complex components of power
system. While describing longer term voltage stability we have found two major factors which
affect this stability viz. load restorations by tap changing and generator current limiting. The
load restorations by tap changing has been discussed in the previous article. We now concentrate
on the generator current limiting process. The voltage instability in power system is due to
some disturbance in the form of a sudden large increase of load or a sudden failure of a large
alternator which results into a generation load imbalance and causes redistribution of power
flow and reactive losses. We now study how power plants respond to these imbalances.

Capability curves of alternators: A synchronous machine when over excited delivers
lagging reactive power to the system whereas when under excited it draws lagging reactive
power from the system i.e., it operates at leading p.f. The upper excitation limit is governed by
the thermal heating of the field winding whereas the lower excitation limit is governed by the
stability of the synchronous machine. For certain output power P of the alternator there is
going to be certain minimum excitation limit and hence the torque angle δ between the two
magnetic fields viz., the rotor and stator magnetic fields, below which the machines pull out of
step. Therefore, it is to be noted that for a given terminal voltage V and the power P to be
transferred, there is some value of Q below which the machine will go into unstable operation.
For further details on this aspect, the reader is suggested to go through Article 17.12 of the
book.
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Similarly, the maximum active power generation of an alternator is limited by thermal
consideration of the stator winding whereas minimum power generation is limited by the flame
instability of a boiler (Article 19.1).

The capability curve of a synchronous machine shows the limits placed on the P and Q
by the permissible temperature rise of the winding and by the mechanical system connected to
the shaft (prime move, boiler) assuming operation at rated terminal voltage. Figure 22.14
shows capability curve for an alternator. In case of an alternator, the power limit is determined
by the prime mover rating and is fairly fixed or definite.
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Capability curve is plotted by taking P as the ordinate and Q the abscissa. Operation
within the boundaries of the curve is safe from the view point of heating and stability. Once an
operation point S0 is located corresponding to a desired active power P0 and Q0, the following
information is available. Here S0 = P0 + jQ0.

1. If S0 is inside the capability curve, the machine will not get overheated and will
remain stable.

2. A line drawn from S0 to the origin of field current If axis, the angle between Q-axis
and the line is the torque angle δ0.

3. The length of the line of 2, above, is a measure of the field current required to operate
at the designated value of P = P0 and Q = Q0 with rated terminal voltage.

4. A line from S0 to the origin of the Q-axis will be at the p.f. angle φ0 from the ordinate.

The alternator capability is greatly enhanced with better cooling and hence the area of
the capability curve increases and the operation zone of the alternator for safe limits increases.

It is found that for p.f. less than 0.9 lag, the limiting factor is field winding heating as
the reactive power demand increases which can be met by overexciting the field winding.
However, between p.f. 0.9 lag and 0.95 lead the limiting factor is the armature current and
hence heating of the armature winding. For lower leading p.f. (lower than 0.95 lead) since the
field winding is under excited, the limiting factor is armature core end heating or system
stability.
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In the portion of the capability curve where armature current is limiting the power
capability obviously varies with terminal voltage and field winding curve also varies with
terminal voltage.

Example 22.8: A generator is rated for 0.95 lag p.f. The turbine rating is specified to
match the real power at rated p.f. Assuming the rating of turbine fixed, determine the generator
rating if 0.8 lag p.f. is specified. Also, calculate the additional reactive power capability at full
load.

Solution: Assuming the active power fixed and equal to P, the rating of the generator

for p.f. 0.95 will be S1 = 
P

0.95
 = 1.0525 P and that for p.f. 0.8 it will be 

P
0.8

 = 1.25 P MVA.

The increase in MVA rating for same MW is

1.25 1.0525
1

−
 = 18.75%

Additional reactive power capability is calculated as follows :

Since Q = P tan ϕ = 0.33 P for p.f. 0.95 and for p.f. 0.8, Q = 0.75 P. The per cent of

additional reactive power capability is 
0.75 0.33

0.33
0.42
0.33

− =  = 1.27 or 127%.

This additional reactive power capability could be utilised during voltage emergency.
Therefore, an effective method to improve voltage stability is to use shunt capacitor banks, so
nearby generators can operate near unity p.f. with substantial spinning reactive power reserve
that can be rapidly activated to prevent voltage instability.

Generator Q-V Curves: These diagrams are constructed from a series of capability
curves for different network (generator high voltage side) voltages V. The diagram is for the
generator plus its step-up transformer for a particular value of active power P. From a system
viewpoint, the network voltage is most important.

Figure 22.15 shows a Q-V diagram where curves for constant terminal voltage Vt are
shown. If the terminal voltage Vt and network voltage V, are given the reactive power of the
generator can be found from the diagram.

When the alternator is regulating voltage; the curves for constant Vt are sufficiently flat
which shows that a small change in network voltage results in a large change in reactive
power output. Alternators maintain the network voltage almost constant whereby voltage
collapse is prevented. The characteristic is similar to an SVC in its active control range. If the
network voltage becomes sufficiently low, either the field current limit or the armature current
limit of the alternator is reached. This drastically changes the characteristic of the alternator.
The slope of the rotor current limit curve is nearly vertical (nearly constant reactive power
output), which means that voltage support from the alternator is lost when this limit is reached.

If armature current limit is reached, the reactive power from the alternator decreases
fast if the network voltage is further reduced and under this condition voltage instability is
likely. Also note that limits on acceptable terminal voltage may be violated which may adversely
affect the operation of the station auxiliaries.
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Operating practices: Voltage stability can sometimes be improved by reducing real
power on certain alternators so that more reactive power can be made available. In some cases
the gas turbine alternators are exclusively used to supply only reactive power under system
sagging voltage condition under emergency condition. Gas turbines require about 5 minutes to
bring to the busbar and thus voltage stability chances can be improved. If during a severe
disturbance a generator is feeding a highly overloaded line, stability can be improved by reducing
active power loading and rescheduling the generation at power plants serving lightly loaded
lines into the load area.

Normally generators are operated at high p.f. Power plant operators should be trained
in the basics of voltage stability and instructed not to reduce alternator reactive power output
during rare system emergency when high levels of reactive power output are required.

���
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Excitations control is by automatic voltage regulators (AVRs). Alternator terminal voltage is
measured and compared to a desired or reference voltage. The error signal controls the exciter
output which is the main alternator field voltage. Articles 17.9 and 17.10 in this book describe
the role of AVRs in improving stability of system and various excitation systems respectively,
the reader is suggested to refer to these articles for finer details.

Network voltage control: As mentioned earlier the voltage stability of the system can
be greatly improved if alternators regulate the network voltage on the higher voltage side of
the step up transformer connected to the alternator. Network voltage should be held as high
as possible. There are various methods to regulate the network voltage, the most common
being line drop compensation (Article 22.5.8 of the book). With line drop compensation the
alternator current is measured to compute the IZ drop part way through the alternator step-
up transformer this becomes the regulated point. For compensation usually reactive component
of current is used. About 50 to 80% of the leakage reactance of the transformer is compensated
in the case of the multiple alternator power plants.
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When a large number of alternators are connected to the same common bus (low voltage)
e.g., in hydroelectric alternators, line drop compensation becomes difficult. When two or more
alternators regulate the same point, reactive current compensating circuits or other methods
are required to equalise reactive power sharing and control effort. It is possible to regulate a
point beyond the network bus (high voltage bus).

The other method consists of a secondary outer control loop to adjust the voltage regulator
set point in order to maintain the desired network voltage (HT side). To minimise adverse
control interactions, the outer loop should be an order of magnitude slower than the primary
terminal voltage regulation. The high network voltage control, therefore, should respond in
around ten seconds following a disturbance. This is found to be sufficiently fast for the slower
forms of voltage instability i.e., it is faster than restoration of load by tap changing.

Yet another method for better network voltage control is on load tap changing of generator
transformers. These transformers or LTC auxiliary equipment transformers do not have
constraints on fixed tap transformers, tap settings of main and auxiliary transformer should
be optimised from the view point of voltage stability performance. This optimal performance
means after a sever disturbance takes place, the field current limits of all alternators should
reach at the same time. These limits on field currents can generally be determined off-line.
The construction and operation of LTC transformers is given in Chapter 10 of the book.

Excitation control for transient voltage stability: As discussed in Chapter 17 on
power angle stability that to improve transient power angle stability fast excitation system is
important and since the period for transient angle stability and transient voltage stability
overlap, the fast excitation system will improve transient voltage stability especially as the
problem is associated with induction motor loads or HVDC links. The speed of generator and
excitation system dynamics are similar to the speed of the load dynamics. Static exciters and
other high initial response exciter will improve stability. High exciter ceiling (overshooting the
mark, a term used in connection with high exciter ceiling) voltages allowing momentary high
field overload are important. For further details on the exciters and monitoring and controlling
minimum excitation limiters (to avoid unstable operation) and maximum excitation limiters
(to avoid overheating of the rotor winding) refer to Chapter 17 of the book.

There are a wide variety of over excitation control and protection devices (usually an
IDMT relay is used) in service. Normally the power plant should be visited to determine the
exact equipment in service and the settings. It is desirable to have an excitation system which
has a continuous field current limiting control loop.

Generator armature protection and system back up protection has been discussed in
detail in Section 14.11 of the book and will not be repeated here.

���� �����1+)���01/

Mainly there are three modes of operating HVDC links (i) Constant voltage (ii) Constant current
and (iii) Constant power. Closed loop controls regulate rectifier and inverter firing angle to
indirectly control parameters such as direct current, extinction, d.c. voltage and d.c. power
converter transformer tap changing, operates in a slower time frame to optimise operation.
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For normal operation of long distance two-terminal HVDC links, the following strategies
prevail:

1. The rectifier controls d.c. current through firing angle control.

2. The inverter sets the d.c. voltage through constant (minimum) extinction angle con-
trol and ultimately through firing angle control.

3. The rectifier tap changer operates to allow desired rectifier firing angle.

4. The inverter tap changer operates to control rectifier voltage (sending end) to maxi-
mum.

5. DC power is controlled at the rectifier as a current regulator outer loop. The required
current is the scheduled power divided by the d.c. voltage. The power control may be
slow compared to the basic current control.

In case of HVDC links it is desirable to have high p.f. of the system (rectifier or inverter)
for the following seasons:

1. For a given current and voltage of the thyristor and transformers, the power rating of
the converters is high.

2. The stresses on the thyristors and damping circuits is reduced.

3. For the same power to be transmitted the current rating of the system is reduced and
also the copper losses in the a.c. lines are reduced.

4. In a.c. lines the voltage drop is reduced.

The p.f. on the a.c. side can be improved by using shunt capacitor. However, this involves
cost both for the capacitors and the switching devices but this may be worth it from voltage
stability point of view.

On d.c. side, the p.f. of the converter is given as

cos φ = 
cos cos ( )α α γ+ +

2
(22.13)

for a rectifier and for an inverter it is given as

cos φ = 
cos cos ( )δ δ γ+ +

2
(22.14)

where α is the firing angle or control angle, γ is the angle of overlap and δ is the extinction
angle of the inverter. This equation is taken from Chapter 5 as equation (5.23).

For further details about HVDC links, refer to Chapter 5 of the book. As a typical case
we study the inverter control.

Inverter control: The basic inverter control is constant extinction or commutating
margin angle control at a minimum value γmin. The extinction angle is so selected as to ensure
sufficient time for commutation during most conditions. Equation (22.14) suggests that when
extinction angle δ is increased, the p.f. cos φ decreases and hence this results in higher reactive
power equipment cost and equipment losses as current increases for the same power. This
therefore, requires additional reactive power supply equipments. However, for weak system
minimum extinction angle design and operation results in poor performance. The inverter
characteristics are usually modified to improve performance.
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Voltage collapse: We now discuss the sequence of events which take place when a
large disturbance occurs near the inverter when there is heavy load on the system and the
inverter is in the constant extinction angle control mode of operation:

1. Due to large disturbance a.c. interconnection will be heavily loaded and hence the
power system is highly stressed.

2. As a result of disturbance the voltage sags and the voltage recovers slowly. As a result
voltage swings result from electromechanical oscillation between synchronous generators.

3. Due to sag in voltage reactive power output of the capacitor banks and filters reduces.

4. In certain cases, there are controls that increase extinction angle for a.c. voltage drop.
This is to maintain constant volt-second commutating margin.

5. The inverter p.f. will reduce because of the low a.c. voltage drop and the possible
increase in γ. This is apparent from equation (22.14).

6. As p.f. decreases sin φ increases which results in high reactive current requirements.

If power control is fast compared to the voltage swing, direct current will be increased as I = 
P
V

and V is changing slowly, this makes the p.f. still worse and reactive power requirements
increase further. Attempting  a fast dc power increase to improve transient rotor angle stability,
will further increase reactive power requirement and may be counter productive from transient
voltage stability point of view.

7. The combined effect of the reduced capacitor bank and filter reactive power output
and the increased reactive power requirement of the inverter would further reduce the system
voltage and finally might lead to voltage collapse.

8. Converter transformer tap changing may occur within few seconds. This may add
more burden on a.c. system.

9. Reduction in d.c. current and power by some suitable controls may stabilise the system
voltage. Reduction in d.c. power may, however, aggravate transient rotor angle stability leading
to more severe voltage swings.

It is to be noted that even if the inverter were initially in constant d.c. voltage control,
the minimum extinction angle mode would result because of declining a.c. voltage and increasing
direct current.

Comparison between a.c. and d.c. transmission: In order to study the dynamic
performance of power system, usually transient stability programs are used after a simulation
model of an actual system is prepared. For this detailed models of HVDC links and motor loads
are required. Normally both the rotor angle and voltage stability must be considered and
appropriate trade-off made between the two types of stability as the interaction between the
two forms of stability may be complex.

In planning a new long distance interconnection, one has to choose either HVDC link or
an a.c. line. Dynamic performance in terms of the two forms of stability should be taken as the
basic criterion. The ability to use fast acting stability enhancing controls to HVDC links is
often taken as an important advantage of HVDC.
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However, in case of a.c. transmission, large networks operate in synchronism. Whenever,
there is a disturbance the inherent properties of a.c. transmission support the stability of
interconnected synchronous alternators as, if there is outage of say one line, parallel lines will
effectively instantaneously pick up the power, being transmitted by the lost line. Also, due to
inertia of the synchronous machines, inertial power swings will follow to provide additional
synchronising and damping powers to generators. Although reactive power losses will increase,
and line charging power will decrease, the effects are relatively minor in regard to transient
stability point of view especially if load characteristics are not detrimental.

D.C. transmission in the usual constant power control mode does not provide additional
power without special controls. If there is a disturbance, the voltage goes down and in order to
have constant power mode of operate the d.c. current increases which as mentioned earlier
significantly increases the reactive power demand of the converter. We have seen that a
combination of power control, constant extinction angle control at inverters and shunt capacitors
may threaten voltage stability. However, we have seen in the previous article that switching
from constant power to constant current control even though help the voltage stability but
may cause rotor angle instability. Power modulation for synchronising or damping support
will be lost in current control.

If new a.c. transmission lines are planned, they should be designed for high surge
impedance loadings for enhancing voltage stability of the system. Bundled conductors are
used for this purpose. The reduced reactance by increasing the no. of subconductors per phase
is equivalent to uniformly distributed series compensation without bothering for the SSR
(Subsynchronous resonance) or other concerns.

It is difficult to build new lines because of environmental and economic reasons. If there
is an opportunity to build new lines, these should be designed for high thermal capacity, low
loss and high surge impedance loadings. Double circuit lines should be encouraged.

���� #1����)�3��40�0�5��/��53036������7�#)3

The slower forms of voltage stability are analysed using load flow method. Simulations are
made for an outage or for a high load built up and load flows obtained. Besides these post-
disturbance power flows, two other power flow based methods are widely used, P-V curves and
V-Q curves. These two methods determine steady state loadability limits which are related to
voltage stability. Power flow program discussed in Chapter 18 of the book can be used for
approximate analysis.

P-V curves are useful for conceptual analysis of voltage stability and for study of radial
systems. The method is also used for large interconnected network, where P is the total load in
an area and V is the voltage of a critical bus. P could be the power transferred over a transmission
line. Voltage at several busses can be plotted. A disadvantage of the load flow solution for P-V
curve is that it is likely to diverge near the maximum power transfer point or the nose point of
the P-V curve. A load flow solution is for particular generations at various P-V buses or generator
buses. However, when the load changes, the scheduling of generation at various generator
buses also changes. This is yet another disadvantage of the load flow method.
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The application of maximum power transfer has been made for a radial line with
asynchronous load in Article 21.5 of the book. The load is a general PL + jQL at the receiving
end keeping the sending end voltage Vs constant as shown in Fig. 22.16.

Distributed line
P + jQLL

��������%���$����"��*�� "�-�"�������$� -��
�
�7�89

�
'

The relation between P and V for a long transmission line is given as

Vs = Vr cos βl + iZc 
P jQ

V
lL L

r

−
sin β (22.15)

This equation has been derived as equation (21.31) in this book.

For a fixed Vs and line length equation (22.15) is quadratic and thus will have two roots.

Figure 21.2 shows relation between 
V
V

r

s
 as a function of normalised loading 

P
P

L

C
, where PC is

the surge impedance load. These curves are not reproduced here. The reader can refer to these
curves in Fig. 21.2. The interpretation of the curves also can be referred from the text in
Article 21.5. Further to that these P-V curves are for different power factors. At more leading
p.f. the maximum power is higher. The leading p.f. is obtained by shunt compensation. Also
with leading p.f. the critical voltage (critical voltage is the receiving end voltage for maximum
power transfer or it is the nose voltage of the P-V curve) is higher which is a very important
aspect of voltage stability.

Consider Fig. 22.17 where a purely inductive load is connected to a source through a
loss less line.

Vs

Qs jX Vr
Qr

X Load
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Determine the voltage collapse proximity indicator VCPI
dQ
dQ

s

r
=

�

��
�

��
.

Since the load is pure inductive P = 0 and δ = 0 and using equation (22.4).

We have Qr = 
V V

X
V
X

s r r−
2

.

We first find here the maximum reactive power transferred. For this we let

dQ
dV

r

r
 = 0 = 

1
X

 (Vs  – 2Vr) = 0
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or Vcri = 
Vs

2
,  where Vcri is the receiving end voltage for maximum reactive power transfer.

Hence Qmax = 
2 2 2V V

X
V
X

V
X

r r r r. − =
load

(22.16)

as half of the drop will be across the line and half across the load hence Xload = X.

This, therefore, proves the maximum power transfer condition that for maximum reactive
power to be transferred the load reactance should equal line reactance or source reactance.

Now the short-circuit reactive power of the line is Qsc = 
V
X
s
2

, hence normalised maximum

reactive power is

qmax = 
Q

Q
V
X

X

V

V

V
r

sc

r

s

r

r

max .= =
2

2

2

24
 = 0.25 (22.17)

Also  Vcri = 
V

V
V
V

r

s

s

s

cri =
2

 = 0.5 (22.18)

We now calculate the voltage collapse proximity indicator (VCPI) as follows:

  Qs = Qr + I2X

Since P = 0 I2 = 
Q

V
s

s

2

2

Hence Qs = Qr + X. 
Q

V
s

s

2

2

Multiplying the equation by 
V
X
s
2

 we have

V
X
s
2

Qs = 
V
X
s
2

Qr + Qs
2

or Qs
2  – 

V
X

Q
V
X

Qs
s

s
r

2 2

+  = 0 (22.19)

Hence Qs = 
1
2

42 2V
X

V
V
X

Q
X

s
s

s r± −
�

�
	
	




�
�
�

(22.20)
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 = 
1

1 4
4 2− . .Q

X
Vr

as Vs = 2Vr at max. power condition

= 
1

1 −
Q

Q
r

max

(22.21)

The receiving end voltage varies from Vs at no load to 
Vs

2
 at maximum load (Qmax).

However VCPI is unity at no load as at no load Qr = 0, hence 
dQ
dQ

s

r Qr = 0

 = 1 and it is infinity at

maximum load as at this load Qr = Qr max and hence 
dQ
dQ

s

r
=

1
0

 = ∞.

This shows that near maximum load, extremely large amounts of reactive power are
required at the sending end to support an incremental increase in load. The VCPI is thus a
very sensitive indicator of impending voltage collapse. Besides VCPI, the reactive reserve
activation and reactive losses are also sensitive indicators.
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It  is  possible  to  obtain  V-Q  curves from the normalised P-V curves. Let us define p = 
PX

Vs
2

and q = 
Q X

V
r

s
2  and v = 

V
V

r

s
. For a particular value of p, there are two pairs of values of v and q for

every power factor and we plot these values. Fig. 22.18 is the result of these plots. From these

curves we find that the critical voltage is very high 
V
V

r

s
>

�

��
�

��
1  for high loadings i.e., v > 1 for p = 1

p.u. The right side of the curves represents normal operation when shunt capacitors have been
used to raise the voltage. The steep-sloped linear portions of the right side of the curves are
equivalent to Fig. 22.4 when this figure is rotated through 90° clockwise.

For large systems, the curves are obtained by a series of load flow solutions. V-Q curves
plot voltage at a test or critical bus versus reactive power on the same bus. Since in a V-Q curve
the power is to be kept fixed and it is required to obtain reactive power for a set of scheduled
voltage at the bus. This means we  fix P and voltage magnitude at a representative bus and
perform a load flow. In load flow terminology on a bus where P and V are fixed is known as PV
bus or generator bus. Normally the generator bus has reactive power constraints for load flow
solution. Here we connect a fictitious synchronous condenser at the bus and allow the bus to
have any reactive power for a fixed P and V. We change V at the bus for obtaining another
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point on the V-Q curve and obtain the reactive power for different scheduled voltage at the
bus. So in this process scheduled voltage at the bus is the independent variable whereas reactive
power required to maintain the scheduled voltage at the bus is the dependent variable i.e.,
voltage forms the abscissa and Q the ordinate for the V-Q curves. Capacitive reactive power is
to be taken positive whereas inductive reactive power as negative. If the synchronous capacitor
is not connected to the test bus, the operating point is at the zero reactive power. It is to be
noted that the computation time can be reduced by choosing a suitable starting solution of the
load flow problem. Once a solution for a particular scheduled voltage is obtained, this can form
the starting solution for the next scheduled voltage and we find that the convergence is faster
rather than starting with some conventional values.
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V-Q curves have the following advantages:

1. Reactive power is closely related to voltage security and it is possible to obtain reactive
power margin from the V-Q curve of the test bus. The reactive power margin is the MVAr
distance from the operating point to either the bottom of the curve, or to a point where the
voltage squared (V 2ωC = Q) characteristic of an applied capacitor is tangent to the V-Q curve
as shown in Fig. 22.19. The test bus could be representative of all buses in a ‘‘Voltage control
area’’ i.e., an area where voltage magnitude changes are coherent.

2. The slope of the V-Q curve indicates the stiffness of the test bus i.e., what is the
change in QV for a differential change in Q (∆Q) at the bus.

3. The Q = V 2ωC characteristics which could be due to a shunt capacitor or a synchronous
condenser or an SVC can be drawn on the V-Q curve and the intersection of this curve with
V-Q curve gives the operating point and the distance between the operating point and the
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tangent point of another V 2ωC characteristics with the V-Q characteristic gives the reactive
power margin as shown in Fig. 22.19 (b). This margin of reactive power is very important to
voltage stability problems.

V

(a)

Q

Q
Shunt

capacitor

(V C)
2
�

Operating
point

V-Q curve

Reactive power
margin

V

(b)

O O
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4. V-Q curves can be computed at points along a P-V curve to test system robustness.

5. For more insight, the reactive power of generators can be plotted on the same graph
where nearby generators (close to the test bus) reach their reactive power limits, the slope of
the V-Q curve of the test-bus becomes less steep and the bottom of the curve is approached.

From computation point of view the artificial P-V bus minimises power flow divergence
problems. Solutions can be obtained on the left side of the curve-divergence occurs only when
voltage at buses away from the P-V bus sag.

The effect of tap changing reaching limits or of voltage sensitive loads can be shown on
V-Q curves. V-Q curves with voltage sensitive loads prior to the tap changing will have much
greater reactive power margins and much lower critical voltages. When the tap changers reach
limits, the curves tend to flatten out rather than turn up on the left side as shown in Fig. 22.20.

Operating
point

Constant
power
loads

Voltage
sensitive
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Voltage
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V-Q curves are presently a very useful method of analysing voltage stability problem in
power system. Since the method artificially stresses a single representative bus, final decision
should be taken by more realistic methods.
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The combination of voltage magnitude and reactive power reserves at effective locations provide
good planning or operating criteria. A required margin or security measure from an operating
point to stability is used. Usually the margin is to the maximum power transfer point rather
than the instability point, with the tacit assumption that operation at higher load is
unacceptable. The margin can be quantified in terms of MW or MVAr distance from the operating
point to the critical or maximum power transfer point as shown in Fig. 22.21.

V

P
Operating point

MW distance
to critical point V

Q
Operating point

MVAr distance
to critical point
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MW margin should be such that it allows for loads exceeding forecast or it should relate
to forced or prior outages of generation in a load area which means that stability may be
maintained for an additional contingency. If a 500 MW margin is used, stability should be
maintained for loss of generators smaller than 500 MW.

MVAr margins are important as voltage and reactive power are closely related. The
MVAr margin could relate to the size of shunt capacitor banks or static var compensators in
the area. If a 100 MVAr shunt capacitor bank is nearby, a margin greater than 100 MVAr
would ensure that stability would be maintained for the additional contingency of loss of nearby
reactive power sources. MVAr margins also allow for loads exceeding forecast. During heavy
loads each additional megawatt of load may require two or three MVAr of reactive power
support as suggested in Fig. 22.2. The post disturbance margin must be satisfied by the system
design.

���� "$%&'(�'��#"�)'�#*+��',%�+$�%�-#,#%.

While planning and operating power system the main objective of studying voltage stability is
to increase the power transfer capability of the system by eliminating the voltage stability
limits.

There are many aspects of voltage stability and also has many solutions associated to
the voltage stability in terms of generation, transmission and distribution. The objective is to
find low cost solution whenever possible which requires special controls and effective power
system operation methods.
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The main objective of power system engineer is to provide good quality of reliable supply.
Attempting 100% reliability is not desirable as this would involve enormous cost and hence a
balance has to be struck.

������ +����
	������	��

In order to improve power system voltage stability at the generation level we need to consider,
planning control and protection and operation and maintenance.

Planning: The reliability aspect of supply can be improved by siting generating plants
in the load areas. The policy makers should be advised the advantages of siting power plants
near the load centres as otherwise you need to have transmission systems which reduces the
reliability levels of the supply. However, environmental factors must also be kept in mind. For
this gas turbines in load areas should be encouraged for fast start-up. These should normally
be used for real power generation. However, under emergency conditions for voltage stability
reasons, these could be used as synchronous condensers. As mentioned earlier specifying lower
power factor generation, increase the fast acting reactive power reserves of the generators. If
generators normally operate near unity p.f., the reduced generator losses will reduced the life
cycle cost increase of the larger (Higher MVA rating) lower p.f. machines.

Load tap changing on step up generator transformer and auxiliary transformers have
advantages for voltage stability as these transformers (LTC) allow the transmission side voltages
to be maintained at the highest possible value without regard to terminal voltage of the
alternator.

Excitation system control and protection: In order to improve transient stability,
high initial response and high ceiling excitation systems help induction motors reaccelerate
after the fault.

The generator high side voltage should be kept as high as possible by using line drop
compensation or by an outer control loop. The high voltage operation of transmission lines
minimises the increase in reactive power losses whenever a disturbance takes place. This is
one of the most effective methods of improving voltage stability.

Over excitation limiter that trip the excitation system to the predisturbance excitation
level especially when operating near unity p.f. may cause disasters. The excitation system
should be so designed that it incorporates the features of continuously regulating field current.
The over-excitation limiters should not trip the generator immediately if the field current is
more than the rated current.

If fast changes in generation could counteract the fast changes in load, voltage stability
can be ensured. In attempting fast changes in generation we effectively counteract the fast
load restoration by tap changing and generator current limiting. The protection of alternator
for voltage stability means the maloperation of alternator under minor abnormal conditions
should be avoided. For this refer to Chapter 14 of the book.

Maintenance: Synchronous alternator with its controls is a very complex machine.
Proper maintenance of both the main equipment and control and protection devices is very
essential. Verification and maintenance of reactive power capability is especially important
which includes control settings such as over excitation and under excitation limiters, alarm
settings, tap changer settings protection of excitation system (especially earth fault or interturn
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fault) and limitations imposed by auxiliaries. If proper maintenance is carried out, it has been
observed with some systems that an increase of almost 50% in reactive power capability from
the generators is achieved.

Operation: During peak load period, power import over the transmission network should
be reduced, instead demand should be met by using less economical sources like gas turbines
within the load area.

If there is loss of generation within the load area spinning reserves should be available
within the load area. The generation control should rapidly activate the spinning reserve.

It may, sometimes be advantageous to reduce real power loading of alternators in load
areas to allow higher reactive power loadings and power should be rescheduled over lightly
loaded lines.

Reactive power loading of alternators should be closely monitored. The control operator
should know the reactive power capability of generators. Shunt capacitor banks should be
used to maintain fast acting reactive power reserves at generators.

�������%�
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It has already been mentioned that the transmission lines should be designed for high thermal
capacity, low loss and high surge impedance loadings Double Circuit EHV lines should be
encouraged.

Reactive power compensation: Extra high voltage transmission lines require shunt
reactors for energisation and under lightly loaded conditions. These shunt reactors should be
switched off by the operator during voltage emergencies or by the under voltage relays. There
are instances mentioned in literature when there have been voltage collapses because of not
disconnecting the shunt reactors during voltage emergencies as these reactors further pull
down the voltage resulting in voltage collapse. Mechanically switched shunt capacitors and
SVC improve voltage stability.

Optimal power flow programmes using mathematical programming techniques (linear,
integer, quadratic, non-linear) have been used for minimising reactive power additions subject
to system constraints and equipments operating constraints. Of course, these programs do not
directly address the voltage instability or collapse problem.

Controls: Automatic on-load tap changing on large EHV auto transformers can improve
voltage stability. By regulating the voltage the reactive power output of shunt capacitors and
the line charging increases which results in decrease in reactive power losses. Tap changing at
bulk power delivery substation and at distribution voltage regulators will not occur because of
the faster regulation of the high voltage system. Voltage sensitive load will, however, be restored
faster and under voltage load shedding will not be as effective.

The tap changing will sag the EHV voltage which can be compensated for by capacitor
bank insertion, by tripping the shunt reactors and control of EHV side voltage at generators. It
is possible even to prevent starting of longer term voltage instability if remote signals are used
for fast switching of shunt capacitors or shunt reactors following a disturbance.

Another control is automatic line reclosing whenever a short circuit is to be cleared. For
transient stability the reclosing is very fast. However, for slower form of voltage instability
this need not be as fast e.g., ten seconds delay allows time for electromechanical oscillation and
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generator torsional oscillations to die down. The longer delay provides better opportunity for
successful reclosing as more time is available for arc deionisation. Automatic reclosing should
be faster than capacitor switching, tap changing or load shedding.

Protective relaying: A protective relay for overhead lines is expected to operate
whenever there is a short circuit on the line. However, these relays have mal-operated even
under overload conditions, thus causing black outs. The main culprit in this regard has been
zone 3 impedance relay. With protective relaying provided on the system such as breaker
failure relaying and bus protection local back up, there is no need to use zone 3 relays. These
should be done away with. On sub transmission lines over current relays instead of impedance
relays, should be used.

HVDC transmission: HVDC power control should be used to improve voltage stability.
Fast reduction of d.c. power is often required to release reactive power into the power system.
Controls to reduce direct current and power for low a.c. voltage can improve voltage stability.

�����/�(��	����	����
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Voltage stability is basically load stability and effective solutions to voltage stability can be
found at the problem source.

Upgrading sub transmission and distribution circuits for energy conservation will help
voltage stability by reducing feeder impedance. Use of higher voltage distribution circuit will
improve voltage stability.

Capacitor banks: Shunt capacitor banks should usually be located on the regulated
side of LTC voltage regulators. The shunt capacitor banks thus act as constant reactive power
sources.

Control of voltage using switched shunt capacitors or series capacitors rather than LTC
transformers and distribution voltage regulators, will improve voltage stability.

Tap changing: A simple but effective method to improve voltage stability is to prevent
LTC transfer tap changing for low unregulated side (transmission side) voltage. This is most
effective at substations serving high p.f. loads or high shunt compensated loads. If the load is
at some distance from the LTC transformer, tap changer blocking may not be desirable.

Blocking tap changers may be less cost-effective if a large number of distribution voltage
regulators are used instead of a large LTC bulk power delivery transformer. Another possibility
is that during heavy loading condition tap changing of only one or two boost steps above the
value normally reached can be allowed. Another alternative is to use long intentional time
delays between individual tap steps which allows extra time for corrective action. Larger tap
changer setting can also be considered.

If two or more tap changer transformers or regulators are in series, the operation of the
tap changers should be so coordinated that the tap changer closer to the load has a much
longer time delay.

Voltage reduction: If the system is highly stressed, it is desirable to operate it at some
reduced voltage as a result the load on the system reduces. From voltage stability view point,
the reduction in reactive power requirement is significant. Also the distribution transformers
which are normally operating in the saturation region, a 1% reduction in voltage may cause a
4 to 6% reduction in reactive power requirements.
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Under voltage load shedding: It is a cost-effective decentralised voltage stability
solution for infrequent disturbances. It is a valuable backup for primary solutions to voltage
stability problems. If most of the load is static and highly voltage sensitive (heating and lighting),
the time delays may be longer as compared to induction motor load where the time delay is
from one to two seconds. The under voltage relays, however, should respond to balanced positive
sequence voltage drops. They should not operate for unbalanced conditions.

Direct load control and distribution automation: It is not desirable to disconnect
load abruptly by direct load tripping or under voltage load shedding. Rapidly turning off air
conditioners, water heaters, electric heating or other loads for five to twenty minutes during
an emergency is desirable.

For longer term voltage stability, extremely fast action is not required, tens of minutes
are available. The controls provide load relief and the time needed to start gas turbines or
reschedule generation. One concept is for the electric utility to communicate emergency
conditions to consumer microprocessors by a large increase in the current cost of electric energy.
Thermostat settings or load demand would then be changed to reduce consumption.

The reactive power reserves at generators and static var compensators can be activated
to improve voltage stability. Direct load control can also improve voltage stability through
switched capacitor bank control, tap changer control and voltage reduction. Direct load control
can be used for inexpensive testing of load characteristics. Capacitor banks can be switched off
by SCADA to lower voltage, and the resulting active and reactive power response of the loads
can be monitored and analysed at control centres. Voltage reduction controls can be used for
the same purpose.

�����0���1�����	���'2��
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Once the power system with a large number of controls is ready, it is the responsibility of the
power system operator to operate the system so that balance between reliability and economics
is maintained. Energy management system (EMS) provides a variety of measured and computed
data. State Estimation method is used to obtain voltage magnitude and their phase angle.
This method takes care of power flow model inaccuracies especially those related to reactive
power flow and proper estimate of reactive power is obtained.

Various computer programs have been developed to help the operator in reactive power
management and voltage control. These programs deal in active power transmission loss
minimisation subject to system operating constraints.

Artificial intelligence is another approach to centralised reactive power and voltage
control. An expert system can help the operator to adjust the capacitor so that the generators
operate near unity p.f. For longer term voltage stability many utilities have EMS functions to
guide operator actions. Due to time constraints load flow and artificial intelligence methods
will be playing major role for voltage stability in the near future. As of now, P-V curves are
most widely used for estimating voltage security providing MW margin type indices.

It is desirable to have load dispatch centre based centralised controls. As there is
insufficient time for algorithm based computations, controls must be pre-programmed based
on off-line studies. Several artificial intelligence approaches have been proposed. Emergency
actions are taken based mainly on measured change of generator and SVC reactive power and

www.EngineeringBooksPdf.com



D-8\N-SYSTEM1\SYS22-3.PM5

���������	�
����	����	����	� �17

change of voltage magnitudes. Artificial intelligence could be used to trigger distribution
automation actions.

�)'-,$"

22.1. Develop an expression for reactive power flow when a generator is connected to an infinite bus
through a tie-line of reactance X. Show that the active power flow depends upon the load angle δ
whereas the reactive power upon the voltage gradient

22.2. Discuss briefly various problems associated with reactive power transmission.

22.3. Explain what you mean by short circuit capacity of a bus or fault level of a bus. Explain how the
short circuit capacity and voltage regulation of a bus are related.

22.4. Explain the concept of power system voltage stability and give definitions of voltage stability.

22.5. Discuss briefly various forms of voltage instability in terms of time-frame and mechanism asso-
ciated with these form of instability.

22.6. Define and differentiate between rotor angle stability and voltage stability of power system.

22.7. ‘‘Rotor angle stability is associated with transmission network whereas voltage stability is asso-
ciated with load.’’ Comment on the statement.

22.8. Discuss briefly how the following components of power system affect voltage stability of the
system.

(a) Transformer (b) Induction motors (c) Feeder

(d) Voltage reduction (e) Generation in load areas

(f) Reactive compensation of loads

(g) LTC transformers and distribution voltage regulators.

22.9. Explain what you mean by reactive compensation of loads and discuss how it helps in maintain-
ing voltage stability.

22.10. Discuss briefly the effect of tap changing on shunt compensated loads from voltage stability
point of view.

22.11. What is an LTC transformer ? Derive and draw the equivalent circuit of this transformer.

22.12. What is line drop compensation ? Explain with the help of a neat diagram the operation of such
a scheme. Discuss its role in voltage stability.

22.13. What are capability curves of an alternator ? Discuss their role in voltage stability of the power
system.

22.14. What are P-V and V-Q curves ? Discuss how these help in studying voltage stability of power
system.

22.15. Explain how  ‘Network Voltage Control’ is carried out and how it helps in voltage stability of the
system.

22.16. Discuss the role of excitation control for improving transient voltage stability.

22.17. Describe the operation of an HVDC link in a large interconnected system under  (i) normal (ii)
abnormal operating conditions.

22.18. Discuss the sequence of events which take place when a large disturbance occurs near the in-
verter operating in constant extinction angle control mode.

22.19. While planning a new long distance transmission line, compare between a.c. and d.c. transmis-
sion system from stability point of view.
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22.20. Explain what you mean by voltage collapse proximity indicator ? Derive an expression for VCPI
for a system consisting of a large bus connected to a purely inductive load through a loss less tie-
line. Show that VCPI is a very sensitive indicator of impending voltage collapse.

22.21. What are the advantages of V-Q curves for studying voltage stability ? Explain how you obtain a
reactive power margins.

22.22. Explain the terms ‘Performance criteria’ and ‘voltage margin to instability’.

22.23. Discuss very briefly different methods of improving voltage stability of power system.

22.24. Show that the approximate per unit change in voltage equals the ratio of change in reactive
power to the short circuit capacity of the bus.

22.25. Explain clearly various mechanisms which come into action for restoration of loads when there
is reduction in system voltage due to a disturbance in the system.

)$�$)$*�$

1. Miller, T.J.R. Reactive Power Control in Electric System, John Wiley and Sons, New York, 1982.

2. Weedy B.M., Electric Power System, John Wiley & Sons, 1987.

3. Taylor C.W., Power System Voltage Stability, McGraw-Hill International Edition, 1994.

4. Taylor C.W., Concepts of Undervoltage Load Shedding for Voltage Stability, IEEE Trans. on
Power Delivery Vol. 7 No. 2 pp. 480-88, April 1992.

5. Pal M.K., Voltage Stability Conditions Considering Load Characteristic, IEEE Trans. on Power
System Vol. 7 No. 1 pp. 243-49, Feb. 1992.

6. Kundur P.,  Power System Stability and Control, McGraw-Hill, 1993.

7. Gönen T., Electric Power Distribution Systems Engineering, McGraw-Hill, New York, 1986.

8. Suzuki M., Wada S., Sato M. Asanot and Kudo Y., Newly Developed Voltage Security Monitoring
System, IEEE trans. on Power Systems Vol. 7 No. 3 pp. 965-73 August 1992.

9. Custem T. Van, A Method to Compute Reactive Power Margins with Respect to Voltage Collapse,
IEEE Trans. on Power Systems, Vol. PWRS-6, No. 2, pp. 145-56, Feb. 1991.

www.EngineeringBooksPdf.com



���������������	� �	


�����������

��

D-8\N-SYSTEM\SYS23-1.PM5

www.EngineeringBooksPdf.com



���� ����	
����	�

State estimation is the process of determining a set of values for a set of unknown system state
variables based on certain criterion making use of the measurements made from the system
under consideration. Since the measurements made may not be precise due to inherent errors
associated with the transducers and also there may be some redundant measurements not required
for assessment of the true value of the system state variables, statistical methods are used to
estimate the true value of the state variables. State variables is the minimum number of variables
required to analyse the system in all its aspects. For power system the state variables are the
voltage magnitudes and relative phase angles at the system nodes. If n is the number of buses
(nodes), the number of state variables should be 2n. But we normally take one of the buses as the
slack bus or reference bus where the phase angle is taken as zero i.e., we measure the phase
angles of all the remaining (n – 1) buses with respect to this bus and hence the number of state
variables is (2n – 1). The measurements are required to meet the basic needs of an electric utility
i.e., to arrange good quality of reliable supply at reasonable cost (system security analysis and
economic load dispatch or optimal power flows). Power system is the most complex and most
capital intensive system and, therefore the monitoring of system voltages, and power flows etc. is
very important to achieve higher index of reliability of supply and also run the system economically
which are the basic requirements of the system.

While monitoring a power system, problems in measurements arise due to the following
reasons:

(i) Transducers used for measurements of voltage, current, power etc.
(ii) The communication channels used for transmitting the measured values to the operations

control centre.
The transducers have inherent errors associated with them. If errors are small these

might go undetected and may cause wrong interpretation of those recorded  values. However, if
the transducers polarity is not proper the output may give negative value and thus will be cause
of gross error.
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The telemetry equipment often experiences periods when communication channels are
completely out of service and thus this situation deprives the system operator of any information
about that part of the system which are connected through these channels.

Thus this introduces gross error in the measurements. The power links running along the
same route as the communication lines may introduce some noise signals in the communication
lines.

The errors introduced by the measurement noise is comparable with the uncertainty of
most of the operational constraints (e.g., voltage constraint, the line overloading constraints etc.)
against which the results of the state estimation will be checked.

However major errors (bad data) can seriously distort the results of the estimator producing
non-feasible solution  and hence need special type of state estimator.

A state estimator is a set of programs which obtains estimates of the static state at some
required instant of time (snap shot) from telemetered values of network variables e.g., voltage
magnitudes, line flows, active, reactive powers etc.) and topological information. As mentioned
earlier, a large amount of data may be redundant. The state estimator should incorporate  all
measurements to obtain the greatest possible accuracy.

The first job of the state estimator is to detect bad or grossly incorrect data and remove it
from subsequent state estimates until it can be physically checked. The operator of the system is
usually alarmed of this action. The establishment of acceptable error limits based on the number,
types and accuracy of all measurements is an important design aspect of state estimators.

Another job of a state estimator is to detect changes in the topology of the network. If one of
the three phases is tripped due to some reason, the average power flow on the intact phase is far
less than a value given by the last state estimate. The operator is alerted as to this condition at
the first data scan and a corrective action is taken by him.

Yet the other job of a state estimator is to complete a set of measurements so that faulty or
missing data could be replaced. It is possible to determine power flows and voltages at a bus whose
measurements have been lost due to communication line failure or remote terminal units (RTU).
In this program the most important aspect is to determine the minimum number of measurements
in order to calculate the state and to improve state estimation by additional measurements.

���� ������������	���	��������	������	�

J.F. Dopazo et al. (1) were the first to introduce state estimator considering line power flow
measurements. Assuming a balanced three phase system, consider a generator connected to a
large no. of transmission lines where meters are connected for measurement of various quantities
like power injection into the buses, bus metering and line flow measurements. Before we develop
this strategy for state estimator following assumptions are made:

(i) The system is operating under balanced and steady state condition.

(ii) The full range of each meter is known e.g., for a watt meter and var meter 0 to 100 MW
and 0 to 100 MVAR respectively etc.
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(iii) The analog signals are converted into digital signals for data link to the central compu-
ter and the conversion errors are of the order of 0.1% to 0.25%.

(iv) The accuracy of measuring instruments is known i.e., the meter readings are accurate
to 1%, 2% of the actual value or true value.

The three phases are monitored for balance condition and then the product of instantaneous
voltages and currents are obtained after scaling down the quantities using transducers and then
converted into serial digital data by the RTU. Each measurement of line flow is given as

Smi = Pmi + jQmi (23.1)
where Smi is the complex power measurement i on line m in MVA. The specified weighting factor
of these measurements is inversely proportional to its accuracy

i.e.,  Wi = 
50 10 6

1 2
2

×
+

−

[ | | ( .)]C S C Fsmi

(23.2)

where C1 = accuracy expressed as a fraction of real and reactive power flow typically 0.01 or 0.02.

C2 = accuracy of transducer and analog to digital converter as a fraction of full scale
reading of the meter typically 0.0025, 0.005 etc.

F.S. = full scale range of both the wattmeter and reactive var meter readings (MW and
MVAr)

Factor 50 × 10–6
 is chosen to normalise subsequent numerical quantities. It is to be noted

that Wi is of be computed each time a new measurement (Smi) is made.

The weighted least square method is used to obtain the best state vector X  which minimises
the performance index of M measurements

Min J = 
i

M

=
∑

1

Wi | Smi – Sc |
2 (23.3)

where Sc is a calculated value of complex power based on state X. For power system problem state
vector consists of nodal voltage magnitudes and their corresponding phase angle and is equal to
2(n – 1) where n is the no. of buses. As in case of load flow solutions a slack bus has to be specified
to satisfy the power constraints equation, here also we consider one of the buses as slack bus so
that the no. of state variables is (2n – 2) as the voltage magnitude and phase angle (reference) at
slack bus is prespecified.

Fig. 23.1 shows π-equivalent representation of a transmission line. The power flow
measurements near the buses include power to the shunt elements also.

Zik
Ei

Bus i

Smi

Iik

Ii

Iii

Yii Ykk

Smk

Ek

Bus k
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The power flow calculated at bus i is

 Sci = Pci + jQci = EiIi* = Ei (Iii + iik)*

= Ei [Yii*Ei* + Yik* (Ei* – Ek*)]

= Ei 
E E

Z
Y Ei k

ik
ii i

* *
*

* *
−

+
�

�
�

�

�
� (23.4)

Here the parameters of the transmission line are known a priori, however the nodal voltages
are unknown.

A few approximations are required to obtain an iterative algorithm to solve equation (23.3)
for the nodal voltages. The approximations are identical to those for load flow solution using
Jacobian matrix. It is to be noted that these approximations do not affect the accuracy of the final
state estimator but it requires a few more iterations to converge i.e., affect only the rate of
convergence. The measured numerical values are equated to the power flow from bus voltages to
be calculated. In case of load flow solution we equate the base case power quantities as prespecified,
here we equate to the measured values.

Hence, Smi = Ei 
E E

Z
Y Ei k

ik
ii i

* *
*

* *
−

+
�

�
�

�

�
� (23.5)

From equation (23.5) it is clear that the power flow measurements depend mainly on
difference in voltage from bus i to bus k, so the equivalent measured differences are

Eim – Ekm = 
Z
E

ik

i

*
*

 Smi* – Zik* YiiEi (23.6)

= H–1Smi* – K

where H = 
E
Z

i

ik
and K = ZikYiiEi

Equation (23.6) can be written in matrix form as

EM = 
E E
E E

m pm

m nm

1

2

−
−

�

�

�
�
�

�

�

�
�
��

 = H–1 S*M  – K (23.7)

Here H is an M × M diagonal matrix, K is a vector and EM is a vector of measured differences
associated with each  power flow measurement. In equation (23.7) the bus voltages on the right-
hand are known. However EM can be obtained from the power measurements SM.

The performance index J for estimation of state estimator is in matrix form as follows:

 J = 
i

M

=
∑

1

Wi [Smi – Sci]
2

= [Sm – Sc]*
T W [SM – Sc] (23.8)
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Rewriting equation (23.4)

Sc = Ei 
E E

Z
Y Ei k

ik
ii i

* *
*

* *
−

+
�

�
�

�

�
�

Substituting H = 
E
Z

i

ik

*
*

  and K = Zik* Yii* Ei* we have

Sc = (HEc + HK)*

Here Ec is difference in calculated voltages.

From equation (23.7)

EM = H–1S*M  – K

or  HEM = SM – HK

or  SM = (HEM + HK) (23.9)

Substituting the values of SM and Sc in performance index (23.8) we have

 J = [SM – Sc]
*T W [SM – Sc]

= [HEM + KH – HEc – HK)*T W [HEM + HK – HEc – HK]

= [EM – Ec]*
T H* WH [EM – Ec] (23.10)

Ec, the calculated voltage difference vector can be expressed in terms of the bus voltages
Ebus and the slack bus voltage Er as

Ec = AE = BEbus + bEr (23.11)

Here A is a double branch to bus incidence matrix i.e., + 1 and – 1  in each row corresponding
to a measurement along a directed branch element.

Measurement buses

↓ 

1 1 0 0 0 0
0 1 0 1 0 0
1 0 0 1 0

1
1

−
−

−
−

�

�

�
�
�
�
�

�

�

�
�
�
�
�

...

...

... �

�

 = [B b] (23.12)

When measurements of power flow are made at both ends of the line, the series element
(Zik) appears twice. The order of A is M × n where n is the no. of buses. A is partitioned into a bus
voltages other than slack, part B, and a slack bus vector b as shown by dark vertical line.
Substituting equation (23.11) into equation (23.10) we have

 J = [EM – BEbus – bEr]*
T H*WH [EM – B.Ebus – bEr] (23.13)

The quantity H*WH is assumed to be constant and to minimise J we differentiate (23.13)
with respect to Ebus and equate it to zero to obtain the condition for minimisation.

 ∂
∂

J
Ebus

 = – BTH*WH [EM – BEbus – bEr] = 0

[BTH*WHB] Ebus = BTH*WH [EM – bEr] (23.14)
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S1 S2

S3

S5 S4

2

Let D = H*WH be a diagonal matrix of order M and the iterative line power flow state
estimator is given as

Ebus
K+1 = [BTDB]–1 BTD [EM

K – bEr] (23.15)

Here K is the iteration count. Here, since Er is the slack bus or reference bus voltage it
remains same through all the iterations. EM

K is evaluated using the previous value of Ebus. Equation
(23.15) is to be solved iteratively to obtain the bus voltage vector which is the state estimator for
a particular steady state operating condition of the system when only line flows are to be taken
into consideration. The algorithm is given as follows:

1. Assume suitable values of voltages Ebus
0  for all buses. Since we are considering steady

state balance operation of power system the voltages at all the buses are approximately
1 ±  0.05 pu. and hence a flat value for all buses equal to slack bus can be assumed.

2. Determine the initial voltage difference using equation (23.7), i.e.,

 EM
0 = H–1S*M  – K

where both H and K depend on Ebus
0  and system parameters.

3. Using equation (23.15) calculate Ebus
k+1

4. Repeat steps 2 and 3 till the difference in Ebus within a prespecified tolerance is achieved
i.e.,

| Ebusi
k+1 – Ebusi

k | ≤ ε
ε is usually selected as 10–4 pu.

It is to be noted that assumption of H*WH = D as constant does not affect accuracy of the
final result.

Example 23.1 below illustrates the application of the algorithm for calculation of state
estimator for line power flow measurements.

Example 23.1: Fig. E23.1 shows a three bus system. Bus 3 is selected as slack bus with
voltage 1.05 + j0.0, complex powers at both the ends of the lines are given as

S1 = 0.41 – j0.11 S2 = – 0.4 + j0.10

S3 = – 0.105 + j0.11 S4 = – 0.105 + j0.11

S5 = 0.14 – j0.14 S6 = – 0.7 + j 0.35

The line pu. impedances are given as Z12 = 0.08 + j 0.24

Z23 = 0.06 + j 0.18 and Z31 = 0.02 + j 0.06 on a 100 MVA  base.
Neglect shunt admittances. Assume meter accuracy as 2%
with full range of meters as 100 MW and 100 MVAr and
transducer with analogue to digital conversion error to be 0.5%.
Determine the state vector at the end of first-iteration.

Solution: Using equation (23.2) for evaluation of the
weighting factors W1 ... W6 for the six measurements (line flows).

W1 = 
50 10

02 100 0 41 11 0 05 100

6

2

×
× − + ×

−

[0. | . . | . ]j
 = 27.475 × 10–6
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W2 = 
50 10

02 100 0 41 0 10 0 05 100

6

2

×
× − + + ×

−

[0. | . . | . ]j
 = 28.5 × 10–6

Similarly, the other weighting factors are

W3 = 77.323 × 10–6

W4 = 62.284 × 10–6, W5 = 11.135 × 10–6, W6 = 11.72 × 10–6

In order to evaluate H*WH we assume all voltages to unity. As mentioned earlier, this
approximation of H does not affect the final solution, it only slows down the process of convergence
but it certainly simplifies our calculations.

The diagonal weighting factor matrix is

 D = diag [d1, d2, d3, d4, d5, d6]

= diag 
W

Z

W

Z

W

Z

W

Z

W

Z

W

Z
1

13
2

2

31
2

3

12
2

4

21
2

5

23
2

6

32
2| | | | | | | | | | | |

�

�
�
�

�

�
�
�

  = diag 27 475 10

0 02 0 06

285 10

0 02 0 06

77323 10

0 08 0 24

62 284 10
0 08 0 24

6

2

6

2

6

2

6.

| . . |

.

| . . |

.

| . . |

.
. .

×
+

×
+

×
+

×
+

�

�
�
�

− − − −

j j j j

11135 10

0 06 018

117 10

006 018

6

2

6

2

.

| . . |

.

| . . |

×
+

×
+

�

�
�
�

− −

j j

  = diag [6.869 × 10–3 7.124 × 10–3 1.2 × 10–3 0.973 × 10–3 0.309 × 10–3

0.3256 × 10–3]

From Fig. E23.1, the double branch to bus incidence matrix is given as

Measurement Buses →

A =

�

1
2
3
4
5
6

 

1 2 3
1 0 1
1 0 1
1 1 0
1 1 0
0 1 1
0 1 1

−
−

−
−

−
−

�

�

�
�
�
�
�
�
�

�

�

�
�
�
�
�
�
�

Hence, Ec = AE = BEbus + bEr = 

−

−
−

−

�

�

�
�
�
�
�
�
�

�

�

�
�
�
�
�
�
�

1 0
1 0
1 1
1 1
0 1
0 1

 Ebus + 

1
1
0
0
1
1

−

−

�

�

�
�
�
�
�
�
�

�

�

�
�
�
�
�
�
�

 Er (E3)
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Here  B = 

−

−
−

−

�

�

�
�
�
�
�
�
�

�

�

�
�
�
�
�
�
�

1 0
1 0
1 1
1 1
0 1
0 1

 and b = 

1
1
0
0
1
1

−

−

�

�

�
�
�
�
�
�
�

�

�

�
�
�
�
�
�
�

Now BTD is, − −
− −

�

��
�

��

× × = ×

1 1 1 1 0 0
0 0 1 1 1 1

2 6 6 6 2 6( ) ( )

 

d
d

d
d

d
d

1

2

3

4

5

6

�

�

�
�
�
�
�
�

�

�

�
�
�
�
�
�

= 
− −

− −
�

��
�

��
d d d d

d d d d
1 2 3 4

3 4 5 6

0 0
0 0

Hence,  BTDB = − −
− −

�

�
�

�

�
�

× × = ×

d d d d
d d d d

1 2 3 4

3 4 5 6

0 0
0 0

2 6 6 2 2 2( ) ( )

 

−

−
−

−

�

�

�
�
�
�
�
�
�

�

�

�
�
�
�
�
�
�

1 0
1 0
1 1
1 1
0 1
0 1

= 
d d d d d d

d d d d d d
1 2 3 4 3 4

3 4 3 4 5 6

+ + + − −
− − + + +

�

�
�

�

�
�

Substituting the values of diagonal elements as obtained earlier, we have

 BTDB = 0.01617 0.002173
0.002173 0.0028076

−
−
�

�
�

�

�
�

and hence [BTDB]–1 = 69.02 53.42
53.42 397.5
�

��
�

��

Now [BTDB]–1 BTD,

= 10–3 
69.02 53.42
53.42 397.5
�
��

�
��

− −
− −

�
��

�
��

6 869 7 124 12 0 973 0 0
0 0 12 0 973 0 309 0 3256
. . . .

. . . .

= 
− − −
− − −
�

�
�

�

�
�

0.4741 0.4917 0.01872 0.01518 0.01654 0.0174
0.367 0.38035 0.4129 0.033478 0.12282 0.1294
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According to equation (23.15), we need to calculate

[EM – bEr] where EM = H–1Sm* – K

Since K = ZikYiiEi and as Yii is given to be zero, hence

EM = H–1Smi*. Now H–1 = 
Z
E

ik

i*
 and it is an M × M dimension diagonal matrix and hence it

is given as

H–1 = 

Z
E

Z
E

Z
E

Z
E

Z
E

Z
E

31

3

13

1

12

1

21

2

23

2

32

2

�

�

�
�
�
�
�
�
�
�
�
�
�
�
�
�
�

�

�

�
�
�
�
�
�
�
�
�
�
�
�
�
�
�

Substituting the values where during first iteration

 E1 = E2 = E3 = 1.05 + j0.0 we have the diagonal matrix as

 EM
0 = [0.019 + j0.057, 0.019 + j0.057, 0.0762 + j0.2285, 0.0762

+ j0.2285, 0.057 + j0.161, 0.057 + j0.161] 

0.41 0.11
0.4 0.1

0.105 0.11
0.14 0.14
0.72 0.37
0.7 0.35

+
− −

− −
+
+

− +

�

�

�
�
�
�
�
�

�

�

�
�
�
�
�
�

j
j

j
j
j
j

= H–1Sm*

= (6 × 6) (6 × 1) = 6 × 1

= 

0 00152 0 02546
0 0019 0 0247
0 0171 0 03238

0 02133 0 04266
0 01853 0 1569
0 01645 0 13265

. .
. .
. .

. .

. .

. .

+
− −

−
− +
− +

−

�

�

�
�
�
�
�
�

�

�

�
�
�
�
�
�

j
j

j
j
j

j
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Hence,   [EM
0 – bEr] = EM

0 – 

1
1
0
0
1
1

−

−

�

�

�
�
�
�
�
�
�

�

�

�
�
�
�
�
�
�

 (1.05 + j0.0) = 

− +
−

−
− +

+
− −

�

�

�
�
�
�
�
�

�

�

�
�
�
�
�
�

104848 0 02546
10481 0 0247
0 0171 0 03238

0 02133 0 04266
103147 0 1569
103355 0 13265

. .
. .
. .

. .

. .

. .

j
j

j
j
j

j

Using equation (23.15) and substituting the respective values already evaluated above,

we have ′
′

�

��
�

��
E
E

1

2

= − − −
− − −
�

��
�

��

× × = ×

0.4741 0.4917 0.01872 0.01518 0.01654 0.0174
0.367 0.38035 0.4129 0.033478 0.12282 0.1294

( ) ( )2 6 6 1 2 1

 
− +

−
−

− +
+

− −

�

�

�
�
�
�
�
�

�

�

�
�
�
�
�
�

104848 0 02546
10481 0 0247
0 0171 0 03238

0 02133 0 04266
103147 0 1569
103355 0 13261

. .
. .
. .

. .

. .

. .

j
j

j
j
j

j

= 
1.0481224
1.036088

−
+

�

��
�

��
j
j
0 0205653
0 0324946
.
.

So these are the voltages of buses 1 and 2 at the end of first iteration. Usually it takes about
3 to 4 iterations to converge when the difference between the two successive iterations is less than
10–4 and that gives the optimum states of the system. Using these values of the state estimate,
line flows (best estimate) are calculated and these are compared with the measured line flows.
Most of the times there will be difference in the two values and hence some methods should be
devised to detect errors in measurement for proper estimate of states of the system.

The method discussed above has certain limitations for state estimation.

1. It does not accept different ranges and accuracies for real and reactive power
measurements at a single point.

2. It does not accept other available measurements e.g., bus power injections and partial
information e.g., bus voltage and current magnitudes only and their phase angles are not known.

As mentioned earlier statistical methods will be used for static state estimation of power
system. A few definitions frequently used here are in place.

Standard Deviations: The standard deviation is the most frequently used measure of
deviations (e.g., deviation between the measured quantity and the calculated or actual quantity).
In simple terms it is defined as Root-mean-squared deviation. It is denoted by the Greek letter
sigma σ and is calculated from the basic formula
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σ = 
( )x x

m
− 2

(23.15a)

where x is any measurement and x  is mean of the m measurements and σ2 is known as the
variance of the random measurements made. σ is an abstract number which means the larger
the value of σ the greater the spread of values about the mean.

Standard Normal Curve: It is a smooth bell-shaped perfectly symmetrical curve based
on a large number of measurements

x–3�– x–2�– x–1�– x+1�– x+2�– x+3�–x–

68.3%68.3%

95.4%95.4%

99.7%99.7%

0.
34

13

0.
13

19

0.
02

15

�������������� �# ���#$���/�#��(

The total area of the curve is 1, its mean is zero and its standard deviation or variance is 1.
The distance of value x from the mean of the curve in terms of standard deviation is called
standard normal deviate and is usually represented by D and given by

 D = 
x x−

σ
(23.15b)

It is useful to note at this stage that in the curve in Fig. 23.2 the area between one standard
deviation on either side of the mean i.e. ( x ± σ) will include approximately 68% of the measured
values, the area between two σ on either side of the mean includes about 95% of the values and the
area between ( x ± 3σ) will include 99.7% of the values. These limits on either side of the mean are
called confidence limits.

Supposing we are considering 95% confidence limits ( x ± 2σ). When we say this we mean
that 95% of the area of the curve and hence 95% of the values in the measurements will be
included between the limits x ± 2σ. Therefore, the probability of a measurement falling outside
the 95% confidence limit is 1 in 20 i.e., the probability is only 5% or 0.05 = P.

Estimation of Probability (Example). Suppose the average value of a set of
measurements is 72 and σ = 2. What is the probability that a measurement chosen at random
would have a value of 78 or more?
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The standard normal deviate = D = 
x x−

=
−

σ
78 72

2
 = 3

i.e., the confidence interval is 99.7% i.e., the probability is that only 3 out of 1000
measurement would likely to have a value of 78 or more.

From the above observation it is clear that standard deviation σ provides a way to model
the seriousness of the random measurements error. If σ is large the measurement is relativity
inaccurate i.e., poor quality measuring meters have been used, whereas  a small value of σ indicates
a small error spread and hence better accuracy meters have been used for measurements. The
normal distribution as shown in Fig. 23.2 is commonly used for modeling measurement errors as
it is the distribution that will result when many factors contribute to the overall error.

Figure 23.3 shows two sets of error distributions. In Fig. 23.3(a) two curves have unbiased
estimates of the error distributor with two different variances.

�1

�2

�3

�4

P( )�

�

(a) (b)

����� ����� 0�1� ��&��%� � 0�1� &��%� � �%�#�&�����(

The variance of a random variable measures the variability of the random variable about
its expected value. Hence to require an unbiased estimate to have small variance is intitutively
appealing. As, if the variance is small then the value of the random variable tends to be close to its
mean which in the case of an unbiased estimate means close to the true value of the parameter.

Thus if x1  and x2  are two estimates for x whose probability distribution function (PDF) is as

shown in Fig. 23.3(a) we would prefer x1  to x2 . Both estimates are unbiased and σ1
2 < σ2

2.

In case of Fig. 23. 3(b) the decision is not clear regarding the estimates as x3  is unbiased

whereas x4  is biased as P(ξ) is not symmetrical as a function of ξ , the error. However σ3 > σ4.

This means that while on the average x3  will be close to x, its large variance indicates that

considerable deviation from x would not be surprising. x4  on the other hand would tend to be

somewhat larger than x, on the average and yet might be closer to x than x3 . It is to be noted that

normal distribution (Fig. 23.2 and 23.3 (a)) are assumed to be unbiased meter error distribution.
In the previous article we have studied the procedure for state estimation when line flows are
considered using the weighted least square estimation formula. Next we consider the maximum
likelihood formula or criterion where the objective is to maximize the probability that the estimate
of the state variable x  is the true value of the state variable x (i.e., Max (P( x ) = x). This method
introduces the measurement error weighting matrix [R] in a straightforward manner.
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We will proceed to develop our estimation formula using the maximum likelihood criterion assuming
normal distributions for measurement errors. The result will be a weighted least squares estimation
formula even though we will develop the formulation using the maximum likelihood criteria. The
measurements are assumed to be in error. Let Zm be the value of a measurement and Zt be the
true value (calculated value) of the quantities being measured. Also, let ξ be the random
measurement error such that

Zm = Zt + ξ (23.16)

The random number ξ helps to represent  the uncertainty in the measurement. If the
measurement error is unbiased, the probability density function of ξ is represented as a normal
distribution with zero mean. The probability density function of ξ is given as

 PDF(ξ) = 
1
2

2 22

σ π
ξ σe− / (23.17)

and the plot is shown in Fig. (23.2).

Since the mean value of ξ is zero, the mean value Zm equals Zt. This allows us to write a
probability density function for Zm as

PDF(Zm) = 
1

2

2

1
22

σ π
σe

Z Zm t− −( )

(23.18)

Here we have replaced  ξ = Zm – Zt.

The maximum likelihood procedure requires that we maximise the value of P(Zm) which is
a function of x.

Max PDF (Zm) = Max 
1

2

2 22

σ π
σe Z Zm t− −�

�
�
�

�

�
�
�

( ) / (23.19)

Taking natural log (ln) on both the sides we have

 ln [Max PDF(Zm) = max ln 
1

2

2 22

σ π
σe Z Zm t− −�

�
�
�

�

�
�
�

�
	



�


�




�


( ) /

or  Max ln PDF (Zm) = max [– ln σ 2π  – (Zm – Zt)
2/2σ2] (23.20)

and it is same as

Min 
( )Z Zm t−�

�
�
�

�

�
�
�

2

22σ
(23.21)

as ln σ 2π  is a constant quantity it is eliminated from the minimisation process and max of a

negative number is min of the positive number.

From the above equations it is clear that the maximum likelihood estimate of our unknown
parameters is always expressed as that value of the parameter that gives the minimum of the
sum of the squares of the difference between each measured value and the true value being
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measured (expressed as a function of unknown parameters) with squared difference divided or
“weighted” by the variance of the meter error. Therefore, if we are estimating a single parameter
x using M measurements, we would write the expression

 Min J(x) = 
i

M
im i

i

Z f x

=
∑ −

1

2

2

[ ( )]

σ
(23.22)

where fi = calculated value at x for the ith measurement

J(x) = measurement residual or performance index

 Zim = the ith measured quantity.

However, if the state vector has n parameters and m measurements are made, we would have

 Min J(x1, x2,..., xn) = 
i

M
i i n

i

Z f x x x

=
∑ −

1

1 2
2

2

[ ( , ,..., )]

σ
(23.23)

Equations (23.22) and (23.23) indicate a weighted least square estimator which as we said
earlier is equivalent to a maximum likelihood estimator if the measurement errors are modelled
as random numbers having a normal distribution. Another property of ML estimate is that if x

is the best estimate of x, then f( x ) is the best estimator. In terms of power system states if

voltages and angles best estimate is given by V  and δ  then P(V , δ ) and Q(V , δ ) are the best

estimates of P(V, δ) and Q(V, δ) respectively.

In power system the measured quantities are MW, MVAr, MVA, voltages, currents etc.
and these quantities are non-linear function of state variables except for voltage magnitude
measurement.

It is to be noted that it is difficult to measure error statistics or to obtain the probability
density function for error as given by equation (23.17). Power system engineers prefer to use
metering equipment accuracy to define the variance σ2 and is given as  

1 50 10
2

6

1 2
2σi mic Z c F S

=
×
+

−

| | | ( . . )| (23.24)

where Zmi is the ith measurement and c1 and c2 are same as defined in equation (23.2).

Writing equation (23.23) in matrix form, the performance index to be minimised by

calculating the best state estimate X  for a number of measurements Zm is

 J(X) = [ZM – f(X)]T R–1 [ZM – f(X)] (23.25)

Here f(X) represent the calculated value corresponding to measured quantity ZM  and R–1 is
a diagonal weighting matrix of the variance for each of the M measurements equation (23.24).

In order to minimise J(X), we equate the first derivative of J(X) to zero, we have

 
∂

∂
∂

∂
J X

X
f X

X

T( ) ( )=  R–1 [ZM 
 – f(X)] = 0 (23.26)
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This results into a set of M nonlinear equations as f(X) is a nonlinear function of X in state

variables and 
∂

∂
J X

X
( )

 is known as the Jacobian matrix.

Say J(Xk+1) is the performance index during (k + 1)th iteration and J(Xk) is the value
during kth iteration. This can be written as using Taylor’s series expansion

J(Xk+1) = J(Xk) + ∆XkJ′ (Xk) + 
( )∆X 2

2
 J″(Xk) + ...

or  J(Xk+1) – J(Xk) = ∆XkJ′(Xk) + 
∆X 2

2
 J″(Xk) + ... (23.27)

neglecting higher order terms. Now our convergence criterion will be when the difference between
the performance indices during two consecutive iterations is less than a prespecified value or
when the difference between two state variables during consecutive iterations is less than a

prespecified value. We have already seen that if X  = X then f( X ) = f(X) for maximum likelihood
condition. Hence equation (23.27) reduces to

0 = ∆XkJ′(Xk) + 
∆X k2

2
 J″(Xk) (23.28)

where J″(Xk) is known as Hessian matrix or information matrix. From (23.28) we have

 ∆Xk = – 2 [J″(Xk)]–1 J′(Xk) (23.29)

So to use iterative procedure we need to know expression for J″(Xk).

From equation (23.26) taking second derivative, the approximate expression for

J″(X) ~  ∂
∂

2

2

J

X
 = – ∂

∂
∂
∂

f X
X

R
h
X

T ( ) −1 (23.30)

Since the Hessian matrix has already been approximated in almost all applications, the
elements of this matrix are to be taken constant and hence only one time inverse of this matrix is
to be obtained and used in the following iterative scheme

Xk+1
 = Xk + 

∂
∂

∂
∂

∂
∂

f X
X

R
f X

X
f X

X

T

X

T( ) ( ) ( )−
−

�
�
�

�
�
�

1
1

0

R–1 [ZM 
 –  f(X)] (23.31)

Here the inverse term is to be obtained at X = X0 and then used in all successive iterations.
It is to be noted that this assumption will not affect the final result of the system but only the
number of iterations will be increased as compared to when exact calculation of Hessian is resorted
to. Since calculation of Hessian during each iteration is a cumbersome job and time consuming,
the alternative procedure suggested here is computationally more effective.

Let the measurement ZM and the non-linear functions of state f(X) be separated into real
and reactive component such that

f(X) = 
h

g
...
�

�

	
	




�

�
�

=
�

�

	
	




�

�
�

real component
. . . . . . . . . . . . . . . . . .

reactive component
(23.32)
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So the partial derivatives are

  
∂ δ
∂ ∂

∂
∂δ

∂
∂

∂
∂δ

∂
∂

f V
V

h h
V

g g
V

( , )
( , )

=

�

�

	
	
	




�

�
�
� (23.33)

The diagonal weighting matrix R–1 is also separated into active and reactive component

R–1 = 
R

R
a

r

−

−

�

�
	
	




�
�
�

1

1
0

0
(23.34)

Using equations (23.32), (23.33) and (23.34), the approximate Hessian matrix is written as

J″(δ, V) = 

∂
∂δ

∂
∂δ

∂
∂δ

∂
∂δ

∂
∂δ

∂
∂

∂
∂δ

∂
∂

∂
∂

∂
∂δ

∂
∂

∂
∂δ

∂
∂

∂
∂

∂
∂

∂
∂

h
R

h g
R

g h
R

h
V

g
R

g
V

h
V

R
h g

V
R

g h
V

R
h
V

g
V

R
g
V

T

a

T

r

T

a

T

r

T

a

T T

r

T

a

T

r

− − − −

− − − −

+ +

+ +

�

�

	
	
	
	
	
	




�

�
�
�
�
�
�

1 1 1 1

1 1 1 1
(23.35)

Now assuming decoupling between P and V and Q and δ and also that the initial estimate
for all bus voltages is (1 + j0.0) i.e., V = 1.0 and δ = 0.0, the above matrix reduces to

 JFD″ = 

∂
∂δ

∂
∂δ

∂
∂

∂
∂

h
R

h

g
V

R
g
V

T

a

T

r

−

−

�

�

	
	
	
	




�

�
�
�
�

1

1

0

0
Constant

(23.36)

as  
∂
∂

h
V

 = 0 and
∂
∂δ
g

 = 0.

Equation (23.36) is known as a fast decoupled approximation to the Hessian or information

matrix. The gradient. ∂
∂

f X
X

T ( )  in equation (23.31) should be evaluated corresponding to the

current values of δ, V in that iteration for faster convergence or this could also be assumed
constant as calculated during zeroth iteration.

The fast decoupled state estimator (FDSE) iterative scheme is given as follows:

δk+1
 = δk + 

∂
∂δ

∂
∂δ

∂
∂δ

h
R

h h
R

T

a

T

a
−

−
−�

�
	
	




�
�
�

1
1

1
 [hm – h(Xk)] (23.37)

Vk+1
 = Vk + ∂

∂
∂
∂

∂
∂

g
V

R
g
V

g
V

R
T

r

T

r
−

−
−�

�
	




�
�1

1
1 [gm – g(Xk)] (23.38)

where hm corresponds to active power P and gm the reactive power measured.
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1

S1

j0.03
j0.02

3

S3

S2
2

j0.01

The algorithm for the fast decoupled state estimator is given below:

1. Read in system data, measured quantities, weighting factors and convergence criterion ε. 
2. The Jacobian and Hessian (information) matrices are calculated corresponding to all

voltages taken as 1 + j0.0 and are kept constant throughout the process of computation.

3. Set iteration count K = 0.

4. Calculate the real and reactive powers h(x) and g(x) and hence the performance index
J(Xk) by assuming all voltages corresponding to the reference bus voltages if k = 0.
Otherwise calculate these quantities corresponding to the values of voltages calculated
in the previous iteration if k > 0.

5. Calculate new values of state vector using equations (23.37) and (23.38) and calculate
J(Xk+1).

6. Compute | J(Xk+1) – J(Xk) | and if this is less then ε stop and Xk+1
 gives the FDSE. If not

go to step 4.

The following problem illustrates the implementation of the fast decoupled state estimator
algorithm.

Example 23.2: Fig. E. 23.2 shows a three bus
system where bus 1 is taken as reference with voltages
1.05 + j0.0 and bus 2 and 3 are having voltages (initial)
as 1 + j0.0. The line parameters are on a 100 MVA
base. The real and reactive power measurement at the
three buses are

Pm1 = 0.12 pu, Pm2 = 0.21 pu, Pm3 = – 0.3 pu.

Qm1 = – 0.24 pu, Qm2 = – 0.24 pu, Qm3 = 0.5 pu.

Assume R1
–1 = 3 = W1, R2

–1 = 5 = W2

and  R3
–1 = 2 = W3

Determine the states of the system at the end of the first iteration.

Solution: The state vector for the system is [δ2, δ3, V2, V3]
T  and the performance index

J(δ, V) = J(X) with six measurements is given as J(X) = [Zm – f(X)]T R–1 [Zm – f(X)]

= 

P h
P h
P h
Q g
Q g
Q g

m

m

m

m

m

m

T
1 1

2 2

3 3

1 1

2 2

3 3

−
−
−
−
−
−

�

�

	
	
	
	
	
	




�

�
�
�
�
�
�

 

R
R

R
R

R
R

1
1

2
1

3
1

1
1

2
1

3
1

0

0

−

−

−

−

−

−

�

�

	
	
	
	
	
	
	




�

�
�
�
�
�
�
�

 

P h
P h
P h
Q g
Q g
Q g

m

m

m

m

m

m

1 1

2 2

3 3

1 1

2 2

3 3

−
−
−
−
−
−

�

�

	
	
	
	
	
	




�

�
�
�
�
�
�

The injection at bus 1 is

 h1 + jg1 = V1I1* = V1 [I12* + I13*] = V1 
V V e

jX
V V e

jX

j j
1 2

12

1 3

13

2 3−
+

−�

�
	
	




�
�
�

− −δ δ

�����������
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h1 = – 
V V

X
V V

X
1 2 2

12

1 3 3

13

sin sinδ δ
−

and g1 = 
V
X

V V
X

V
X

V V
X

1
2

12

1 2 2

12

1
2

13

1 3 3

13
− + −

cos cosδ δ

The derivatives of these quantities are

∂
∂δ

δ
h V V

X
1

2

1 2

12
2= − cos

∂
∂δ

δ
h V V

X
1

3

1 3

13
3= − cos

As mentioned earlier we assume all voltages as 1 + j0.0 for evaluation of Jacobian elements
and Hessian (information) matrices.

Hence, ∂
∂δ
h

X
1

2 12

1= − and ∂
∂δ
h

X
1

3 13

1
= −

Assuming decoupled relation between P and V and Q and δ

  ∂
∂

∂
∂

∂
∂δ

∂
∂δ

h
V

h
V

g g1

2

1

3

1

2

1

3
0 0 0= = =, , ,  = 0

Now  ∂
∂

δg
V

V
X X

1

2

1 2

12 12

1
= − = −

cos

and  
∂
∂

δg
V

V
X X

1

3

1 3

13 13

1
= − = −

cos

The power injections at buses 2 and 3 are

h2 + jg2 = V2 e
V e V

j X
V e V e

j X
j

j j j
δ

δ δ δ
2

2 2 3
2 1

12

2 3

23

− − −−
−

+
−

−

�

�
	
	




�
�
�

= V V V e
jX

V V V e
jX

j j

2
2

1 2

12

2
2

2 3

23

2 2 3
−
−

+
−

−

−δ δ δ( )

= 
V e

X
V V
X

e
V
X

e
V V
X

e
j

j j j2
2 90

12

1 2

12

90 2
2

23

90 2 3

23

902 2 3− + −+ + −( ) ( )δ δ δ

= j 
V
X

V V
X

2
2

12

1 2

12
−  cos (90 + δ2) – j V V

X
1 2

12

 sin (90 + δ2)

+ j 
V
X

V V
X

2
2

23

2 3

23
−  cos (90 + δ2 – δ3) – j 

V V
X
2 3

23
 sin (90 + δ2 – δ3)
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Hence,   h2 = 
V V
X
1 2

12
 sin δ2 + 

V V
X
2 3

23
 sin (δ2 – δ3)

and   g2 = 
V
X

V
X

V V
X

V V
X

2
2

12

2
2

23

1 2

12
2

2 3

23
+ − −cos δ  cos (δ2 – δ3)

Similarly h3 = 
V V
X

V V
X

1 3

13
3

2 3

23
sin δ +  sin (δ3 – δ2)

and  g3 = 
V
X

V
X

V V
X

V V
X

3
2

13

3
2

23

1 3

13
3

2 3

23
+ − −cos δ  cos (δ3 – δ2)

Now
∂
∂δ
h V V

X
2

2

1 2

12
=  cos δ2 + 

V V
X
2 3

23
 cos (δ2 – δ3) = 

1 1

12 23X X
+

∂
∂δ

δ δ
h V V

X X
2

3

2 3

23
2 3

23

1
= − − = −cos ( )

∂
∂

g
V

V
X

V
X

V V
X

V V
X

2

2

2

12

2

23

1 2

12

2 3

23

2 2= + − −

= 
2 2 1 1 1 1

12 23 12 23 12 23X X X X X X
+ − − = +

 
∂
∂

g
V

V
X

2

3

2

23
= −  cos (δ2 – δ3) = – 

1

23X

 
∂
∂δ
h V V

X
3

2

2 3

23
= −  cos (δ3 – δ2) = – 

1

23X

 
∂
∂δ

δ δ δ
h V V

X
V V
X X X

3

3

1 3

13
3

2 3

23
3 2

13 23

1 1
= + − = +cos cos ( )

  
∂
∂

g
V

V
X

3

2

3

23
= −  cos (δ3 – δ2) = – 

1

23X

  
∂
∂

δ
g
V

V
X

V
X

V
X

V
X

3

3

3

13

3

23

1

13
3

2

23

2 2= + − −cos  cos(δ3 – δ2)

= 
2 2 1 1 1 1

13 23 13 23 13 23X X X X X X
+ − − = +
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Hence 
∂
∂

f
X

 = 

∂
∂δ

∂
∂

h

g
V

0

0

�

�

	
	
	




�

�
�
�

 = 

− −

+ −

− +

− −

+ −

− +

�

�

	
	
	
	
	
	
	
	
	
	
	
	
	
	
	




�

�
�
�
�
�
�
�
�
�
�
�
�
�
�
�

1 1

1 1 1

1 1 1

1 1

1 1 1

1 1 1

12 13

12 23 23

23 13 23

12 13

12 23 23

23 13 23

X X

X X X

X X X

X X

X X X

X X X

To obtain Hessian matrix H = 
∂
∂

∂
∂

f
X

R
f
X

T
−1

= (4 × 6) (6 × 6) (6 × 4)

= (4 × 4)

∂
∂
f
x


��
�
��

T

R–1 = 

− + −

− − +

− + −

− − +

�

�

	
	
	
	
	
	
	
	
	




�

�
�
�
�
�
�
�
�
�

1 1 1 1
0 0 0

1 1 1 1
0 0 0

0 0 0
1 1 1 1

0 0 0
1 1 1 1

12 12 23 23

13 23 13 23

12 12 23 23

13 23 13 23

X X X X

X X X X

X X X X

X X X X

× 

W
W

W
W

W
W

1

2

3

1

2

3

0

0

�

�

	
	
	
	
	
	




�

�
�
�
�
�
�

=

− +


��
�

��
−

− − +


��
�

��

− +


��
�

��
−

− +


��
�

��

�

�

	
	
	
	
	
	
	
	
	
	
	




�

�
�
�
�
�
�
�
�
�
�
�

W
X

W
X X

W
X

W
X

W
X

W
X X

W
X

W
X X

W
X

W
X

W
X

W
X X

1

12
2

12 23

3

23

1

13

2

23
3

13 23

1

12
2

12 23

3

23

1

13

2

23
3

13 23

1 1
0 0 0

1 1
0 0 0

0 0 0
1 1

0 0 0
1 1
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∂
∂

f
X


��
�
��

T

R–1 . 

− −

+ −

− +

− −

+ + −

− +

�

�

	
	
	
	
	
	
	
	
	
	
	
	
	
	
	




�

�
�
�
�
�
�
�
�
�
�
�
�
�
�
�

1 1
0 0

1 1 1
0 0

1 1 1
0 0

0 0
1 1

0 0
1 1 1

0 0
1 1 1

12 13

12 23 23

23 13 23

12 13

12 23 23

23 13 23

X X

X X X

X X X

X X

X X X

X X X

Since 
∂
∂δ
h

 and 
∂
∂

g
V

 are symmetrical. Hence

Hessian H = 
∂
∂

∂
∂

f
X

R
f
X

T
−1  = 

A

A

1

2

0 0
0 0

0 0
0 0

�

�

	
	
	




�

�
�
�

Hence,

A1 = A2 =

W
X

W
X X

W
X

W
X X

W
X X X

W
X X X

W
X X

W
X X X

W
X X X

W
X

W
X

W
X X

1

12
2 2

12 23

2
3

23
2

1

12 13

2

23 12 23

3

23 13 23

1

12 13

2

23 12 23

3

23 13 23

1

13
2

2

23
2 3

13 23

2

1 1 1 1 1 1

1 1 1 1 1 1

+ +


��
�

��
+ − +



��
�

��
− +



��
�

��

− +


��
�

��
− +



��
�

��
+ + +



��
�

��

�

�

	
	
	
	
	
	




�

�
�
�
�
�
�

Now substituting values of X12, X13 and X23 in the expression for ∂
∂δ
h , we have

  
∂
∂δ
h

 = 

− −

+ −

− +

�

�

	
	
	
	
	
	




�

�
�
�
�
�
�

1
0 03

1
0 01

1
0 03

1
0 02

1
0 02

1
0 02

1
0 01

1
0 02

. .

. . .

. . .

 = 
− −

−
−

�

�

	
	




�

�
�

333 100
833 50

50 150

.

.  = 
∂
∂

g
V

Substituting W1 = 3, W2 = 5 and W3 = 2 in the above expression for A1, we have

[A1] = 
3327 34700 5000 9990 20825 15000

25835 30 000 12500 45000
+ + − −

− + +
�
�	



��,  = 

43027 25835
25835 87500

−
−
�
�	



��

[A1]–1 = 
2.825 10 8.34 10
8.34 10 1.39 10

5 6

6 5
× ×

× ×
�

�
	




�
�

− −

− −
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The new value of the state variable i.e., Vk+1 and δk+1
 can be obtained using the relation

  Vk+1
 = Vk + [A1]–1 

∂
∂
g
V

T

 Rr
–1 [Zm – g(Xk)]

and δk+1
 = δk + [A1]

–1 ∂
∂δ
hT

 Rr
–1 [Zm – h(Xk)]

Assuming flat voltage profile for all the buses i.e., taking voltages as (1.05 + j0.0) for all the
three buses we first find the computed values of measured quantities

h1 = h2 = h3 = 0

and g1 = 
V V
X

V V
X

V
X

V V
X

1 2

12

1 2

12
2

1
2

13

1 2 3

13
− + −cos

cos
δ

δ
 = 0

as  | V1 | = | V2 | = | V3 | = 1.05 and δ1 = δ2 = δ3 = 0
Hence, g1 = g2 = g3 = 0

Substituting values of hs and gs in the iterative equations, we have

V
V

V
V

k

k

k

k
2

1

3
1

2

3

510
+

+
−�

�
	
	




�
�
�

=
�

�
	
	




�
�
�

+ �
�	



��

− −
− −
�
�	



��

�

�

	
	




�

�
�

−
−
�

�

	
	




�

�
�

2.825 0.834
0.834 1.39

33.3 83.3 50
100 50 150

3 0 0
0 5 0
0 0 2

0.24
0.24
0.50

= 
1.05
1.05

10 2.825 0.834
0.834 1.39

33.3 83.3 50
100 50 150

0.72
1.20
1.00

5�
�	



��

+ �
�	



��

− −
− −
�
�	



��

−
−
�

�

	
	




�

�
�

−

= 
1.05
1.05

10 2.825 0.834
0.834 1.39

125.98
282

5�
�	



��

+ �
�	



��

−�
�	



��

−

= 
1048793
10528692
.
.
�
�	



��

Similarly,

δ
∂

δ
δ

2
1

3
1

2
0

3
0

510
2 825 0 834
0 834 139

333 833 50
100 50 150

3 0 0
0 5 0
0 0 2

�

�
	



�
� =
�

�
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� + �

�	


��

− −
− −
�
�	



��

�

�

	
	




�

�
� −

�

�

	
	




�

�
�

− . .
. .

. .
0.12
0.21
0.30

= 
δ
δ

2
0

3
0

510 2 825 0 834
0 834 139

333 833 50
100 50 150

036
105
0 60

�

�
	
	




�
�
�

+ �
�	



��

− −
− − −
�
�	



�� −

�

�

	
	




�

�
�

− . .
. .

. .
.
.
.

= 
δ
δ

2
0

3
0

510 2 825 0 834
0 834 139

105 477
1785

�

�
	
	




�
�
�

+ �
�	



�� −
�
�	



��

− . .
. .

.
.

= 
δ
δ

2
0

3
0

51491035
1615

10 0 001491035
0 001616

�

�
	
	




�
�
�

+ −
�
�	



��

× = −
�
�	



��

−.
.

.
.  Ans.

Using these values of V and δ and assuming the Jacobian and Hessian matrices to remain
same as in Ist  iteration we calculate h (V, δ) and g(V, δ) and obtain new and better values of V and
δ. We continue the process till the difference in V and δ in the consecutive iteration is less than a
prespecified value we take as 10–4.
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It is to be noted in mathematical terms we should evaluate Jacobian and Hessian matrices
corresponding to the actual value of state estimates otherwise the computational process may
not converge. In power system we evaluate only once the Jacobian and Hessian matrices
corresponding to state estimates as 1 + j0.0 as our actual solution is not very far from these
values. We operate our system within ± 5% variation of state i.e. V and δ and hence our assumption
is practically justified.

After the best estimate of state is known, the best estimate for the p.u injection S1, S2,
S3,... etc. can be computed.

It is to be noted that there is similarity between load flow solution of power system and
state estimation of power system. In both the situations we are interested in finding out the
voltages both magnitude and phase at all the buses except at slack bus or reference bus. However,
the state estimate provides better results as here, power even at the slack bus is specified.

This general method of state estimation can include measurement of current and voltages.
However, since the phase relations are not known, inclusion of these measurements slows down
the rate of convergence of final results. As a result on-line state estimation program make little
use of these data and employ small weighting factors (equivalent to ignoring these data) when it
is included.

���	 
����������
�
���������������
�
���

The errors associated with transducers, the analog to digital and vice versa devices, the
communication links (some communication lines may be snapped and not be providing any data)
bring in lot of problems for assessment of correct state estimation. The ability to detect and
identity bad measurements is very important for power system operators. The measurement
errors are random numbers and hence statistics theory would be employed to tackle this problem
of detection and identification of bad data even though the procedure is lengthy but straight
forward.

The procedure we will follow is based on this fact that for a given configuration the residual
J(X) calculated after the state estimator algorithm converges will be smallest if there are not bad
data measurement present. When J(X) is the smallest the state vector X (voltage magnitude and
phase angles) has been found and corresponding to this state the various quantities like active
and reactive powers generated and consumed by the load are compared with those which were
measured and these are found to be close to each other. However, if there is a bad measurement
the converged value of J(X) will be relatively larger than expected with x = xest.

The question then arises what value of J(X) will determine whether the system has some
bad measurements or not. As, if we choose a smaller value of J(X), there may be wrong alarms of
bad data presence when there is none and if we choose a larger value than the optimum value of
J(X), there may be some bad measurements which may go undetected. It is here that we make
use of statistics to provide us a suitable value of J(X) which if  selected for comparison would help
us in detecting the presence of bad measurements.

The measurement errors are random errors and hence the value of J(X) is also a random
number. If we assume that all the errors are described by their respective normal probability
density functions, then it can be shown that J(X) has a probability density function known as
chi-square distribution which is written as χ2(N) where N is known as degree of freedom of the
chi-squared distribution and is given by
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N = Nm – Ns

where Nm = number of measurements. It is to be noted that the measurement P + jQ at a bus is
taken as two measurements

Ns = number of states (2n – 1) where n is the no. of buses in the system. It can be shown
using statistical theory that when X = Xest  the mean value of J(X) equals N and the

standard deviation σj(X) equals 2N .

Chi-squared distribution helps us to choose a threshold value tj for J(X) so that if J(X) > tj
there are chances of bad data being present in the measurement. Otherwise there is again certain
probability that the bad data may not be present. This can be written as follows:

P(J(X)) > ti | J(X) is a chi-squared) = α (23.39)

Equation (23.39) suggests that the probability that J(X) is greater than tj is equal to α
given that the probability density for J(X) is Chi-squared with N degrees of freedom.

This procedure usually adopted to detect whether there is bad data measurement present
or not, is known as hypothesis testing and the parameter α is called the significance level of the
test. Once we know the degree of  freedom and we select a suitable value of α, we can find out the
threshold value of J(X) from the χ2 table as shown here.

Table of χ2

Probability (P)

DF 0.50 0.10 0.05 0.02 0.01 0.005 0.001

1 0.45 2.71 3.84 5.41 6.64 7.88 10.83

2 1.39 4.61 5.99 7.82 9.21 10.60 13.82

3 2.37 6.25 7.82 9.84 11.34 12.84 16.27

4 3.36 7.78 9.49 11.67 13.28 14.86 18.47

5 4.35 9.24 11.07 13.39 15.09 16.75 20.51

6 5.35 10.65 12.59 15.03 16.81 18.55 22.46

7 6.35 12.02 14.07 16.62 18.48 20.28 24.32

8 7.34 13.36 15.51 18.17 20.09 21.96 26.13

9 8.34 14.68 16.92 19.68 21.67 23.59 27.88

10 9.34 15.99 18.31 21.16 23.21 25.19 29.59

The parameter α decides what level of confidence we want in our assessment. Usually a
confidence level of 95% is selected which means fake alarms will occur only in 5% of the cases. If
we take 3-bus system of Example 23.2 where the no. of measurements M = 6 and the no. of state
variables is (2n – 1) = 5, hence degree of freedom is M – Ns = 6 – 5 = 1. From the χ2 table the
threshold value tj for dof as 1 and α = 0.05 is 3.84 and for α = 0.01 it is 6.64. When using a tj
derived in this manner the probability of a fake alarm is equal to α. By setting α to a small
number say α = 0.05 we would say that false alarms would occur in only 5% of the tests made.
Suppose there are certain bad datas we will find that the estimator converges but at a higher
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value than the tj. In fact after Xest the estimate is found. We substitute this value of Xest in the
performance index and we obtain J(Xest) and we will see that the value is more than the selected
value tj.

So far we have been able to detect that our measurements have certain bad data. The next
step would be to identify which datas are bad datas.

We have assumed that the error in measurement Zi is normally distributed with zero
mean value, the probability density function is centred on the true value of Zi Fig. 23.4(a). Since
the errors on all the measurements are assumed normal, we will assume that the estimate Xest is
approximately normally distributed and that any quantity that is a function of Xest is also normally
distributed quantity. Since f(Xest) is the calculated quantity of estimate Xest, Fig. 23.4(b) shows
the probability density function for the calculated megawatts or megavars flows fi. We have
chosen here standard deviation for fi smaller as compared to the measured quantities as
measurements have higher redundancy or error as compared to calculated quantities.

 

P
D

F
of

z i

True value Measured
value zi

(a)

P
D

F
of

f ies
t

True value
Estimate f = f (x )i i

est est

(b)

PDF of yi

y = z – fi i i
est

0 �yi yi

(c)

–3 –2 –1 1 2 3 yi
norm

PDF of yi
norm

y =i
norm z – fi i

yi

est

�

(d)

��������	� ��������� !
"#$%� !
 &'$( ��$
�&
  )#
$��*���+#"
*#�%'�#*#$ ,

We define here now what are known as normalised (standard) quantities as explained
earlier in Fig. 23.2.
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The difference between the calculated quantities  fi and measured quantity is known as the
measurement residual yi. The probability density function for yi is also normal as shown in Fig.

23.4(c) which has zero mean and a standard deviation of σ yi
.

Now D = 
f Zi i

yi

−
σ

is known as normalised measurement residual or standard normal deviate. This may be designated
as yi

norm and is shown in Fig. 23.4(d). This has normal distribution with σ = 1. Corresponding to
1% probability (P(0.01)) the D = yi

norm = 3. However for 5% probability D = yi
norm = 2. If the

absolute value of yi
norm> 3, we have good reason to expect that Zi measurement is a bad

measurement value.

Once it is assumed that bad data is present, following procedure is adopted to identify the
bad data. From the estimator Xest, all fi s are calculated and from the corresponding Zi

s, yi are
calculated. From the state estimator, standard deviation σyi (equation 23.14 (a)) can be calculated
and hence D or yi

norm can be calculated. Measurement having the largest absolute normalised
residual are labelled as prime suspects. The measurement with the largest normalised residue is
eliminated and the state estimator program is repeated. This results in a different Xest and hence
a different J(X). Since one of the measurements has been eliminated, the degree of freedom has
been reduced by one and hence for the same value of α, the threshold value of J(X) will be different
and it has to be obtained from the χ2 table and value of J(X) is to be compared against new value
of tj. If the new J(X) is less than new value of tj, we have eliminated a true bad data. If however
new J(X) is greater than the new tj we must calculate fi(X

est), σyi and yi
norm for each of the remaining

measurements. The measurement with the largest absolute yi
norm is then again eliminated and

the entire procedure repeated successively until J(X) is less than tj. It has been observed that in
certain situations a group of measurements may have to be eliminated to eliminate one ‘bad’
measurement which means that the identification procedure often cannot pin point a single bad
measurement but instead identifies a group of measurements one of which is bad.

Summarising the procedure for detection and identification of bad data, it can be said that
For detection – use chi-squared method
For identification – use normalised standard deviation or normalised residuals.
An important feature of the state estimator is its ability to calculate or estimate missing

quantities (quantities not being telemetered). This is true in case of failure of some of the
communication channels which cannect operation centres to data processing equipments. Many
a times data from the substations are not available because no transducers or data gathering
equipments were ever installed.

���� �����������������������
��

For this d.c. power flow model is required which has been discussed in chapter 18. Equation
(18.61) is reproduced here and is given as

∆P

E
p

p

�

�
	
	




�
�
�

 = [B′] [∆δ] (23.40)
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Assuming Ep = 1.0 p.u., the equation is rewritten as

  [∆Pp] = [B′] [∆δ] (23.41)

where Bik = – 
1

xik
 of diagonal element corresponding to ith row and jth column i.e., the branch

between nodes i and j and Bii = 
k

N

ikx=
∑

1

1
 the diagonal element i.e., the sum of susceptances of all

branches connected to bus i.

Since the matrix [B′] is constant and does not change during successive iterations for
solution of the equations, this need be evaluated only once and inverted once during their first
iteration and then used in all successive iterations.

It is to be noted that the linear model representing dc power flow is only useful for calculating
MW power flows on transmission lines and transformers. It does not take into account voltage
magnitudes or reactive power flows on these circuits. The power flowing on each line using the dc
power flow is then

Pik = 
1

xik
 [θi – θk) (23.42)

and  Pi = 
k

N

=
∑

1

Pik

where k is the bus connected to bus i.

If function fi (x1, x2,..., xN) are linear functions, equation (23.23) has a closed form solution

We write the function fi (x1, x2,..., xN) as

fi(x1, x2,..., xN) = fi(X) = Ai1x1 + Ai2x2 + ... + AiNxN (23.43)

Now if we put all fi functions in a matrix form

 f(X) = 

f X
f X

f Xm

1

2

( )
( )

( )
�

�

�

	
	
	
	




�

�
�
�
�

 = [A] X (23.44)

where [A] is an Nm × Ns matrix consisting of the co-efficient of the linear functions f(X)

Similarly Zm
meas = 

Z
Z

Z

m

m

mm

1

2
�

�

�

	
	
	
	




�

�
�
�
�

Hence equation (23.23) can be written in compact form

Min J(X) = [Zmeas – f(X)]T [R–1] [Zmeas – f(X)] (23.45)
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1 3j0.1
M31

M12

j0.3 j0.2

M23

2

Where   R = 

σ
σ

σ

1
2

2
2

2
�

Nm

�

�

	
	
	
	




�

�
�
�
�

where R is known as the covariance matrix of measurement errors. Substituting f(X) = [A] X from
equation (23.44) into (23.45) and rearranging we have

Min J(X) = {ZmeasT[R–1] Zmeas – XT[A]T [R–1] Zmeas – ZmeasT [R–1] [A] X

+ XT [A]T [R–1] [A] X} (23.46)

To obtain condition for min J(X) we take the first derivative of J(X) and equate it to zero we
have, the first term is zero, the second and third term’s derivative gives

– 2 [A]T [R–1] Zmeas and the last term’s derivative is 2[A]T [R–1] [A] X

Hence, 0 = – 2 [A]T [R–1] Zmeas + 2 [A]T [R–1] [A] X

or [A]T [R–1] [A] X = [A]T [R–1] Zmeas

or Xest = {[A]T [R–1] [A]}–1 [A]T [R–1] Zmeas (23.47)

It is to be noted that the equation (23.47) holds good when the number of measurements is
greater than the no. of state variables. However, if the no. of state variables equals the no. of
measurements, the state variables Xest is given as

Xest = [A]–1 Zmeas (23.48)

The third  possibility is that no. of measurement is less than the no. of unknowns which is
an under determined system and usually in power system state estimation such situations are
not handled directly. Rather pseudo-measurements are added to the existing set of measurements
to give a completely determined system or an over determined system.

Example 23.3. Consider the 3 bus system shown
here: Pm12 = 0.12, Pm13 = 0.21, Pm23 = – 0.3, X13 = 0.1,
X12 = 0.3, X23 = 0.2. Assume that the meter has ± 3 MW
error over a full scale of 100 MW. Assuming that the
errors are distributed according to normal probability
density function as shown in Fig. 23.2 with standard
deviation σ, the meter will give a reading within ± 3σ
(± 3 MW) of the true value being measured for
approximately 99% of the time and σ = ± 1 MW or
σ = 0.01 p.u.

It is to be noted that the probability of an error
decreases as the error magnitude increases.

For the three bus system, we have

 Xest = 
θ
θ

2

3

�
�	


��

(E 23.1)

����������
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The elements of a matrix are obtained from the following measurements:

 f12 = 1
0.3

 (θ2 – θ2) = – 3.33 θ2 as θ1 = 0.0

 f31 = 1
0.10

 (θ3 – θ1) = + 10 θ3

 f23 = 1
0.20

 (θ2 – θ3) = 5θ2 – 5θ3

A = 
−

−

�

�

	
	




�

�
�

3.33 0
0 + 10
5 5

 AT = 
−

−
�
�	



��

3 33 0 5
0 10 5
.

The covariance matrix [R] for the measurements is

[R] = 
10 0

10
0 10

4

4

4

−

−

−

�

�

	
	
	




�

�
�
�

. Hence, R–1 = 

10 0
10

0 10

4

4

4

�

�

	
	
	




�

�
�
�

and the measurements are 
0 12
0 21
0 3

.
.
.−

�

�

	
	




�

�
�
.

Since the no. of measurements is greater than the no. of state variables, we make use of
equation (23.47) for estimation of states. Substituting the values in equation (23.47) we have

 
θ
θ

2

3

4

4

4

1

333 0 5
0 10 5

10
10

10

333 0
0 10
5 5

�
�	


��

= −
+ −

�
�	



��

�

�

	
	
	




�

�
�
�

−
+
−

�

�

	
	




�

�
�

�

�
�

�
�

�

�
�

�
�

−

.
.

× −
+ −

�
�	



��

�

�

	
	
	




�

�
�
� −

�

�

	
	




�

�
�

3 33 0 5
0 10 5

10
10

10

4

4

4

. 0.12
0.21
0.30

= 10 36 08 25
25 125

19
3 6

4
1

. .
.

−
−
�
�	



��

�
�
�

�
�
�

−
+
�
�	



��

−

 104

= 
0 032175 0 006435
0 006435 0 009287

19
3 6

. .

. .
.
.

�
�	



��

−�
�	



��

 
θ
θ

2

3

0 0379665
0 0212067

�
�	


��

= −�
�	



��

.

.

From these estimated phase angles we can calculate power flows in various transmission
lines

 f12 = – 3.33 (– 0.0379665) = 0.126428
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 f31 = 10 × 0.0212067 = 0.212067

 f23 = 5 (– 0.037965 – 0.212067) = – 0.2958

Hence the performance index J(θ2, θ3) is given as

J(θ2, θ3) = 
( . . ) ( . . ) ( . . )012 0126428 0 21 0 212067 03 0 2958

10

2 2 2

4

− + − + − +
−

= 0.41319 + 0.04272 + 0.1764

= 0.6323

From χ2 table for 1 degree of freedom and probabilities P = 0.01, the χ2 value is 6.64 which
is much more than 0.6323 and hence the estimate is correct.

Example 23.4. For a three bus system suppose the measurements are Z12 = 0.6, Z13 = 0.05,
Z32 = 0.35 and X12 = 0.2, X13 = 0.4 and X23 = 0.25. Taking bus 3 as reference and using the linear
model, determine θ1 and θ2 and assume σ2 = 10–4

.

Solution. To determine [A] we express computed powers in terms of θ1 and θ2 as follows:

 f12 = 
1

0 2.
 (θ1 – θ2) = 5θ1 – 5θ2

 f13 = 
1

0 4.
 (θ1 – θ3) = 2.5θ1

 f
32 = 

1
0 25.

 (θ3 – θ2) = 4θ3 – 4θ2 = – 4θ2

 A = 
5 5

2.5 0
4 4

−

−

�

�

	
	




�

�
�

 and AT = 
5 2.5 0
5 0 4− −

�
�	



��

Using equation (23.47), we have

 
θ
θ

1

2

4

4

4

1 1

5 25 0
5 0 4

10
10

10

5 5
25 0

0 4

�
�	


��

= − −
�
�	



��

�

�

	
	
	




�

�
�
�

−

−

�

�

	
	




�

�
�

�

�
��

�
�
�

�

�
��

�
�
�

−

−

−

− −

. .

× 
5 25 0
5 0 4

10
10

10

4

4

4

1

.
− −
�
�	



��

�

�

	
	
	




�

�
�
�

�

�

	
	




�

�
�

−

−

−

−
0.60
0.05
0.35

The second product term is simplified as

104 
5 25 0
5 0 4

0 6
0 05
035

3125
4 4

.
.
.
.

.
.− −

�
�	



��

�

�

	
	




�

�
�

= −
�
�	



��

 × 104
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The first term is simplified as follows:

10 5 25 0
5 0 4

5 5
25 0
0 4

3125 25
25 41

104

1

4
1

. . .
− −
�
�	



��

−

−

�

�

	
	




�

�
�

�
�
�

��

�
�
�

��
= −

−
�
�	



��

�
�
�

�
�
�

−
−

Hence,

θ
θ

1

2

1312500 250000
250000 410000

�
�	


��

= −
−
�
�	



��

×
− ×
�

�
	




�
�

− 3.125 10
4.4 10

4

4

= 
3125 25

25 41
3125

4 4

1
. .

.
−

−
�
�	



�� −
�
�	



��

−

= 
0 0625 0 0381
0 0381 0 047637

3125
4 4

. .

. .
.

.
�
�	



�� −
�
�	



��

= 
0.02767

0.0905403−
�
�	



��

Now, we calculate the power flows in various lines

 f12 = 5 (θ1 – θ2) = 5 (0.02767 + 0.0905403) = 0.59105

 f13 = 2.5θ1 = 2.5 × 0.02767 = 0.069175

 f32 = – 4θ2 = 4 × 0.0905403 = 0.36216

Hence, the performance index J(θ1, θ2) is given as

J(θ1, θ2) = 
(0.6 0.59106) (0.05 0.069175) (0.35 0.36216)

10

2 2 2

4

− + − + −
−

= 0.799 + 3.67 + 1.46 = 5.929

From the χ2 table for 1 degree of freedom and probability P = 0.01, the value of χ2 is 6.64
which is more than 5.929 and hence the estimate is correct.

���� ���������������������������������������������������

In this section we try to learn the role of power system state estimation in the operation of power
system and how state estimation, contingency evaluation and generator corrective action take
place in a modern operations control center. Figure 23.5 shows a block diagram indicating the
information flow between various functions to be performed in an operations control centre computer
system.

The information about power system is collected from the remote terminal units (RTU)
which encodes measurement transducer outputs and opened/closed status information into digital
signals that are transmitted to the operations centre over communication channels. However, the
control centre in turn transmits control information in terms of raise/lower commands to generators
and open/close commands to circuit breakers and switches. The information coming into the
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control centre is divided into two parts as breaker/switch status indication and analog
measurements as shown in Fig. 23.5. The analog measurements of generator output are used
directly by the automatic generation control (AGC) and all other data is processed by the state
estimator and the output from the state estimator which is in terms of the voltage magnitude and
phase angles of buses is used in evaluating transmission line or the line loadings in terms of MW
and MVAr flows, bus loads and generations calculated from the line flows. These quantities
together with the electrical model developed by the network topology program (discussed below)
provide the basis for contingency evaluation, economic load dispatch or optimal power flow and
generation corrective action program.

Network topology means the interconnection of various components of power viz., generators,
loads, transmission lines etc. through circuit breakers/switches. Network topology plays an
important role in estimating the state of power system. Since the switches and breakers in any

Remote
terminal
units in

substations

Base points,
participation

factors, optimal
voltage, transformer
taps, load shedding

Security
constrained

OPF

Contingency
analysis

Contingency
selectionOverload

& voltage
problems

Display
alarms

Potential
overloads
& voltage
problems

OPF

Panalty
factor

calculation

Economic
dispatch

calculation

Base points and
participation factors

AGC

Telemetry
&

communication
equipment

Breaker/switch
status

indications Network
topology
program Updated system

electrical model

Analog measurements

Generator
outputs

Generation
raise/lower

signals

System model
description

Display to
operator

Power flows,
voltages, etc.

Display to
operator

Bad
measurement

alarms

State
estimator
output

State
estimator

�����������-#�� ��$%
(�$ ���
 (#$ �#
(�*-' #�
 %!% #*,

substation can cause the network topology to change, a program is provided that reads the
telemetered breaker/switch status indications and restructures the electrical model of the power
system. This program which reconfigures the electrical model is known as Network Topology
Program. This program has complete information of each substation and how the transmission
lines are connected to the substation equipments. The bus sections which are connected to other
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bus sections through the closed circuit breakers or bus couplers correspond to the same electrical
bus. Thus the number of electrical buses and the manner in which they are interconnected can be
simulated in the model to replace the actual operating conditions of the system.

��������

23.1. Explain what you mean by state estimation of power system and how does it differ from load flow
solutions.

23.2. Discuss the problems associated with measurements of various quantities on power system. How
do they affect the power system state estimation process?

23.3. Discuss briefly various jobs expected of a power system state estimator.

23.4. Develop step by step the mathematical model for a state estimator using line power flows with the
help of weighted least square method as suggested by Dopazo et al.

23.5. Explain what are weighting factors and how these affect the convergence of the computation process
for state estimator.

23.6. Explain various steps of the algorithm used for estimation of states of power system using weighted
least square method and discuss the limitations of this method.

23.7. Explain the terms Standard deviation, Standard normal curve, Biased and unbiased error distri-
bution.

23.8. Show that if the probability density function of measurement errors is a normal distribution
(Gaussian), the maximum likelihood criterion for state estimation is identical to weighted least
square method.

23.9. What is meant by variance of meter error ? Given two normal distributions curves with different
variance which one would you prefer for better estimator.

23.10. What is a fast decoupled state estimator ? List out various  steps associated with algorithm of this
estimator.

23.11. What do you mean by “Bad Data” in power system ? How does it creep in while obtaining a good
state estimator ? Explain clearly how it is taken care of by using theory of probability.

23.12. Explain clearly how Bad Data is detected and identified.

23.13. Explain linear model of system for state estimation and derive equations for the state estimator.

23.14. Discuss the role of state estimator in power system operation.
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The energy requirements on power system keeps on changing not only over the years, but it
keeps on changing even over a day. Generally the energy requirement is higher during the day
time and during early evenings when industrial loads are high, lights in the commercial
establishments, historical monuments, national highways consume large amount of electric
energy. However during late in the evenings and early mornings when most of the
establishments are closed the energy requirement is low. Similarly the energy requirement
during week days is higher as compared to weekend days. Also in a country like India the
energy requirement during summer is much more as compared to rest of the seasons.

One option would be to connect all the available generating units on to the bus bar all
the time so that any amount of energy requirement can be met. But this is highly uneconomical
as during off-peak periods some of the units may not be contributing much, yet we are spending
lot of fuel to keep them synchronised with the grid. A lot of saving in fuel cost can be made by
switching off some of the units (generators) when these are not required. Unit commitment is,
therefore, one way to suggest just sufficient number of generating units with sufficient
generating capacity to meet a given load economically with sufficient reserve capacity to meet
any abnormal, operating condition e.g., failure of one of the generators i.e., to commit generating
capacity to obtain reliable and economical supply for a given load. We will for the time being
consider the unit commitment problem purely from economic point of view.

Example 24.1: Suppose in a plant we have the units with specification as follows.
Unit 1 Min 160 MW Max 600 MW

F1 = 600 + 7.1 P1 + 0.00141 P1
2

Unit 2 Min 100 MW Max 450 MW
F2 = 350 + 7.80 P2 + 0.00195 P2

2

Unit 3 Min 50 MW Max 250 MW
F3 = 80 + 8.0 P3 + 0.0049 P3

2

Suppose we are to feed a load of 500 MW. Our problem is what units should be committed
to meet this load economically. We can meet the load with various combinations e.g., we may
run a combination of unit 1 and 2, unit 1 and 3 or unit 2 and 3. It is to be noted that unit with

���
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fuel cost having largest fixed component of cost will have smaller running costs i.e., the
coefficients with P and P 2 will be smallest. Compare the cost characteristics of the three units
mentioned above. The fixed component of cost of unit 1 is 600 and is largest as compared to 350
and 80 for units 2 and 3. Similarly if we compare the co-efficients of P and P 2 for the three cost
characteristics, we find that, these co-efficients are lowest for the first unit and since the
maximum power generation capacity of the unit is 600 MW and our load requirement is only
500 MW, hence unit 1 can be committed for feeding the load. This unit not only supplies the
load requirement, it supplies most economically out of any other combinations e.g., if we take
a combination of unit 1 and unit 2, this will be able to supply the load but the cost involved will
be more than what unit 1 alone will cost.

One may even go for combination of unit 2 and 3, still it is possible to meet the load
requirement but the cost involved will be even more than what it costs with unit combination
1 and 2. In fact for 500 MW load, unit 1 alone is the economic unit commitment. It is to be noted
that unit 1 is the most cost effective, next is unit 2 and the least cost effective out of the three
units is unit 3. In order to find the cost in each combination of units to meet a certain load,
equal incremental cost of production strategy is used which has been discussed in detail in
chapter 19.

As given in section 19.1 of the book the minimum power generation is limited by the
flame instability of a boiler and maximum power generation is limited by the overheating of
the armature winding. Therefore, during applying equal incremental cost of production strategy
if the optimum power requirement is less then Pmin or greater than Pmax, the output of the
power from the corresponding generator is limited to its violated limit and the rest of the load
is distributed through the remaining units.

Let us consider load variation from 1300 MW to 500 MW in steps of 100 MW. To obtain
a ‘‘shut down rule’’ we use brute-force technique wherein all combination of units will be tried
for each load value taken in steps of 100 MW from 1300 to 500 MW. The shut-down rule is
simple.

When load is above 1050 MW, commit all the three units and between 1050 and 600
commit unit 1 and 2, and below 600 MW unit 1 is enough. The results of applying the brute-
force technique are given in the following table 24.1:

Table 24.1 Shut down rule for the example

Load Unit 1 Unit 2 Unit 3

1300 on on on

1200 on on on

1100 on on on

1000 on on off

900 on on off

800 on on off

700 on on off

600 on off off

500 on off off
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If the unit commitment problem were limited only to commit sufficient units to meet a
certain load, the problem is supposed to have been solved with the above commitment schedule.
Unfortunately it is not true as we have considered this problem as almost unconstrained. We
have considered only constraints of Pmin and Pmax as the generation. There are other constraints
to which the system is subjected which should be considered before we can sort out the optimum
unit commitment problem. Some of the constraints are listed here under.

���� ��������������

Spinning reserve is defined as the total amount of generation available from all units
synchronised to the grid (or system) minus the load demand and the losses being supplied.
Spinning reserve is very essential in an interconnected system as loss of a large unit in the
system may result in under frequency problem. However, if sufficient spinning reserve is
available in the system, the loss of one of the units can be taken care of by the remaining units
in the system.

The allocation of magnitude of spinning reserves is usually decided by reliability
considerations and also the economics associated with it.

Some of the electric utilities prefer to have the spinning reserve a given percentage of
forecasted peak demand; some prefer to have the spinning reserve  equivalent to the largest
capacity unit in the system.

It is to be noted that not only sufficient spinning reserve be made available, it should be
spread around the power system to avoid any problem due to transmission network failure to
carry that power. Also the requisite spinning reserve should be made available even when
‘‘islanding’’ of system takes place. Therefore, both the allocation and location of spinning reserve
is important.

The total spinning reserve should be suitably distributed among the fast responding
units and slow responding units as this allows the automatic generation control (AGC) system
to restore frequency and interchange quickly when one of the unit fails.

Besides spinning reserves, the unit commitment problem may involve various other
types of ‘‘scheduled reserves’’ or ‘‘off-time reserves”. These reserves include quick-start diesel
or gas turbine and hydro units including pumped storage units which can be brought on to the
bus bar in a few minutes. These units should be considered in the overall reserve capacity
assessment. However, their time to come to full capacity should be taken into account.

Example 24.2: In order to illustrate the reserve capacity requirements consider two
isolated grid systems, northern grid and southern grid, which are interconnected through tie-
lines as shown in Fig. E.24.1. There are three units in the northern region and two in the
southern committed to supply a load of 3320 MW. The maximum permissible tie-line loading is
550 MW in either directions.
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Northern grid
units 1,2, 3

Southern grid
units 4 and 5
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Table 24.2 shows data for the two grid interconnected system.

Table 24.2 Data for the system in the figure

Unit Unit Regional Spinning Regional Interchange

Region Units capacity output generation reserve load MW

MW MW

Northern 1 1200 1000 2000 200 2200 200

2 800 500 300

3 800 500 300

Southern 4 1200 1000 1320 200 1120 200

5 600 320 280

Total 1—5 4600 3320 3320 1280 3320

It can be seen that for example for unit 1 in the northern system, the loss of any unit on
the system can be covered by the spinning reserve on the remaining units. Unit 1 however
presents a problem. If unit 1 was lost and unit 2 and 3 were to be run at their maximum
capacities which totals to 1600 MW, the local grid load is 2200, hence 600 MW should be
transported over the tie line from southern grid to northern grid. Since the maximum permissible
tie line loading is 550 MW only, therefore, the loss of unit 1 can’t be covered even though the
entire system has ample reserve. The only solution under this working condition (loading) is to
commit more units to operate in the northern region.

���� ��������������	�������

It is to be noted that thermal plants require operating personnel to take into account the
temperature and pressures of steam before a unit can be switched on or off. If a unit is in
operation for sometime, it cannot be switched off instantly. It takes sometime before it could
be switched off. This is known as minimum up time. Similarly if a unit is decommitted i.e., it is
not in operation or connected to the grid, it takes certain minimum (4 to 8 hrs.) to recommit it
or connect it to the grid. This is known as minimum down time. Also there is constraint on the
number of operating personnel in the thermal plants especially if there are more than one unit
in the plant. An optimum number of operating personnel is desirable.
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A thermal unit is never connected to the grid until the steam attains certain temperature
and pressure for better efficiency of the plant. The fuel input to the unit from cold to the state
when it can be connected to the grid, does not produce any electric energy yet it is very much
required, which is known as start-up cost. The start-up cost is not fixed as it depends upon the
initial state of the unit. If the unit were initially in cold condition, the start up cost is maximum.
However, if the unit was turned off recently and is still relatively close to operating temperature
and pressure, the start up cost is much lower. The first type of start-up cost is known as cold
start up cost and the second one is known as banking start-up cost. The two types of start-up
costs are given empirically as follows:

Start-up cost cold-start = Fc(1 – e–t/α) × F + Ff

where Fc = cold start cost (MBtu)

  F = full cost

 Ff = fixed cost (salary of operating personnel and maintenance expenses)

   α = thermal time constant of unit

   t = time in hrs. the unit was cooled

Start-up cost during banking = Ft × t × F + Ff

Where Ft is cost (MBtu/hr) of maintaining unit at operating temperature and pressure.

If we plot the two costs on a common plane as shown in Fig. 24.1, we find that up to
certain number of hours the banking cost is less than cold start-up cost.

1 2 3 4 5 No. of hrs.

Banking

ColdStart-up
cost

Ff

������������#����$���������%��&'$� ���!

It is to be noted that Pmin and Pmax of a unit also changes due to maintenance or
unscheduled outages and hence this factor must be taken into consideration in unit commitment.

���� ������	���������	����	������	


Some of the methods for solution of unit commitment problem are listed below:

1. Priority list

2. Dynamic programming

3. Lagrange multiplier
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This is the simplest of all unit commitment methods and consists of preparing a priority list of
units. As discussed earlier a simple shut-down rule or priority list should be obtained after an
exhaustive enumeration of all unit combinations at each load level. The priority list of the
example 1 can be obtained by calculating the full load (maximum power capacity), average
production cost of each unit where the full load average production cost is simply the net heat
rate at full load multiplied by fuel cost.

Example 24.3: The fuel cost for the three units of example 24.1 are given here under

 Fuel cost (1) = Rs 1.1/ MBtu

 Fuel cost (2) = Re 1.0/MBtu

 Fuel cost (3) = Rs 1.2/MBtu

The average cost for the three units is calculated as follows:

F1 = 600 + 7.1 P1 + 0.00141 P1
2 Pmax = 600 MW

= 600 + 4260 + 507.6 = 5367.6 MBTu/hr.

Hence, full load average production cost

= 
5367.6 1.1

600
×

 = 9.84 Rs./MWhr

 F2 = 350 + 7.80 P2 + 0.00195 P2
2  P2 max = 450 MW

 350 + 3510 + 394.87 = 4254.87

Hence, full load average production cost

= 
4254 87 1

450
. ×

 = 9.455 Rs./MWhr

 F3 = 80 + 8P3 + 0.0049P3
2 P3 max= 250 MW

= 80 + 2000 + 306.25 = 2386.25

Hence, full load average production cost

= 
2386 25 12

250
. .×

 = 11.45 Rs./MWhr

Therefore, the priority list for the three units based on the average production cost is as
follows:

Unit Rs/MWhr Min MW Max MW

2 9.455 100 450

1 9.8455 160 600

3 11.45 50 250

Assuming the start-up cost, minimum up/down costs to be negligible, the unit
commitment scheme is as follows:
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Combination Min. MW from Max. MW from
combination combination

2 + 1 + 3 310 1300

2 + 1 260 1050

2 100 450

Note that there is variation in the functioning of unit commitment as discussed in this
example and that in example 24.1. In example 24.1, unit 2 was shut down at 600 MW leaving
unit 1 on to the busbar. However, in the scheme discussed here (priority list scheme) both the
units would be held on until load reached 450 MW, then unit 1 would be dropped and unit 1
will remain connected to the busbars.

Taking into consideration the cost associated with minimum up/down time of units,
start-up, the priority list is built around a simple shut-down algorithm as given here.

1. When the load is dropping at each hour, find out whether dropping the next unit on
the priority list will leave sufficient generation to meet the load demand and have
sufficient spinning reserve capacity. If yes, go to the next step. If no, continue operat-
ing as it is without dropping any unit.

2. Determine the number of hours H, before the unit will be required again i.e., assum-
ing that the load is dropping and it will pick up again some hours later.

3. If H is less than the minimum shut down time for the unit, allow the unit to remain
connected and go to last step. If not, go to next step.

4. Calculate the two costs. One is due to the hourly production costs for the next H
hours with the unit up. The other is the unit down cost plus the cost associated with
the start-up cost (cold unit) or start-up banking and see whichever is less expensive.
If there is sufficient savings from shutting down the unit, it should be shut down,
otherwise keep it committed to the system.

5. Repeat the entire procedure for the next unit on the priority list. If it is also to be
dropped, go to the next unit and so on.

The priority list method discussed above provides solution which takes into consideration
the full load  average cost rate, as the criterion for priority fixing gives good results only if
following assumptions hold good.

1. No load costs are zero.

2. The system is an unconstrained one.

3. Start-up costs are a fixed amount.

������ 
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The next method to consider solution of unit commitment problem is dynamic programming.
In this method following assumptions are made.

1. The start-up cost of a unit is assumed to be constant and is independent of the time it
has been off-line.

2. Shutting down cost of a unit is zero.
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3. There is a definite priority order of units and is such that in each interval of time a
specified minimum amount of capacity must be operating.

It is to be noted that unit commitment table is to be obtained for the complete load cycle.
If the load increases in small but finite size steps, perhaps dynamic programming method is
better as compared to other methods as this requires a fewer unit combinations to be tried and
for optimal unit commitment the solution of equations due to equal incremental production
cost strategy is not required.

In order to prepare optimal unit commitment table, the known quantities are: total no.
of units, their minimum and maximum permissible outputs, the cost characteristics of individual
units and hour to hour load cycle. Also, it is assumed that the load on each unit or combination
of units changes in suitably small step sizes and uniformly. The dynamic programming is
based on designing a recursive formula and it is proceeded as follows.

We start with any two arbitrarily selected units, the most economic combination is
obtained for all the discrete loads of the combined output of the two units. For each load, the
economic strategy would be to run either unit or both the units sharing loads economically
between them. The most economic cost curve in discrete form for the two units thus obtained
can be considered as the cost curve of a single equivalent unit. The third unit is now added and
the procedure is repeated. For this the first two units are to be treated as a single unit as we
have already prepared a composite cost characteristic for the two units and hence no combination
of third unit with first or second is to be tried again. Therefore, considering the composite cost
characteristic of the first two units and the cost characteristic of the third unit, for different
loading, the cost characteristics of the three combined units is obtained. Thus this procedure
results in considerable saving in computational effort. This procedure of adding one unit and
determining the cost characteristic of the new combination is obtained till all the available
units have been taken into account. The advantage of the dynamic programming algorithm is
clear that if we know the optimal way of loading n units, it is easy to determine the procedure
for optimal loading of (n + 1) units.

Suppose we define the cost function FN(x) as follows:

 FN (x) = Minimum cost in Rs/hr of generating x MW by N units.

and fN (y) = Cost of generating y MW by the Nth unit.

FN (x – y) = The minimum cost of generating (x – y) MW by the remaining units (N – 1).

Therefore, the application of dynamic programming algorithm results in the following
recursive relation

FN(x) = min
y

 {FN–1(x – y) + fN(y)} (24.1)

From the above recursive relation it is easy to find out the combination of units, which
will result in minimum operating cost for loads varying in small steps from the minimum
permissible load of the smallest unit to the sum of the maximum permissible capacities of all
available units. Therefore, with this procedure the total minimum operating cost and the load
shared by each unit of the optimal combination are automatically obtained for each load.

Example 24.4: Let us illustrate the application of dynamic programming for preparing
an optimal unit commitment table for a sample system. The cost-characteristics of the first
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two units given in example 24.1 are reproduced here. The constant costs of the two units are
eliminated as these will form a constant figure for every loading when the two units are
simultaneously committed to provide the load.

 F1 = 7.1P1 + 0.00141P1
2 Pmin = 160 MW   Pmax = 600 M

 F2 = 7.8P2 + 0.00195P2
2   P2 min = 100 MW P2 max = 450 MW

Taking into consideration, the equal incremental production cost and also the minimal
loading of the two units we proceed with a load of 500 MW and find out using dynamic
programming the unit commitment of the two units.

Now F1(500) = f1(500) = 7.1 × 500 + 0.00141 × 5002 = 3902

Since min. power output of second unit is 100 MW, therefore we find

 F1(400) + f2(100) = 2840 + 225.6 + 780 + 19.5 = 3865.

Similarly F1(380) + f2(120) = 2698 + 203.6 + 936 + 28.08 = 3865.68

Next F1(360) + f2(140) = 2556 + 182.7 + 1092 + 38.2 = 3868

Therefore, for a load of 500 MW, the load commitment on unit 1 is 400 MW and that on
2 is 100 MW which gives minimum cost. Any other combination gives higher cost. So this is one
point on the combined cost characteristic of the two units. Next we increase the load by 50 MW
and make the load 550 MW.

If we load unit 1 which is more economical as compared to unit 2, the total cost is

F1(550) = 3905 + 426.5 = 4331.5

However, if we distribute a part of load to unit 2, say we calculate

F1(450) + f2(100) = 3195 + 285.5 + 780 + 19.5 = 4280

 F1(400) + f2(150) = 2840 + 225.6 + 1170 + 43.8 = 4279

F1(350) + f2(200) = 2485 + 172.7 + 1560 + 78 = 4295

Therefore, another point on the combined cost characteristic is F1(400), f2(150) with cost
Rs. 4279/-. The cost for a few more loading  (higher) can be tried and optimal unit commitment
can be obtained. Using these discrete points, a suitable curve fitting, a square or cubic
interpolation can be obtained and the curve can be stored for future application.

Next the procedure is repeated by including third unit. As mentioned earlier, there is no
need to combine third unit with 1st or 2nd unit, as the first two units are already combined
into a single unit and cost characteristic has already been obtained.

The new cost characteristic for different loading is obtained using the procedure as
outlined  for the first two units. This procedure is repeated for all the N units in the plant.

Once economic unit commitment table is prepared for all units in the plant, as the load
on the plant changes, it would only require changes in starting and stopping of units.

������ �$��$#� �� '$($���#�� �!�"

The dynamic programming method of obtaining unit commitment solution has some difficulties
especially for large power system with large number of units as this forces the dynamic
programming solutions to search over a small number of commitment states to reduce the
combinations which must be tried in each time interval.
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In Lagrange relaxation method even though these disadvantages are not there but it
has it’s own computational complications which must be looked into carefully.

Since it is a unit commitment problem, there are two possibilities for a unit whether it is
connected to the bus bar or not at a particular instant of time. We define a variable.

Ui
t = 0 if unit i is off-line during interval t

= 1 if unit is on-line during interval t.

Since, the Lagrangian relaxation takes into account the equality and inequality
constraints on the system alongwith the main objective function. These are defined as follows:

1. Equality or loading constraint

P P Ut

i

N

i
t

i
t

load −
=
∑

1

.  = 0 for t = 1, 2, ... T

2. Inequality constraints on active power generation of units

U P P U Pi
t

i i
t

i
t

i
min max≤ ≤  for i = 1, 2, ... N and t = 1, 2, ... T

where T is the total cycle period.

It is to be noted that a few more constraints in the form of generator fuel limit constraints,
spinning reserve constraints etc. could be added if required.

3. Unit minimum up and down-time constraint.

4. The objective function

Min 
t

T

i

N

i i
t

i tF P
= =
∑ ∑ +

1 1

[ ( ) ],start-up cost  U F P Ui
t

i
t

i
t= min [ ( )] (24.2)

The augmented objective function or Lagrange function is given as [(similar to what we
did in chapter XIX) under load dispatch]

Min L [P, U, λ] = Min F( ) ( )P U P P Ui
t

i
t

t

T
t t

i

N

i
t

i
t+ −

= =
∑ ∑

1 1

λ load (24.3)

For optimal unit commitment, the objective is to minimise the Lagrange function subject
to the constraints listed at 2 and 3. It is to be noted that when the power balance equation at 1
is satisfied, the minimum of Lagrange function coincides with the minimum of the objective
function listed at 4.

The cost-function in (24.2), the inequality constraints at (2) and unit commitment up
and down costs for individual units are independent of rest of the units. However, the equality
constraints i.e., the power balance equation, the generated powers of all units are interlinked
i.e., if power of one unit is changed, the power generated by other units will also change.

The unit commitment problem defined above is solved using Lagrangian relaxation
method wherein the equality constraints are ignored (relaxed) to begin with and dual
optimisation procedure is adopted.
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In this procedure, attempt is made to reach the constrained optimum by maximising
the Lagrangian with respect to λ, the Lagrangian multiplier, while minimising with respect to
the other variables i.e.,

 q*(λ) = max
λt

 q(λ)

where  q(λ) = min L
P Ui

t
i
t

 (P, U, λ )

The procedure given above is summarised here.

1. Determine λt in each iteration so that q(λ) increases. It is to be noted that λ will have
different values during different intervals of time.

2. Having obtained optimum value of λt in step 1, we keep its value fixed and we obtain
the minimum value of Lagrangian by varying power generation Pi

t and Ui
t i.e., whether the

unit i is committed or not.

Suppose we have obtained an optimum value of λt, the procedure to be followed for
minimising the Lagrangian is as follows:

We rewrite the Lagrangian as

L = 
t

T

i

N

i i
t

i tF P
= =
∑ ∑ +

1 1

[ ( ) ],start-up cost  Ui
t + 

t

T
t t

i

N

i
t

i
tP P U

= =
∑ ∑−

�

�
�

�

�
�

1 1

λ load

This is rewritten as

L = 
t

T

i

N

i i
t

i tF P
= =
∑ ∑ +

1 1

[ ( ) ),Start-up cost  Ui
t + ∑ ∑ ∑−

= =

λt t

t

T

i

N

i
t

i
tP P Uload

1 1

The term ∑ λt tPload  above is constant as both λt and Pt
load  are constants and hence this

term can be eliminated.

Therefore, the Lagrangian is given as

Min L = 
i

N

t

T

i i
t

i t i
t t

i
t

i
tF P U P U

= =
∑ ∑ + −
�

�
�

�

�
�

1 1

{[ ( ) ] },start-up cost λ

From the above it is clear that for i = 1 i.e. unit 1, we consider its commitment optimally
for t = 1, to t = T, i.e., we have separated the units from one another.

i.e., Min 
t

T

i i
t

i t i
t t

i
t

i
tF P U P U

=
∑ + −

1

{[ ( ) ] },start-up cost λ

The minimum of the Lagrangian is the minimum cost of generation of each unit summed
up over the complete time period i.e.,

Min q(λ) = 
i

N

i

T

i i
t

i t i
t t

i
t

i
tF P U P U

=
∑ ∑ + −

1

Min start-up cost
=1

{[ ( ) ] }, λ  subject to
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 U P P U Pi
t

i i
t

i
t

i
min max≤ ≤  for t = 1, ... T

and the cost associated with up and down-time constraints.

This problem can be solved as a dynamic programming problem in one variable. For a
particular unit if Ui

T = 0 i.e., the unit is not committed, its contribution to cost is zero. However,
if Ui

t = 1, the function to be minimized is Min [Fi(Pi) – λtPi
t]. The start-up cost is not included as

it is independent of the power to be generated.

The condition for minimum of this function is obtained by equating the first derivative
of the function to zero.

d

dPi
t  [Fi(Pi) – λtPi

t] = 
d

dPi
 Fi (Pi

t) – λt = 0

Here λt is known and hence Pi
opt can be calculated.

Depending upon the value of Pi
opt we obtain, there are three possibilities considering

the inequality constraints on active power generation of the units.

1. Pi
opt  ≤ Pi

min, then Min [Fi(Pi) – λt Pi
t]  = Fi(Pi

min) – λtPi
min

2. Pi
min ≤ Pi

opt ≤ Pi
max, then Min [Fi(Pi) – λtPi

t] = Fi(Pi
opt) – λtPi

opt

3. Pi
opt ≥ Pi

max, then Min [Fi(Pi) – λtPi
t] = Fi(Pi

max) – λtPi
max

The solution of the two-state dynamic program for each unit proceeds in the same way
as was done in the dynamic programming solution of the unit commitment problem in the
previous section.

It is to be noted that in the unit commitment problem the dynamic program must take
into account the start-up and shut down costs of individual units and the start up and down
time constraints.

It is to be noted that λ is not a single number but it is a vector of values each of which
should be adjusted during every iteration. The improved value of λ is given as

 λt = λt + α 
dq

d
( )λ
λ

�
�	



��

where α is a parameter which is usually less than unity and is selected such that it changes λ
by a small amount. The new value of λ should increase the function q(λ). When the largest
value of q(λ) is obtained we define the convergence criterion of the overall Lagrangian relaxation
technique by what is known as relative duality gap i.e., t = (J* – q*)/q* where q* is the maximum
value of q and J* is defined as follows.

Once each hour has enough generation committed i.e., once dynamic programming has
been used to get the unit commitment schedule when enough generation has been committed,
the primal value J* represents the total generation cost summed over all hours as calculated
by the economic dispatch. When the relative duality gap is less than a prespecified value the
computation process is terminated and the optimal unit commitment scheduled is obtained.
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The flowchart for the Lagrange relaxation unit commitment algorithm is shown in
Fig. 24.2.

Start

Assume suitable values for
t = 1, ..., T and

�

�

t

Set K = 0

Set n = 1

Using dynamic programming with two states and

T stages solve for P and U for all t = 1, ... Ti
t

i
t

n = n + 1

Check if
all accountedunits

Determine the dual value q*( )�
t

Solve for the economic dispatch for each
hour using the units committed in that
hour and calculate the primal value J*
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Print the schedule after making suitable
adjustments to unit commitments

Yes

Update
for all t

�
t

No

Yes

K = K + 1

No

Stop
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Following useful observations have been made about the dual optimisation technique
when applied to the unit commitment problem:

1. For large power systems the relative duality gap criterion can be used for solution of
optimal unit commitment problem. The larger the size of the system the smaller is the gap
acceptable for convergence of the computation process.

2. When the convergence criterion is satisfied, the schedule so obtained is not necessarily
a feasible schedule.
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3. The convergence is unstable  at the end which means that some units are being switched
in and out and the process does not stabilise.

The duality gap is large at the beginning and becomes progressively smaller as the
iterations increase. The solution provides unit commitment schedule with sufficient generation
from the units so that an economic load dispatch schedule can be obtained.

)����	�

24.1. Explain what you mean by unit commitment and how does it differ from economic load dispatch
problem?

24.2. Discuss briefly various constraints imposed while solving unit commitment problem.

24.3. Discuss the importance of spinning reserve requirements in the solution of unit commitment-
problem.

24.4. Discuss briefly the cold start-up cost and banking costs when referred to a thermal plant.

24.5. Explain briefly different methods of solving the unit commitment problem.

24.6. Explain with the help of a flowchart the Lagrange relaxation technique for solution of optimal
unit commitment problem.
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In a large interconnected power system various sources of electric energy e.g., thermal, hydro,
nuclear etc. are interconnected and attempt is made to optimise the operation of the system in
terms of cost of generation to meet a certain load. However, here we will restrict our analysis
for a hydro thermal interconnection.

The capital cost involved in a thermal power plant is much smaller as compared to a
hydrostation while the running cost or operation cost for a thermal power plant is very high
whereas it is practically zero for a hydroplant. In an interconnected system for a certain load
duration curve, the thermal plant is used as a base load plant whereas a hydro plant is used to
meet the peak portion of the curve. This approach is used as the hydro plants can be brought to
bus bar very fast in a few minutes, they have higher reliability and greater speed of response
and hence they can take care of fluctuating loads more efficiently and hence these are used for
peak load demand whereas thermal plants which have a higher starting time in terms of hours
and have slow speed of response are used as base load plants.

The main cost of operation of hydrothermal plants is the cost of fuel used in the thermal
plants as the cost of water for hydroplant is negligible as compared to thermal plant. Hence
the problem is to find the generation of both hydro and thermal power plants such that the
total cost of generation to meet the load demand and transmission losses is minimum. We are
considering here this as a short range problem and hence there will not be any appreciable
change in the level of water in the reservoir during the interval and hence the head of water in
the reservoir of the hydro plants will be assumed to be constant during the interval i.e., the
period of study. However, specified quantity of water qi must be utilised within the interval at
each hydroplant.

���

��������������� ��!��"�	#�$�%��$�& 
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The problem of economic scheduling of hydrothermal plant can be considered as one of
minimising the cost of fuel of thermal plants subject to the constraint of water availability for
hydrogeneration over a given period of operation i.e., the problem is to determine q(t) the
water discharge in m3/sec so as to minimise the cost of thermal generation

Min FT = ∑ F Pn T( ) (25.1)

subject to

(i) The power balance equality

PT + PH – PD – PL = 0 (25.2)

(ii) Water availability

W ′(T ) – W ′(0) – 
0

T

iW t� ( ) dt + 
0

T
q t� ( ) dt (25.3)

where W′(T) and W ′(0) are the storage at the end of the optimisation interval and at the
beginning of the interval, Wi(t) is the water inflow rate and q(t) the water discharge rate. PT
and PH are thermal and hydrogeneration respectively and PD and PL are total load demand
and system loss respectively.

(iii) The hydrogeneration PH is a function of the rate of discharge and water storage or
head i.e.,

PH = f (W′(t), q(t)) (25.4)

We solve this problem by dividing the total time interval T into M subintervals each of

time 
T
M

 = ∆T. This is done to simplify the analysis as we assume that during each subinterval,

all the variables remain fixed. The problem is therefore, redefined as

Min
q m mm ( , ...... )= 1

 
m

M

T
mF P

=
∑

1

( ) (25.5)

subject to the operating constraints
(i) Power balance equation

PT
m + PH

m – PL
m – PD

m = 0 (25.6)

where the superscript m indicates the quantity during mth interval.

(ii) Water availability equation

Wm – Wm–1 – Wi
m + qm = 0 (25.7)

where Wm = W ′m/∆T and Wm and Wm–1 are the specified storages at the beginning and end of
the optimisation interval. Wi

m and qm are water inflow and water discharge in the mth interval.

(iii) Hydrogeneration in any sub interval can be expressed as

PH
m = h0 {1 + 0.5 e (W′m + W′m–1)} (qm – ρ) (25.8)

where h0 = 9.81 × 10–3 h0′
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h0′ is the height of the storage tank
(W ′m + W ′m–1)/2 is the average additional height due to storage of water.

e is the water head correction factor to account for head variation with storage. ρ is the water
discharge required to run hydrogenerator at no load.

The factor 9.81 is to account for the gravitation effect on the fall of water on turbine
blades (mgh).

In hydrothermal economic scheduling we take water discharge in all sub-intervals except
one as independent variables whereas the hydro, thermal generation, and water storages in
all subintervals are treated as dependent variables. The water discharge in one of the
subintervals is taken as a dependent variable as the sum total of discharges is a prespecified
value and hence, out of the total discharge, the sum of discharges during (M – 1) intervals will
give the desired available discharge and one of the discharges is taken as dependent variable.
Usually q1 is chosen as a dependent variable and hence equation (25.7) corresponding to water
availability can be rewritten as

q1 = W 0 – WM + 
m

i
m

m

M
mW q∑ ∑−

=2

(25.9)

The problem of economic hydrothermal scheduling is handled by making use of
Lagrangian multiplier. Here the original objective function given by equation (25.5) is
augmented by the addition of the equality constraints alongwith Lagrangian multiplier. The
Lagrangian multiplier associated with hydrogeneration converts the water consumption in
m3/hr to the cost in Rs/hr. which is termed as water value or water worth.

The augmented cost function is given as
F = ∑ [Fn (PT) – λ1

m (PT
m + PH

m – PL
m – PD

m) + λ2
m (Wm – Wm–1 – Wi

m + qm)
+ λ3

m {PH
m – h0(1 + 0.5 e(W 1m + W1m–1) (qm – ρ)} (25.10)

The Lagrangian multipliers can be obtained differentiating the augmented function
w.r. t. dependent variables and equating it to zero.

∂
∂

F

PG
m  = 

∂
∂

λ
∂
∂

F P
P

P
P

T T

G
m

m L
m

T

( ) − −
�
�
�

��

�
�
�

��
1 1  = 0

or  
∂

∂
λ

∂
∂

F P

P

P
P

T T

G
m

L
m

T

( )
+ 1  = λ1

m (25.11)

This is the coordination equation as obtained in equation (19.6) of this book.

∂
∂

λ λ
∂
∂

F
P

P
PH

m
m L

m

H
m= − −

	


�
�

�
3 1 1  = 0

or λ1
m ∂

∂
λ λ

P

P
L

m

H
m

m m= −1 3
(25.12)

and  
∂

∂
F

W m  = λ2
m – λ2

m+1 – λ3
m {0.5 h0e(qm – ρ)} – λ3

m+1 {0.5 h0e (qm–1 – ρ)}

(25.13)
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Now using equation (25.9) in equation (25.10) and differentiating w.r.t. dependent
variable q′s we have

∂
∂
F
q′

 = λ2′ – λ3′ h0 {1 + 0.5 e (2 W 0 + Wi
1 – 2q1 + ρ)} = 0 (25.14)

Following procedure is used to obtain Lagrangian multipliers
(i) λ1

m from equation (25.11)
(ii) λ3

m from equation (25.12)
(iii) λ2′ from equation (25.14) and other values of λ2

m (m ≠ 1) from equation (25.13)
For minimisation of the augmented function we differentiate the function with respect

to the independent variable and obtain the gradient vector which should be zero if there are no
inequality constraints

 
∂

∂
F

qm
m≠1

 = λ2
m – λ3

mh0 {1 + 0.5e (2Wm–1 + Wi
m – 2qm + ρ)} (25.15)

For optimality the gradient vector should be zero.
The algorithm for the hydrothermal economic scheduling problem is given as follows:
1. Assume initial solution qm (m ≠ 1) for all subintervals except the first.
2. The dependent variables Wm, PH, PT and q1 are obtained using equations (25.7),

(25.8),(25.6) and (25.1) respectively.
3. The Lagrangian multipliers λ1

m, λ3
m, λ2

m (m ≠ 1) and λ2
1 are obtained using equation

(25.11), (25.12), (25.14) and (25.13).
4. The gradient vector using equation (25.15) is calculated and checked if all its ele-

ments are equal to zero within a prespecified accuracy. If yes, the optimal solution is
reached, we go to step 5.

5. Obtain new values of independent variables as follows

qm
new ≈ q

m
old  ~ α 

∂
∂

F

qm

	


�
�

� m ≠ 1 (25.16)

where α is a positive scalar. Go back to step (2).
It is to be noted that while optimisation process is carried during any iteration, if any of

the independent variable violates its lower or upper limit it is fixed to the corresponding limit
for that iteration. However, a general optimal power flow problem is being discussed in the
next section where a comprehensive procedure for handling the equality and inequality
constraints has been discussed.

Example 25.1: We now take up a simple hydrothermal system consisting of one thermal
plant and one hydroplant and a load as shown in Fig. E.25.1(a) to illustrate the procedure for
economic scheduling.

The load curve is shown in Fig. E.25.1(b). There is no water inflow into the reservoir of
the hydroplant. The initial water storage in the reservoir is 120 m3/sec and the final water
storage should be 50 m3/sec. Basic head h0′ = 20 m; water head correction factor  e = 0.006; ρ =

2 m3/sec and incremental production for thermal plant is 
dF
dP

T

T
 =  PT + 20 Rs./MWhr. Neglect

transmission losses.
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 Solution. The total water available for hydrogenerator is

GT GH

Load

8 16 24

8 MW

12 MW

7 MW

�������������� ��������������

120 – 50 = 70 m3/sec.

Since there are three subintervals, there are two independent variables q2 and q3.

Let q2 = 25 and q3 = 25 m3/sec.

Hence q1 = 70 – (25 + 25) = 20 m3/sec.

It is given that   W0 = 120 m3/sec. and W3 = 50 m3/sec.

From equation (25.7) and since Wi water inflow is zero

W1 = W0 + Wi
1 – q1 = 120 + 0 – 20 = 100 m3/sec

W2 = W1 + Wi
2 – q2 = 100 + 0 – 25 = 75 m3/sec.

Now using equation (25.8) hydrogeneration for the subintervals can be calculated as
follows

 PH
1 = 9.81 × 10–3 × 20 [1 + 0.5 × 0.006 (120 + 100)] (20 – 2)

= 9.81 × 10–3 × 20 × 1.66 × 18 = 5.86 MW

 PH
2 = 9.81 × 103 × 20 [1 + 0.5 × 0.006 (100 + 75)] × 23

= 9.81 × 10–3 × 20 × 1.825 × 23 = 8.235 MW

 PH
3 = 9.81 × 10–3 × 20 [1 + 0.5 × 0.006 (75 + 50)] × 23

= 9.81 × 10–3 × 20 × 1.325 × 23 = 6.2 MW

Therefore, thermal generation during three intervals is

PT
1
 = 8 – 5.86 = 2.14 MW

PT
2 = 12 – 8.23 = 3.77 MW

PT
3 = 7 – 6.2 = 0.8 MW

Now  
dF
dP

T

T
 = PT + 20 = λ1

m

The value of λ1 for the three intervals
 λ1

1 = 20 + 2.14 = 22.14, λ1
2 = 20 + 3.77 = 23.77

and λ1
3 = 20.8

Since transmission losses are neglected, dP
dP

L

H

 is zero and hence from equation (25.12)

 λ1
1 = λ3

1 = 22.14, λ1
2 = λ3

2 = 23.77

and λ1
3 = λ3

3 = 20.8
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Now from equation (25.14)

 λ2
1 = λ3

1 h0[1 + 0.5e (2W0 + Wi
1 – 2q1 + ρ)]

= 22.14 × 0.1962 [1 + 0.5 × 0.006 (240 + 0 – 40 + 2)]

= 22.14 × 0.1962 × 1.6 = 6.976

From equation (25.13) for m = 1 and 2, we have

λ λ λ2
1

2
2

3
1− −  {0.5 h0e (q1 – ρ)} – λ3

2 {0.5 h0e (q2 – ρ)} = 0

or  λ2
2 = λ λ2

1
3
1−  {0.5 h0e (q1 – ρ)} – λ3

2 {0.5 h0e (q2 – ρ)}

= 6.976 – 22.14 {0.5 × 0.1962 × 0.006 × 18} – 23.77 {(0.5 × 0.1962 × 0.006 × (25 – 2)}

= 6.976 – 22.14 × 0.01 – 23.77 × 0.0135

= 6.976 – 0.22 – 0.32 = 6.4

Similarly for m = 2

 λ2
3 = λ2

2 – λ3
2 {0.5 h0e (q2 – ρ)} – λ3

3 {0.5 h0e (q3 – ρ)}

= 6.4 – 23.77 {0.5 × 0.1962 × 0.006 × 23} – 20.8 {0.5 × 0.1962 × 0.006 × 23}

= 6.4 – 0.32 – 0.28 = 5.8

The gradient vector is obtained using equation (25.15) for m = 2 and m = 3

 
∂
∂

F
q2  = λ2

2 – λ3
2h0 {1 + 0.5 × 0.006 (2 × 100 – 2 × 25 + 2)}

= 6.4 – 23.77 × 0.1962 {1 + 0.456} = 6.4 – 6.79 = – 0.39

 
∂
∂

F
q3  = λ2

3 – λ3
3h0 {1 + 0.5 × 0.006 (2W2 + 0 – 2q3 + ρ)}

= 5.8 – 20.8 × 0.1962 {(1 + 0.5 × 0.006 (2 × 75 – 2 × 25 + 2)}

= 5.8 – 5.3 = 0.5

Since the gradient vector is not a null or near null vector, we will have to go through
second iteration. However, the values of the independent variables at the start of the second
iteration will be obtained using equation (25.16). Usually an optimal value of α should be
selected which comes only after some experience of working on the system. Let us take α = 0.4

 qnew
2  = qold

2
 – α 

∂
∂

F

q2
 = 25 – 0.4 (– 0.39) = 25.156 m3/sec

 qnew
3  = qold

3  – α 
∂
∂

F
q3  = 25 – 0.4 × 0.5 = 24.8 m3/sec.

Hence q1 = 120 – 50 – (25.156 + 24.8) = 20 m3/sec.

From the load curve and the values of discharges obtained at the end of the first iteration,
it can be seen that we are moving in the right direction as q2 corresponding to load 12 MW has
increased whereas that for q3 and load 7 MW, q3 has decreased.

In fact it is desirable to have the initial discharges q2 and q3 keeping in mind the
corresponding loads, thereby, perhaps the computation effort can be reduced.
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The solution of the necessary conditions as derived from the Lagrangian gives the
optimum strategies for economic load dispatch. The success of the problem depends upon a
prudent grouping of the equations and methods of solving them. The formulation of the problem
involves a large number of variables, the program logic used for its solution is also complex.
The method of solution is quite cumbersome and time consuming.

���� 	������	������	�

Since the equations describing the power system are inherently non-linear in nature, it is only
through nonlinear programming techniques that the economic dispatch aspect of the system
can be studied accurately. Carpentier was the first to formulate rigorously an exact optimisation
problem using NLP techniques taking into consideration the system equality and inequality
constraints. The problem is based on Lagrange Kuhn-Tucker formulation. This method has
been applied for hydrothermal economic scheduling as discussed in the previous article. It is
found that the method is quite cumbersome and time consuming. A brief view of the technique
is given here under.

The optimisation problem using Kuhn-Tucker conditions is presented as follows.

Min f(x)

Subject to hi(x) = 0; i = 1, ... n (25.17)

and gj(x) ≤ 0; j = 1, ... N (25.18)

where n is the no. of equality constraints and N is number of inequality constraints.

The Lagrangian function is formulated as

L(X, λ, µ) = f(X) + 
i

n

=
∑

1

λihi(X) + 
j

N

j jg
=

∑
1

µ (X) (25.19)

In order for Lagrangian function to be minimum, the conditions to be satisfied are

1.
∂
∂
L

Xi
 (X, λ, µ) = 0 for i = 1, ... N.

where N is the number of variables.

2. hi(X ) = 0

3. gj(X ) ≤ 0

4. µj gj (X ) = 0

 µj ≥ 0

The first condition is that for f(X) to be optimum, the partial derivative of the augmented
function or Lagrangian functions should be zero. The second and third conditions are the
associated equality and inequality constraints which must be satisfied at the point of optimum.
The further condition known as the complimentary slackness condition gives a definite
mathematical tool to handle the problem of hard and soft inequality constraints. If the product
µjgi(X) equals zero, either µj is zero or gj(X) = 0 or both are equal to zero.
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If µj is equal to zero, gi(X) is free to be nonbinding ( flexible); if µj is positive, then gi(X)
must be zero. Thus by looking at µj it is possible to find out whether the inequality constraint
is binding or not.

To illustrate Kuhn Tucker equation consider the following problem.

 Min. f(x1, x2) = 0.5 x1
2 + 2x2

2

 h(x1, x2) = 4 – x1 – x2 = 0

and g(x1, x2) = x1 + 0.25 x2 – 2 ≤ 0

First we write the Lagrangian equation

L(x1, x2) = f(x1, x2) + λ h (x1, x2) + µg(x1, x2)

= 0.5 x1
2 + 2x2

2 + λ (4 – x1 – x2) + µ (2x1 + 0.5x2 – 4)

The first condition (partial derivatives to be zero)

∂
∂
L

x1
 = x1 – λ + µ = 0

and
∂
∂
L
x2

 = 4x2 – λ + 0.5 µ = 0

The second condition

4 – x1
 – x2 = 0

The third condition

 x1 + 0.25 x2 – 2 ≤ 0

The fourth condition gives

µ(x1 + 0.25 x2 – 2) = 0

µ ≥ 0

It is to be noted here that the Kuhn Tucker conditions provide only necessary conditions
to obtain an optima. It does not suggest any procedure to be followed to obtain the optima. In
order to solve the problem we will have to try various solutions and we accept that solution
which satisfies all the four conditions.

Suppose we start with µ = 0 which implies that g(x1, x2) can be less than or equal to zero.

If µ = 0, conditions 1 and 2 give

x1 – λ = 0 4x2 – λ = 0

x1 + x2 = 4

 λ + 
λ
4

 = 4 or
5
4
λ

 = 4

or  λ = 
16
5

 = 3.2

Hence x1 = 3.2 and x2 = 0.8

Substituting x1 and x2 in the third condition

 3.2 + 0.25 × 0.8 – 2 = 1.4 /≤ 0
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Now let us take µ > 0, in which case the inequality must be equal to zero and hence
using condition 2 and 3 we have

 x1 + x2 = 4

 x1 + 0.25 x2 = 2

x1 = 
4
3

 and x2 = 
8
3

Substituting these values in condition 1, we have

4
3

 – λ + µ = 0 or  λ – µ = 4/3

4 × 
8
3

 – λ + 0.5 µ = 0 λ – 0.5µ = 
32
3

0.5 µ = 
28
3

or µ = 
56
3

and λ =  
4
3

 + 
56
3

 = 
60
3

 = 20

The fourth condition

56
3

 
4
3

8
3

1
4

2+ × −	

�

�
�

 = 0 is thus satisfied.

Dommel and Tinney have shown that Newton’s method of load flow can be extended to
optimal power flow solution feasible with respect to all relevant inequality constraints. The
main features of the method are the use of the penalty functions to handle the functional
inequality constraints and the application of the optimal gradient technique for actual
optimisation of the functionals. Except for the two difficulties i.e., step size in the gradient
process and the weighting factor for the penalty function, the method is very efficient since the
computational procedure is constructed around the fast Newton Raphson load flow program.

The formulation of this optimal power flow problem as suggested by Sasson is novel.
The voltages are taken as independent variables and the constrained problem of optimisation
is reduced to optimising a single unconstrained function using Zangwill’s transformation.

���� �	������	�������	�

The optimal power flow or optimal load flow (economic load dispatch) problem is to minimise
the cost of generation for a given load demand subject to certain system constraints (see article
19.1 for system constraints)

i.e., Min 
i

NG

i if C P
=
∑

1

[ ( )]

subject to the inequality constraints on the active and reactive power generations of the system,
the load voltages and the equality constraints of the load flow equations. NG is the no. of
generator. The inequality constraints are
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Pi min ≤ Pi ≤ Pi max i = 1, ... NG

Qi min ≤ Qi ≤ Qi max i = 1, .... NG

 Vi min ≤ Vj ≤ Vj max j = 1, ... NL

where NL is the number of load buses. The nodal voltages are taken as independent variables.
If there are n no. of buses, n = NL + NG, the total no. of independent variables is 2n, one n for
the real and another n for the imaginary parts of the nodal voltages. All the real and imaginary
parts of the nodal voltages can be represented by a column vector of (2n × 1) dimension.

[e1, e2, ... en, en+1 ... e2n]T ...

where e1 ... en are real parts and en+1 ... e2n are the imaginary parts of the n nodal voltages.

Let Vp = eP + jep+q and Ypq = Gpq – jBpq

where Vp is the calculated value of voltage at pth node.

Ypq is the nodal admittance between nodes p and q. The load flow equations defining the
equality constraints are written in terms of the real and imaginary components of voltages as

Kp = 
q

n

pe
=

∑
1

 (eqGpq + eq+n Bpq) + ep+n (eq+n Gpq – eq Bpq)  p = 1, 2 ... NL ... (25.20)

Dp = 
q

n

p ne
=

+∑
1

 (eqGpq + eq+n Bpq) – ep (eq+n Gpq – eqBpq) ... p = 1, 2 ... NL (25.21)

and  ep
2 + ep n+

2  – Ep
2 = 0 p = 1, ... NG . (25.22)

where Kp, Dp and Ep are the specified active power, reactive power and voltage at the pth node
respectively.

The inequality constraints for upper limit are expressed as

Pimax – Pi ≥ 0, Qimax – Qi ≥ 0, Vimax – Vj ≥ 0 ... (25.23)

Similarly, the inequality constraints for the lower limit are expressed as

Pi – Pi min ≥ 0, Qi – Qi min ≥ 0, Vj – Vj min ≥ 0 ... (25.24)

The optimal load flow problem can be rewritten as

Min f = 
p

NG

p
q

n

p q pq q n pq p n q n pq q pqC e e G e B e e G e B
= =

+ + +∑ ∑ + + −
�

�
�
�

�

�
�
�1 1

( ) ( ) (25.25)

subject to the constraint (25.20), (25.21), (25.22), (25.23) and (25.24)

The auxiliary function for unconstrained minimisation using Zangwills’ transformation
is

 F = f + 
i

m
i

i m

p
ih

r
g
r= = +

∑ ∑+
1

2

1

2

 ... (25.26)

where the terms within the summation signs include both equality and violated inequality
constraints and r is the penalty parameter. During the process of computation all the constraints
must be checked. The equality constraints are always to be taken into account for every iteration.
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However, during a particular iteration if it is found that some or all the inequality constraints
are satisfied, the ones which are satisfied are left out from the function F. Here hi and gi
represents equality and inequality constraints respectively.

After formulating the problem by Zangwill transformation where an original constrained
optimal power flow problem is transformed into an unconstrained optimal power flow problem,
the actual optimisation of F is carried out using Fletcher-Powell or Fletcher or any other suitable
non-linear optimisation technique. Fletcher Powell technique requires analytical expressions
for the gradients of the cost function f and the constraints hi(x) and gi(x)

∂
∂
F
x

 = 
∂
∂
f
x

h x
r

dh
dx

g
r

dg
dx

i

m
i i

i m

p
i i+ +

= = +
∑ ∑2 2

1 1

( )
 ... (25.27)

Fig. 25.1 shows flowchart for Fletcher Powell technique. The equivalence between power
system variables and ones given in FP technique are

X ↔ e, g → gradient 
∂
∂e

, H is known as Hessian matrix and is the inverse of second order

derivative matrix i.e. G–1 = H

Fletcher-Powell algorithm for optimisation is explained through the following steps.
The flow chart is also given here

1. Assume a point X0 and calculate g0. Take H 0 as the identity matrix to startwith.

2. Determine λ such that f(Xk – λkHkgk) is minimised in the direction of –Hkgk. Let αk be
that value of λk where f(Xk – λkHkgk) is minimised. Here αk is known as the step size
in the direction – Hkgk for minimisation.

3. Calculate

  Xk+1 = Xk – αkHkgk (25.28)

δk = Xk+1 – Xk (25.29)

yk = gk+1 – gk (25.30)

4. Update the matrix H using the relation

 Hk+1 = Hk + 
δ δ
δ

k k T

k T k

k k k T k

k T k ky
H y y H

y H y

( )
( )

( )
( )

− (25.31)

and go to step 2.

5. Repeat steps 2 to 4 until | δk | is less than a prespecified small tolerance.

It is to be noted that if the function to be minimised is quadratic positive definite, the
minimisation process terminates in at most n iterations where n is the no. of variables i.e., the
process is quadratically convergent.

In the above process of minimisation a prudent selection of two parameters, r the penalty
factor and α the step size, are very important from computational efficiency point of view.
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During each Zangwill iteration the value of r is changed uniformly according to

 rk+1 = trk

where k is Zangwill iteration and t is reduction factor. Usually for power system problems

r = 
1

20
 and t = 

1
100

 are found to work well.

Another critical factor is the step size and it is selected according to the following scheme

α = Min 
2 1

10
( )

,
| |

, .
EST F

g Hg HgT
−�

�
�

�
�
�Σ Σ

(25.32)

where EST is the initial estimate of the objective function, F is the value of the function in that
iteration.

From the above expression within the bracket it is clear that during the process of
optimisation any one of the three values inside the bracket is taken up by α depending upon
whichever is the minimum. It has been observed during the process of minimisation that α

takes the value 2 ( )EST F
g HgT

−
∑

 during the initial phase of minimisation when the total con-

straint violation is not large compared to the cost function; α = 
1

∑| |Hg
 during the middle

phase of optimisation when the magnitude of total constraint violation is quite comparable to
the cost function and finally during the last phase of optimisation α takes a value of unity.

The other techniques used for optimal power flow problem are direct search techniques.
The gradient methods in general, are quite promising and are faster than direct search
techniques because, gradient being strictly a local property of the function, better
approximations are possible. However, the gradient technique has the following disadvantages:

(i) The techniques can not be applied if the objective function is discontinuous and is
non-differentiable.

(ii) The first or second order derivatives require a relatively large amount of problem
preparation by the user before he introduces the problem into the algorithms.

Some of the direct search techniques are Nelder and Mead, flexible polyhedran etc. The
discussion about these techniques and algorithms for these techniques are not within the scope
of the book. However, a few references are given at the end which may prove to be quite useful
to the interested readers.

Again a very brief view of multi-objective  optimisation in power system is given here to
bring awareness to the readers that various operating strategies of power system are possible
and depending upon the requirements of a particular electric utility final decision can be made.

���� ������	������ ��	������	������	�

In general, a large scale power system possesses multiple objectives to be achieved. The ideal
power system operation is achieved when various objectives like, cost of generation, system
transmission loss, environment pollution etc. are simultaneously attained with minimum values.
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Since these operations are conflicting in nature, it is impossible to achieve the ideal
power system operation. These objectives cannot be handled by single objective optimisation.
The way out lies in a multi-objective, approach to problem solving. With single objective
optimisation e.g., cost of generation, the values of transmission loss or level of environmental
pollution may be intolerably bad. The utility would not be willing to accept such a solution.
The power system analyst has nothing else to present to the utilities to facilitate the decision
making process.

Multiobjective planning has the following advantages:
(i) Multiobjective programming and planning promotes more appropriate roles for the

participants in the planning and decision-making process.
(ii) A wider range and alternatives are usually identified.

(iii) The power system analyst’s perception of a problem will be more realistic if many
objectives are considered.

A general rule for decision making is that more information carefully presented is better
than less information. The decision to accept or reject a single optimal alternative is an un-
informed decision. Informed decision making requires a knowledge of full range of possibilities
provided by multiobjective analyst. Here formulation of multiobjective optimal power flow
problem is given. Some of the techniques being used for its solution will be listed but not
discussed as it is not within the scope of the book.

���! �	������	�������	�

The three aspects of the optimal power flow problem considered are

(i) to minimise the cost of generation

Fc =  
i

NG

i iF C P
=
∑

1

[ ( )] (25.33)

where Pi is the active power generation at the ith generator, Ci is the cost of generation for the
ith generator and NG is the total no. of generators in the system.

(ii) to minimise the system transmission loss.

The objective function to minimise loss is given as

 FL = 
p

n

pP
=

∑
1

(25.34)

where Pp is the active power injected at the pth node and n is the total no. of nodes in the
system.

(iii) to minimise the environmental pollution

The objective function to minimise pollution is given as

 Fp = 
i

NG

i iF S P
=
∑

1

[ ( )] (25.35)

where Si is the amount of pollution in terms of oxides of nitrogen emission for the ith generator.
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The overall function F is formulated as the weighted sum of FC, FL and Fp using Priority
Goal Programming technique and is given as

 F = WCFC + WLFL + WPFP (25.36)

where WC is the priority given to cost of generation, WL the priority given to transmission loss
and WP is priority given to pollution.

So the objective to minimise F is subject, of course, to the equality and inequality,
constraints as discussed in the previous article.

Some of the multiobjective techniques are listed here

1. Weighting Method (as given above)

2. Non-inferior Set Estimation Method

3. Minimum Distance Method

4. Surrogate Worth Trade-off Technique

5. Sequential Goal Programming

We now consider the optimal weight method in a bit detail considering cost of generation
and transmission losses. The objective is

F = WCFC + WLFL (25.37)

The weights Wc and WL represent a trade off between the two objectives FC and FL. The
trade-off depends on the range of the objective functions that each weight is implicitly
representing. Weights can be used to determine the target-point which will depend on the
decision maker’s willingness to specify the weights. Here we try to explore the relation between
the range of each objective i.e., the cost of generation and transmission losses and its weights.
The objective function is rewritten as

 F = FC + FL (ignoring the unit of FC and FL) (25.38)

In order to scale the function we multiply FC by the range RL of transmission losses FL
and multiply FL by the range RC of the cost of generation FC i.e.,

 F = RLFC + RCFL (25.39)

In order to normalise this function we divide throughout by RL

F
RL

 = FC + 
R
R

C

L
 FL (25.40)

Comparing the above equation with equation (25.37) it is found that WC = 1 and WL =
RC/RL i.e.,

WL = R
R

F F

F F
C

L

C C

L L
=

−
−

min

min

(25.41)

where FC and FL are the cost of generation and system transmission losses obtained at any
randomly selected weight, FC min is the minimum value of cost of generation obtained by setting
WC = 1 and WL = 0 and FL min when WC = 0.0 and WL = 1.0.

If the decision maker is made aware of the relation between range of objective functions
and the weights associated with them, this leads to reliable methods of assessing preferences.
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The optimal value of WLopt is obtained as follows:

 WLop = 
F F

F F
C F C

L F L

L

C

at

at

min

min

min

min

−

−

where FL FCat min
 is the value of FC at FL min and FL FCat min

 is the value of transmission losses

obtained at FC min.

And at each solution USC (Unit saving in cost of generation) and USL (Unit saving in
loss) are evaluated which are defined as

 USC = 
( )

( )
min

min min

F F

F F
C F C

C F C

L

L

at

at

−

−

where ( )
min minF FC F CLat −  is MPSC maximum possible saving in cost of generation.

Similarly  USL = 
( )

( )
min

min min

F F

F F
L F L

L F L

C

C

at

at

−

−

where ( )
min minF FL atF LC

−  = MPSL maximum possible saving in transmission losses.

At WLopt USC and USL are equal.

Table 25.1 Results of MOPF studies (5-bus system)

FC FC(W/L) FL

S. No. WC WL $/hr. $/hr. MW USC USL

1 1.00 0.00 760.95 760.95 5.18 1.00 0.00

2 0.00 1.00 764.43 764.43 5.01 0.00 1.00

3 1.00 20.81 761.82 761.82 5.05 0.75 0.75

Table shows results for the 5 bus IEEE system where it can be seen in the third row that USC
and USL are equal and each equal 0.75 when WC = 1 and WLop = 20.81.

Next we discuss here very briefly minimum distance method to multiobjective
optimisation.

���!�� ��"�#$#�
�%&�"'(��(&)*+

This method employs the concept of an Ideal Point and minimises the Euclidean distance
between the ideal point and the set of feasible solutions. The ideal point is one where all the
three objectives are minimum. In a 3 dimensional space where three axes represent the three
objective functions having the coordinates as FC min, FL min, FP min is known as ideal point which
is not feasible. Therefore, one can at most achieve a point which is feasible and at a minimum
distance from the ideal point. Such a point is known as the target point or the best compromise
solution. This distance function is given as

Distance = [(FC – FC min)2 + (FL – FL min)2 + (FP – FP min)2]1/2

The procedure for evaluating  FC min, FL min and FP min has already been explained.
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25.6.2 Sequential Goal Programming

In this method one of the objectives which is considered most important is minimised first. For
this we attach unity weight to the objective being minimised and zero weights for the remaining
objectives. In the next step the objective which is minimised in the first step is kept fixed at its
minimum value (equality constraint) and another objective which is considered most important
out of the remaining objectives is minimised. The process is repeated till all the objectives
have been considered. However, it is observed that during the process of minimisation, the
values of the objectives which are already minimised increase to a small extent. In other words,
in order to achieve better values of current objective being minimised, some sacrifice has to be
made in the already minimised objective. At first this appears to be a limitation of this method.
A little thought in this method clarifies that this is the beauty of the method.

In order to achieve minimum possible value of the objective of current interest, the
technique automatically works out a reasonable trade off with the objectives already minimised.
Thus, the technique includes all the previously considered objectives for making trade-off
without any effort: mathematical, analytical, programming or computational.

,��-��	�-

25.1. Define Hydrothermal scheduling problem and discuss various constraints under which this prob-
lem is defined.

25.2. Using Lagrangian multiplier develop mathematical expressions for the solution of economic hy-
drothermal scheduling problem.

25.3. Explain the algorithm for the solution of economic hydrothermal scheduling problem.

25.4. Explain what you mean by optimal power flows. How is this different from load flow problem?

25.5. What are Kuhn Tucker conditions when referred to optimisation problem?

25.6. Develop mathematical expressions for optimal power flow for minimising cost of generation when
this system is subjected to certain constraints.

25.7. Optimal power flow is a constrained problem. Explain clearly how this is converted into an
unconstrained problem.

25.8. Explain with a flowchart the algorithm using. Fletcher Powell method for solution of optimal
power flow problem.

25.9. Discuss clearly how the selection of the following parameters affect the convergence of solution
using Fletcher Powell technique: (i) Initial solution (ii) Penalty parameter (iii) Step size (iv)
directional derivative.

25.10. What is multi-objective optimal power flow problem? How does this help the electric utility to
take proper decision in planning and operation of power system?

25.11. Develop mathematical expressions for multi-objective optimisation power flow when the objec-
tives are cost of generation, transmission line loss and pollution levels. List out some of the
methods for the solution of the MOPF problem.

25.12. Discuss briefly (i) Weighting method (ii) Minimum distance method and (iii) Sequential goal
programming methods to MOPF problems.
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The bus impedance matrix ZBUS relates the bus voltage VBUS and the bus currents IBUS through
the relation.

VBUS = ZBUSIBUS (A.1)

The objective here is to develop an algorithm for building up ZBUS for any given network.
One way could be to formulate YBUS matrix for the system and then inverse of this matrix
gives ZBUS, i.e.,

ZBUS = YBUS
–1 (A.2)

But it is found that it is numerically economical to obtain ZBUS directly from the network.

ZBUS matrix can be built-up starting with a single line and gradually adding one line at
a time and thus modifying the existing ZBUS matrix. The process is continued till all the elements
are exhausted.

Assume that the ZBUS matrix is known for a partial network of Fig. A.1 having m buses
and a reference bus 0. The equation A.1 relates the bus quantities for the network where VBUS
is a column vector of bus voltages measured with respect to the reference node, IBUS is a column
vector m × 1 of injected bus currents and ZBUS is an m × m matrix.

Partial
network

(a)

Partial
network

(b)

Partial
network

(c)
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Let us add one more element to the existing partial network. There are two possibilities
as far as the network changes are concerned. (i) The line could be a link, i.e., a line between
two buses already present in the partial network. (ii) It could be a branch, i.e., a radial line
from an existing bus to a new bus. In the former case the dimensions of the matrices in equation
(A.1) remain unchanged but all the elements of the bus impedance matrix, must be recalculated
to include the effect of the added link. In the latter case when the added element is a branch,
a new bus is added to the partial network and the resultant bus impedance matrix is (m + 1) ×
(m + 1) dimension and both the current and voltages are of dimension (m + 1) × 1. The addition
of branch does not affect the original matrix and, therefore, the elements for the new row and
column are required to be calculated. Let us add an element pq to the existing network as
shown in Fig. A.1 (b) and (c).

Addition of a Branch

The performance equation for the partial network with an added branch pq Fig. A.1 (b) is
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(A.3)

Assuming that the network consists of bilateral passive elements Zqi = Ziq where i = 1, 2,
......, m and refers to the buses of the partial network.

By definition

Zqi = 
V

I
q

i
 = Vq if Ii = 1 p.u. (A.4)

i.e., Zqi is the impedance and is numerically equal to the voltage of bus q with respect to reference
bus when the current of 1 p.u. is injected at bus i and keeping all other bus currents to zero.

From equation (A.4)

 Z1i = V1, Z2i = V2, Zpi = Vp

Zmi = Vm and Zqi = Vq (A.5)

Also from Fig. A.1 (b)

 Vq = Vp – vpq (A.6)

Assuming that there is no coupling between the added branch and other elements of the
partial network, then

 ipq = ypq,pqvpq

where ypq,pq is the self admittance of the added element. Since ipq = 0 as q is a new node and is
not connected anywhere in the network, vpq = 0
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and equation (A.6) reduces to Vq = Vp, i.e.,

Zqi = Zpi for all i = 1, 2, ......, m (A.7)

   i ≠ q

Now to evaluate

Zqq = 
V

I
q

q
 = Vq if Iq = 1 p.u. (A.8)

i.e., Zqq is equal to Vq when a current of 1 p.u. is injected at node q and all other currents are
zero. Now

 ipq = – Iq = ypq,pqvpq = – 1

∴ vpq = – 
1

ypq pq,

Substituting this value of vpq in equation (A.6) we obtain

   Vq = Vp + 
1

ypq pq,
(A.9)

Now since from equation (A.3) Vq = Zqq and Vp = Zpq, equation (A.9) can be rewritten as

  Zqq = Zpq + Zpq,pq (A.10)

So equation (A.7) for off diagonal and (A.10) for diagonal will generate the elements in
the (m + 1)th row and column of the matrix when  a branch is added to a matrix of m × m
dimensions.

Also if node p is taken as reference.

Zpi = 0 for i = 1, 2, ......, m (A.11)

   i ≠ q

and Zqi = 0 for i = 1, 2, ....., m

   i ≠ q

Also Zpq = 0 and, therefore, Zqq = zpq,pq.

If there is mutual coupling between the added branch and other elements of the partial
network equations (A.7) and (A.10) are respectively modified as

Zqi = Zpi + 
y Z Z

y
pq i i

pq pq

,

,

( )ρσ ρ σ−
 for i = 1, 2, ......, m (A.12)

   i ≠ q

and Zqq = Zpq + 
1 + −y z Z

y
pq q q

pq pq

,

,

( )ρσ ρ σ

where ypq,ρσ is the vector of mutual admittances, between the added element pq and the element
ρσ of the partial network.

Addition of a Link

Let the added element pq be a link. The procedure for recalculating the elements of the bus
impedance matrix is to connect in series with the added element a voltage source el as shown
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in Fig. A.2. This creates a new node l which will be finally eliminated. The value of el is such
that the current through the added element is zero and therefore, the element p – l could be
considered as a branch with node l as the new node.

Partial
network
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2

i

ipq

p

e
l

l

vpq

q

0

Ii = 1 p.u.
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The performance equation for the partial network with the added element p – l and the
series voltage source el is
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(A.13)

Here V1 ...... Vm are the voltages with respect to reference bus whereas el is with respect
to node q.

The objective here is to eliminate lth node by connecting node l to node q, i.e., short
circuiting nodes l and q. Equation (A.13) can be rewritten in a compact form after partitioning
as shown by thick line

V
e

Z
Z

Z
Z

I
Il lj

il

ll l

BUS BUS BUS�

�
�

�

�
� =
�

�
�
�

�

�
�
�

�

�
�

�

�
� (A.14)

From equation (A.14)

VBUS = ZBUSIBUS + ZilIl (A.15)

and el = ZljIBUS + ZllIl (A.16)

Since el is to be eliminated let el = 0.

From equation (A.16)

el = ZljIBUS + ZllIl = 0

or Il = – IBUS 
Z

Z
lj

ll
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Substituting this value of Il in equation (A.15), we have

VBUS = ZBUSIBUS – 
Z Z

Z
il lj

ll

 . IBUS

 = Z
Z Z

Z
il lj

ll
BUS −

�

�	



��
 IBUS (A.17)

ZBUS(modified) = 
V
I

Z
Z Z

Zold
il lj

ll

BUS

BUS
BUS( )= − (A.18)

and any element of ZBUS(modified) can be evaluated as

    Zij(modified) = Zij(old) – 
Z Z

Z
il lj

ll
(A.19)

Therefore, once we have the elements of the augmented part of the matrix ZBUS, we will
be able to find out ZBUS(modified). The following is the procedure for evaluating Zli and Zll.

Referring to Fig. A.2, since el = Vl – Vq, the element Zli can be obtained by injecting a
current at the ith bus and finding out the voltage at the lth bus with respect to bus q. Since all
other currents are zero, from equation (A.13)

Vk = ZkiIi = Zki if Ii = 1 p.u.

and  el = ZliIi = Zli

From Fig. A.2 the series voltage source is

  el = Vp – Vq – vpl (A.20)

Since element p – l is being treated as a branch, ipl = 0 and therefore vpl = 0 and

∴  Zli = 
e
I

V

I

V

I
l

i

p

i

q

i
= −  = Zpi – Zqi (A.21)

To obtain Zll = 
e
I

l

l
 ,  take Il = 1 p.u. and all other currents as zero.

Now ipl = – Il = – 1

Also ipl = ypl,plvpl = – 1 if mutual coupling is neglected.

Also since ypl,pl = ypq,pq

∴ vpl = – 
1

ypq pq,
(A.22)

From equations (A.20), (A.21) and (A.22)

Zll = 
e
I

V

I

V

I

v

I
Z Z Zl

l

p

l

q

l

pl

l
pl ql pq pq= − − = − + , (A.23)

Further, if bus p is taken as the reference bus

Zpi = 0 i = 1, 2, ......, m (A.24)

 i ≠ l

and Zli = – Zqi i = 1, 2, ......, m

      i ≠ l
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Also Zpl = 0

∴ Zll = – Zql + Zpq,pq (A.25)

Assuming that mutual coupling is there between the added element and other elements
of the partial network then, equations (A.21) and (A.23) get modified as follows:

Zli = Zpi – Zqi + 
y Z Z

y
pq i i

pq pq

,

,

( )ρσ ρ σ−
 i = 1, 2, ......, m (A.26)

  i ≠ l

and Zll = Zpl – Zql + 
1 + −y Z Z

y
pq l l

pq pq

,

,

( )ρσ ρ σ (A.27)

Modifications of ZBUS for Network Changes

The ZBUS matrix once built can be modified for any changes brought in the configuration of the
network such as addition or removal of elements, or changes in impedance of the elements.
The method described above can be used for such modifications.

The procedure to remove an element or change the impedance of an element is identical.
If an element is to be removed which is not mutually coupled with other elements, it is equivalent
to connecting a link having an impedance equal to the negated value of the original impedance.
Similarly, if the impedance of an uncoupled element is to be changed the modified bus impedance
matrix is obtained by adding a link in parallel with the element whose impedance is to be
changed such that the equivalent impedance of the two elements is the desired value.

Summarising the Zbus formulation under four conditions:

1. Addition of a branch: Since a new node is created the dimension of the new matrix
becomes (m + 1) × (m + 1). The addition of branch does not change the original Zbus
matrix. Elements of the new row and column have to be calculated.

(i) If the branch is connected to reference node, branch impedance is, say Zb, then

Zbus(new) = 

Z

Zb

bus old �

�

�

�

�

� � � � � �

�

0
0
0
0
0

0 0 0 0 0

�

�

�
�
�
�
�
�
�

�

�

�
�
�
�
�
�
�

(A.28)

(ii) If branch is connected to node p, from equation A.7 and A.10, we have

Zbus(new) = 

Z Z

Z

Z Z Z Z Z

np

mp

p p pm b pp

busold �

� �

� �

� �

�

� � � � � �

� � �
1 2

+

�

�

�
�
�
�
�
�
�
�

�

�

�
�
�
�
�
�
�
�

(A.29)
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2. Addition of a link: Since no new node is created, the modified Zbus will have the same
dimension as the original Zbus but all the elements of modified will be different from the
original nodes.

(i) If the link is connected to reference bus, using equations, A.(19), A.(24) and A.(25), we
have

Zbus new = [ ]Zbus old  – 
1

Z Zqq b+
 

Z
Z

Z

q

q

mg

1

2
�

�

�

�

�
�
�
�
�

�

�

�
�
�
�
�

 [Zq1 Zq2 ... Zqm] (A.30)

(ii) If link is connected between nodes p and q, using equations A.(19), A.(21) and A.(23),
we have

Zbus new = Zbus old – 1
2Z Z Z Zpp qq pq b+ − +

 

Z Z

Z Z

p q

mp mq

1 1−

−

�

�

�
�
�
�

�

�

�
�
�
�

�

�
.

[(Zp1 – Zq1), (Zp2 – Zq2), ... (Zpm – Zqm)] (A.31)

Example A.1: Consider the network shown in the following Fig. E. A.1. The bus numbers
and impedances are marked. Determine the bus impedance matrix.

1 3 2
3 �

2 �1 �

0

�����	����

Solution: Taking one element at a time, say we take node 1 connected to reference bus.

Hence, Zbus = [1]

Node 3 is connected to reference bus.

Hence,  Zbus = 1 0 0
0 0 2

.
.
�
��

�
��

Zb = 3Ω is connected between 2 and 3

Zbus = 
1 0 0 0 0

0 0 5 0 2 0
0 0 2 0 2 0

. .
. . .
. . .

�

�

�
�

�

�

�
�

It will be very convenient if we renumber the node 2 as 3 and 3 as 2 and develop the Zbus
matrix and later on we will transpose 2nd row with 3rd row and next 2nd column with 3rd
column  and we will have the same results.
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With node 1 only

Zbus = [1.0]

With node 3 as 2

Zbus = 1 0
0 2
�
��

�
��

With node 2 as node 3
1 0 0
0 2 2
0 2 2 3+

�

�

�
�

�

�

�
�

Transposing 2nd and 3rd column
1 0 0
0 2 2
0 5 2

�

�

�
�

�

�

�
�

Transposing 2nd and 3 row we have
1 0 0
0 5 2
0 2 2

�

�

�
�

�

�

�
�

Hence, the same results.

Alternatively we can use current injection method. The general entry in the bus
impedance matrix is given by

Zij = 
V
I

i

j I I I j1 2 1= = = p.u.

Here we connect a source of unit current between each node and the reference node. To
find out the entries in the row of the corresponding node where the source is connected we
obtain values of voltage at various nodes.

1 3 2

3

21 �1 pu

1

1 2

3
3

2

1 pu

(1) (3) 3 (2)

1 2 1 pu

0

(i) (ii)

(iii)
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Since the current is 1 A, the voltages give the impedance entries at various nodes in the
row.

In Fig. (i) the voltages are 1 0 0 and hence thses become entries in the first-row of the
Zbus matrix. In Fig. (ii), the voltages are 0 2 2, note that voltage of node 2 is same as that of
node 3. Hence these become the entries in the third row.

In Fig. (iii) since the source is connected between node 2 and reference, the entries will
correspond to 2nd row and which is 0 5 2.

Hence, Zbus = 
1 0 0
0 5 2
0 2 2

�

�

�
�

�

�

�
�

Example A.2: A network consists of three elements 0-1, 1-2 and 2-0 of p.u. impedances
0.2, 0.4 and 0.4 respectively. Determine the bus impedance matrix.

1 2

0.2

0.4

0.4

0

�����	����

Solution: For element 0-1

Zbus = [0.2]

Addition of branch 1-2
0 2 0 2
0 2 0 6
. .
. .
�
��

�
��

Addition of link 2-0, using equation (A.30)

Zbus new = Zbus – 
1

Z Zqq b+
 

Z
Z

12

22

�
��

�
��
 [Z12 Z22]

= 
0 2 0 2
0 2 0 6
. .
. .
�
��

�
��
 – 

1
0 6 0 4

0 2
0 6. .
.
.+
�
��
�
��
 [0.2 0.6]

= 
0 2 0 2
0 2 0 6
. .
. .
�
��

�
��
 – 

0 04 0 12
0 12 0 36
. .
. .
�
��

�
��
 = 

0 16 0 08
0 08 0 24
. .
. .
�
��

�
��
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Alternatively using current injection method

1 2

0.2

0.4

0.41 pu

1 2

0.2

0.4

0.4 1 pu

�����	��
�

Current through 0-1 is 1 × 
0 8
1
.

 = 0.8 and that through 0.2 is 0.2 A. Hence, potential of 1

w.r.t. reference 0.8 × 0.2 = 0.16 and the potential of node 2 is 0.4 × 0.2 = 0.08.

In second case, current through 0-2 is 1 × 0.6 = 0.6A and that through 0-1 is 0.4A. Hence
potential of 2 is 0.6 × 0.4 = 0.24 and that of 1, it is 0.4 × 0.2 = 0.08.

Hence, the elements are
0 16 0 08
0 08 0 24
. .
. .
�
��

�
��

Example A.3: Develop Zbus matrix for the network shown in Fig. E. A.3.

1

1 �

2 �

2 � 2 �
3

1 �

2

0

�����	��
�

Solution: Zbus for the element 1-0

Zbus = [1]

Add branch 1-2, it is a second modification of branch addition as node 2 is created, here
p = 1 and q = 2 and using equation (A.29), we have

 
1 1
1 2 1+
�
��

�
��
 = 

1 1
1 3
�

�
�

�

�
�

Next add element 2-0, it a link, no new node is created, hence modification 3 is to be
used.

1 1
1 3

1
1 3

1
3 1 3�

��
�
��

−
+
�
��
�
��

[ ]

= 
1 1
1 3

1
4

1 3
3 9

�
��

�
��

− �
��

�
��
 = 0 75 0 25

0 25 0 75
. .
. .
�
��

�
��
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Next add element 1-3, a new node is created, hence modification 2 is used and equation
A.29, here p = 1, q = 2

0 75 0 25 0 75
0 25 0 75 0 25
0 75 0 25 2 75

. . .

. . .

. . .

�

�

�
�

�

�

�
�

Next add element 2-3 which is a link, p = 2, q = 3. Here modification 4 is required i.e.,
equation A.(31)

0 75 0 25 0 75
0 25 0 75 0 25
0 75 0 25 2 75

. . .

. . .

. . .

�

�

�
�

�

�

�
�
 – 

1
0 75 2 75 2 2 0 25. . .+ + − ×

 
0 25 0 75
0 75 0 25
0 25 2 75

. .

. .

. .

−
−
−

�

�

�
�

�

�

�
�
 [ . . . ]− −0 5 0 5 2 5

0 75 0 25 0 75
0 25 0 75 0 25
0 75 0 25 2 75

. . .

. . .

. . .

�

�

�
�

�

�

�
�
 – 

1
5

 
0 25 0 25 125
0 25 0 25 125
125 125 6 25

. . .

. . .

. . .

−
− −

−

�

�

�
�

�

�

�
�

Zbus = 
0 7 0 3 0 5
0 3 0 5 0 5
0 5 0 5 3

. . .

. . .

. .

�

�

�
�

�

�

�
�

It is to be noted that Zbus is a full matrix unlike Ybus matrix which is sparse. For small
systems Zbus can be obtained by current injection method or the step by step formulation of
Zbus method. For large systems, however, the latter method is recommended.
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The power transformers as used in a power station or a power system could be a bank of three
single phase transformers connected in either star/delta or star/star etc., or could be a single
3-phase transformer with single core. Normally for large capacity transformers, a 3-phase
transformer is used for the following reasons. It is lighter and cheaper, occupies less space and
is more efficient. The only disadvantage is that anything that affects the winding of one phase
will affect the others also whereas in single phase transformers this is not so, as one transformer
can be replaced and the operation can be continued.

R Y B

(a)

R Y B

(b)

R Y B

(c)

�������������#�����.��/�������0.�����
/��1�������#�����.��/�

/��		� �0.�� ���
/��1��2�����������
��
3��������


����#�����.��/��/��		��0.����4��/���1���	����	�

The magnetic circuit of a 3-phase core type transformer (Fig. B.1) is somewhat
unbalanced, central limb having less reluctance than the outer two limbs, even though the
unbalancing is not appreciable. For all practical purposes the flux is same in all parts of the
magnetic circuit and the cross-section of the yoke and the limbs should be same in order to
have uniform flux density everywhere.

�� 

������ ��������������

���������	
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The shell type construction as in Fig. B-1(b), with the direction of the winding the same
in all three of the phases, brings in unbalancing in the flux distribution in all the limbs. In part
B of the circuit the net flux is the phasor difference of fluxes due to phase R and Y which are

equal in magnitude and displaced in phase by 120° i.e., the net flux in part B is 
3

2
φ where φ

is the flux due to each phase. Similar is the case with part C of the circuit whereas the flux in

the outer limbs is 
φ
2

 . If the connection of winding on the central limb is reversed as in Fig. B-

1(c) the flux everywhere is 
φ
2

 . The flux now in part B is the sum of two fluxes of magnitude 
φ
2

displaced by 120° and hence the resultant is also 
φ
2

 . It is clear from Fig. B-1(c) that each phase

of the shell type transformer has an independent magnetic circuit. Therefore, if for certain
reasons, (a fault) one of the windings is disabled and is removed from the circuit the remaining
two windings can be operated in open delta. Under this condition it is preferred to short circuit
both the primary and secondary of the disabled phase so that any stray flux that may find its
way into its circuit from the other two circuits is reduced to a small value. In core type of
construction the magnetic circuits are not independent and this kind of short circuiting of one
of the phases is not done.

The type of connections for 3-phase operation of transformers normally used are delta-
star, star-delta and delta-delta. Star-Star connections are normally not considered. The delta-
star and star-delta connections are well suited to transformers in high voltage systems, the
delta-star connection being used for stepping up the voltage and the star-delta for stepping
down. Star connection is used for high voltages as then the phase voltage is equal to the line

voltage divided by 3  and thus the windings can be insulated for lower voltages thereby the

cost of providing insulation is reduced. The delta winding is used as primary, as the generated
voltage is small and the current to be handled is large. This is because the phase voltage is the

same as line to line voltage and the phase current is equal to line current divided by 3 . The

grounding of the neutral of the secondary of a delta-star transformer does not introduce any
problem because of third harmonic, as the third harmonic component of the exciting current
can flow in the primary delta winding.

When star-delta transformer is used as a step down transformer, the triple harmonic
component of exciting current can’t flow in the primary winding but it appears in the delta
secondary winding. In other words, the main winding takes the place of the tertiary winding
which is discussed later in connection with star-star windings. It is, therefore, always preferrable
to have at least one delta connected winding in a three phase transformer, which will eliminate
the third harmonic current in the external circuit and thus will avoid the interference of power
lines with the communication networks.

It is to be noted that if the flux in a transformer magnetic circuit is sinusoidal, the
exciting current must contain a third harmonic component. However, if because of transformer
connections or system connections, this current can’t flow, the flux will contain third harmonic
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component which will induce third harmonic voltages in the transformer windings. These
voltages vary between 5% to 50% of fundamental frequency voltages depending upon the type
of transformer used whether core type or shell type respectively.

With star-star connections, the following systems (Fig. B-2) are considered for clear
understanding:

(a) (b)

(c) (d)

��������

In Fig. B.2(a) as the third harmonic component of current does not find a path, a third
harmonic component of voltage will, therefore, be present in the line to neutral voltages even
though across lines the third harmonic voltage is absent.

In Fig. B.2(b) the third harmonic components of currents do find a path and hence third
harmonic component of voltages are absent.

In Fig. B.2(c) and B.2(d) because of presence of delta winding, the delta connection
provides a path for the third harmonic currents required to eliminate the third harmonic
voltages. In Fig. (c), no third harmonic current will flow in the lines of the system whereas in
(d) the flow will depend upon the relative magnitudes of the impedances of the system and the
delta winding. However, the current is usually small and does not cause much problem with
the communication networks.

In Fig. B.2(a) the third harmonic voltages can be suppressed by providing a third winding
connected in delta. This winding is known as tertiary winding. The e.m.fs of fundamental
frequency induced in these windings will be 120° apart and will, therefore, balance, but the
induced e.m.fs of triple frequency will be in time phase around the closed circuit and the resultant
third harmonic current will supply the magnetising component that cannot flow in the primaries.

With star-star connection, there is instability of the neutral because of the unbalance
loading condition. The potential of the physical neutral is generally at some point other than
the geometric centre of the voltage triangle and is greatly affected by the characteristics of the
load.

Sometimes transformers with three windings are used to interconnect three circuits
operating at different voltages. The tertiary winding may be used to provide voltage for auxiliary
power purposes in a substation or to supply a local small distribution system. Synchronous
capacitors or static capacitors may be connected to the tertiary winding for purposes of voltage
control or power factor correction.

The use of tertiary alongwith star-star connection makes it possible to have single phase
loading of the secondary of the transformer even though the primary neutral is isolated. Refer
Fig. B.3(a).
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Load

P

Ipy = 0

Iys = 0

S
R

Y

B

(a)

I

I
2I

Load

3I

I

I

I

(b)

��������

Single phase loading in Fig. B.3(a) is not possible as this will require current in phase Y
of primary and hence the current in R and B of the same winding. Since there are no opposing
ampere turns of the secondary winding in phases R and B, therefore, no current can flow in Y
of primary winding and hence in Y of the secondary winding. Now, if tertiary winding is added
as in Fig. B.3(b) it can be seen that the single phase loading to the same transformer is possible.

It is to be noted here that whereas the zero sequence current and third harmonic currents
resemble in some aspects they differ in the sense that whereas the flow of zero sequence currents
in a circuit requires ampere turns balancing, the flow of the third harmonic currents does not
require the condition of balancing ampere turns.

Parallel Operation of 3-phase Transformers
It is quite evident that if two transformers are star-star connected having the same ratio of
transformation will operate in parallel satisfactorily as the phasor diagram of primary and
secondary voltages superpose directly.

If the Line to Line voltages of two transformers with star-star and delta-delta connection
are same, they can operate in parallel satisfactorily as the phasor diagram of primary and
secondary voltages likewise coincide.

If the transformers are star-star or delta-delta connected, they cannot be paralleled
with star-delta or delta star as there will be a phase displacement of 30° between the secondary
voltages for the same supply voltage across the primaries of the two transformers. This results
in circulating currents in the windings of the transformers.

Finally, let us consider the case when one transformer is star-delta connected and the
other delta-star connected, both designed for the same line voltage on the primary and secondary
sides. The normal connections of star-delta and delta-star, transformers alongwith phasor
diagram are shown in Fig. B.4 (a) and (b).
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A

C
B

a

b

c

(a)

O

A

BC

a

b

c

A

B
C

a�

b�
c�

c

a

b

(b)

A

C B c

b

a

�������������������	����

����
�������	���/�����

����
�

Comparing the secondary winding phasor diagrams of both the transformers, it is seen
that the line voltages are not in phase, therefore, this will result in a virtual short circuit of the
windings. The two voltages can be brought in phase with each other by interchanging two
phases of the primary winding and then reversing the terminals (starts and finishes) of all
three primary windings as shown in Fig. B.4(c) and now the two sets of transformers can be
operated in parallel.

A

C B
c

b

a

a�

b�

c�

A

C B
c�

b
a

a�

b�

c

A

BC

c

b

a

A

BC

a�

b�

c�

�����������
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Synchronous Generator

Consider an alternator connected to an infinite bus Fig. C.1.

V 0°�

E��

Xd

����������
��	���
�����

���������
��
��
�����5/�

An infinite bus means a large integrated power system whose frequency and voltage
will not change in case some changes are stipulated in the steam input or the excitation circuit
of an alternator which is connected to the system. Our objective here is to study the behaviour
of the generator (incoming) when a change in its steam input or change in its excitation circuit
is stipulated. It is to be noted that there is no single bus in a large interconnected system
which should be considered as an infinite bus. Rather any bus could be considered as an infinite
bus and the whole existing system should be considered as an infinite system with respect to
the incoming alternator whose behaviour we want to study. Or in a large system we could
consider one of the alternators whose behaviour we want to study as a finite machine and the
rest of the system as an infinite bus.

In order to study the effect of change in steam input and change in excitation on the
performance of the generator, let us derive an expression for the power delivered by the
generator.

From Fig. C.1

 I = 
E V o

j Xd

∠δ − ∠
 = 

E
X

V
Xd d

∠δ − − ∠ −90 90

    Power P = Real [V I*]

= Real V
E

X
V

Xd d

∠ − − ∠ °
�
�

�
�
�

�

�
�
�

�

�
�
�

90 90δ

� +

�!����������������

���������
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= 
VE

Xd

cos ( )90 − δ

= 
EV
Xd

sin δ (C.1)

and the reactive power
         Q = Im [VI*]

= 
VE

X
V
Xd d

sin ( )90 2− −δ

= 
EV

X
V
Xd d

cos δ −
2

(C.2)

If cos φ is the power factor of the alternator, the active and reactive powers are also
given as

P = VI cos φ
Q = VI sin φ

Therefore,
EV
Xd

sin δ  = V I cos φ (C.3)

and    
EV
X

V
Xd d

cos δ −
2

 = V I sin φ (C.4)

From equation (C.2) it is clear that the alternator operates at unity p.f. if the reactive
power delivered by the alternator is zero i.e.,

  
EV
X

V
Xd d

cos δ −
2

 = 0

or    E cos δ = V

The excitation of the alternator corresponding to this operation (unity p.f.) is known as
normal excitation. The atlernator delivers lagging VARS to the infinite bus if

EV
X

V
Xd d

cos δ −
2

 > 0

or E cos δ > V

and then the alternator is said to be over-excited as cos δ ≤ 1 and now E should be greater than
the value of E under unity p.f. operation as V is constant for an infinite bus system. Similarly,
if the alternator absorbs lagging VARS from the system

E cos δ < V

and the alternator is said to be under-excited.

Effect of Change of Excitation

Synchronous generator—Suppose the generator is delivering power P to the infinite
bus when the bus voltage, frequency, power factor and current are V, f, cos φ and I respectively.
The reactive power delivered by the generator its power angle and induced voltages are Q, δ
and E respectively. Our objective is to find out these values if excitation of the alternator is
changed.
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(a) Excitation increased:

(i) Initial p.f. lagging

Equation (3) is rewritten as

E
Xd

 sin δ = I cos φ

Since excitation is increased E increases and as there is no change in active power,

 I cos φ = Constant and, therefore,

E sin δ = Constant

Also as E has increased sin δ should decrease, therefore, δ decreases.

As δ decreases and E increases, from equation (C.2) it becomes clear that Q increases.

Again P 2 + Q2 = (VI )2 (C.5)

Here P and V are constant, Q has increased therefore, I increases.

Also as I cos φ = constant (as P is constant) and I has increased cos φ decreases.
Summarising, the increase in excitation results in

P,f,V No change

δ, cos φ Decrease

E, Q, I Increase

(ii) Unity p.f. (initial)

Results are exactly identical to when the p.f. is lagging initially.

(iii) p.f. leading (initial)

For the same power P, δ decreases as E increases for increased excitation since it
is an under-excited case.

Q = 
EV

X
V
Xd d

cos δ −
2

 < 0

and as E has increased and δ has decreased, the term 
EV
Xd

cos δ  becomes more positive and Q

less negative i.e., its magnitude decreases.

From the relation (C.5), I decreases hence cos φ increases as I cos φ = Constant.

Summarising,

P, V, f No change

I, δ, |Q| Decrease

E, cos φ Increase

(b) Excitation decreased

(i) Power factor lagging

With decrease in excitation, the induced voltage E of the generator decreases and hence
for constant power P, sin δ increases and δ, therefore, increases and from equation (C.2) Q
decreases as
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Q = 
EV
X

V
Xd d

cos δ −
2

 > 0

and E and cos δ decrease, therefore, Q decreases and from equation (C.5), I decreases. Since I
decreases, and as I cos φ = Constant, cos φ increases.

Summarising

P, V, f No change

Q, I, E Decrease

δ, cos φ Increase

Similarly it can be justified that if power factor is leading initially

P, V, f No change

E, cos φ Decrease

I, δ, |Q| Increase

In fact all these results can be easily explained with the help of phasor diagram. Here E
sin δ = Constant and I cos φ = Constant i.e., with increase or decrease in E its component
normal to V will be constant i.e., its arrow head will lie along a line parallel to V and at a
distance E sin δ. Similarly the arrow head of I will lie along a line whose loci is I cos φ =
Constant.

E E1

I1 dX

IXd

I

�

�1

�1

� V

I (a)

����������6������
� �
����/���

From phasor diagram

E1 > E, I1 > I, cos φ1 < cos φ . δ1 < δ
∴ Q1 > Q, P, V and f remain unchanged.

In case the excitation is decreased, the same phasor diagrams can be used with suffix 1
as the initial operating condition.

(c) Steam input increased: With steam input increased, P increases, V, f and E remaining
constant,

δ increases as
EV
Xd

sin δ1 = P1 as P1 > P , δ1 > δ
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(i) Initial p.f. lag

Q = 
EV

X
V
Xd d

cos δ −
2

 > 0

Since cos δ decreases Q decreases

Now φ = tan–1 
Q
P

Since Q has decreased and P has increased φ decreases and hence power factor improves.
Since δ has increased and E1 = E the current increases.

Summarising
E, V, f No change
cos φ, δ, I, P Increase
Q Decreases.

(ii) Initially p.f. leading
E, V, f No change
δ increases and hence

Q = 
EV
X

V
Xd d

cos δ −
2

 < 0

becomes more negative and the |Q| increases.

Since P and |Q| have increased, I increases, Again, since P has increased and there is
relatively larger increase in Q, the p.f. angle increases and hence p.f. decreases.

Summarising

E, V, f No change

P, δ, I, |Q| Increase

cos φ Decreases

Similarly, if the steam input is decreased its effect on the various parameters can be
studied. Figure C.3 shows the effect of increase in steam input on the various parameters for
an initially lagging p.f.

�1

�2

� 2

� 1

I 1

I 2

E
= E

2
1

E 1

I 1
dX

V t

�������������1��
.5�� �
����/���

www.EngineeringBooksPdf.com



���������� �  

The following problem will help us understand and realise the treatment given above in
a better way.

Example C.1: An alternator delivers 1.0 p.u. current at 1.0 p.u. voltage and p.f. (i) 0.8
lag (ii) 0.8 lead to an infinite bus. The reactance of the alternator Xd is 1.0 p.u., Determine (a) P,
Q, E and δ (b) If the excitation is increased by 20%, calculate P, Q, E, δ, cos φ and I.

(c) If the system is as in (a) and the power P is increased by 20%, calculate Q, E, δ, cos φ,
I, P

Solutions: (i) Given V = 1 ∠0°, cos φ = 0.8 lag.

I = 1.0 ∠– 36.9° = 0.8 – j 0.6

E = V + j IXd

= 1 + j 0.0 + j(0.8 – j0.6) × 1

= 1 + j0.8 + 0.6 = 1.6 + j 0.8

    = 1.79 ∠26.56°

E = 1.79 p.u. and δ = 26.56°

P = 
179 1

1
. ×

 sin 26.56 = 0.800

Q = 
179 1

1
. ×

 cos 26.56 – 
10
10

2.
.

    = 0.60

The same results can be obtained using the relation P = VI cos φ and Q = V I sin φ
(ii) When p.f. lead 0.8

E = V + j I Xd

   = 1.0 + j (0.8 + j 0.6) × 1

   = 0.4 + j 0.8 = 0.8944 ∠ 63.4

∴        |E| = 0.8944 δ = 63.4°

P = 0.8 p.u. and Q = 0.4 – 1.0 = – 0.6 p.u.

(b) P1 = P = 0.8 No change

 E1 = 1.2 E = 1.2 × 1.79 = 2.148 p.u.

(i) p.f. lag 0.8

∴         sin δ1 = 
0 8 10

2 148 10
. .

. .
×

×
 or δ1 = 21.86

 Q1 = 
2 148 1

1
. ×

 × 0.928 – 1.0

      = 0.994

   I = 0 8 0 994
10

2 2

2
. .

.
+  = 1.276 p.u.

∴    cos φ = 
0 8

1 1276
.
.×

 = 0.627
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(ii) p.f. lead 0.8

 E1 = 1.2 × 0.8944 = 1.07328 p.u.

 sin δ1 = 
0 8 1

107328 1
.

.
×

×
 = 0.74537

δ1 = 48.19

Q = 
107328 1

1
. ×

 cos 48.19 – 1.0

= – 0.2845

 I = 
0 8 0 2845

10

2 2

2

. .
.

+
 = 0.849

    cos φ = 
0 8

0 849
.

.
 = 0.942

(c)  P1 = 1.2 × 0.8 = 0.96, E, f and V constant

(i) p.f. lag 0.8

   sin δ1 = 
0 96 10
179 10
. .
. .

×
×

, δ1 = 32.43

  Q = 
179 10

10
. .

.
×

 cos 32.43 – 1.0

= 0.51 p.u.

 I = 
0 96 0 51

10

2 2

2
. .

.
+

 = 1.087 p.u.

∴ cos φ = 
0 96

10 1087
.

. .×
 = 0.883

(ii) p.f. lead 0.8

   sin δ1 = 
0 96 10

0 8944
. .

.
×

 > 1.0

Hence power 0.96 can’t be transmitted during leading p.f. (under-excited case) Say the
increase in steam input is 5% then new value of power = 0.8 × 1.05 = 0.84

   sin δ1 = 
0 84 10

0 8944 10
. .

. .
×

×  , δ1 = 69.91°

Q = 
0 8944 10

10
. .

.
×

 cos 69.91 – 1.0

= – 0.6928

 I = 0 84 0 6928
10

2 2

2
. .

.
+  = 1.0888 p.u.

    cos φ = 
0 84

1 10888
.
.×

 = 0.7714
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We know that under-excitation leads to instability of the alternator, let us assume that
the initial leading p.f. is 0.95 rather than 0.8 and consider the increase in steam input by 20%
and then let us study the operation of the alternator. The initial conditions are:

         E = V + j I Xd

= 1.0 + j (0.95 + j 0.3122) × 1.0

= 0.6877 + j 0.95

= 1.1728 ∠ 54°

   sin δ1 = 
0 8 12 10
11728 10
. . .
. .

× ×
×

 , δ1 = 54.94

         P = 
11728 10

10
. .

.
×

 sin 54° = 0.95 p.u.

         Q = 
11728 10

10
. .

.
×

 cos 54° – 1.0

= 0.68935 – 1.0

= – 0.3122

          I = 1.0 (0.95 + j 0.3122)

    cos φ = 0.95 lead

Now if the steam input is increased by 20%, the power

      P1 = 1.2 P = 1.2 × 0.9488 = 1.14 p.u.

 sin δ1 = 
114 10

11728 10
. .

. .
×

×
 δ1 = 76.4

      Q = 
11728 10

10
. .

.
×

 cos 76.4 – 1.0

= 0.2754 – 1.0

= – 0.7245

      Q = 
1 14 0 7245

10

2 2

2
. .

.
+

 = 1.35 p.u.

  cos φ = 
114

135 10
.

. .×  = 0.844

Example C.2: An alternator is connected to an infinite bus bar and delivers 1.0 p.u.
current at 1.0 p.u. voltage and p.f. (i) 0.95 lag (ii) 0.95 lead. The reactance of the alternator
Xd = 1.0 p.u. Determine

(a) P, Q, E and δ
(b) If the excitation is reduced by 20%, calculate P, Q, E, δ, cos φ1 and current I.

(c) If the system is as in (a) and the steam input is reduced by 20%, calculate Q, E, δ cos,
I, P.

Solution: (i) 0.95 lag
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  E = 1.0 + j 1.0 (0.95 – j 0.3122)

= 1.3122 + j 0.95

= 1.62 ∠35.9

  P = 
162 10

10
. .

.
×

 sin 35.9

= 0.95

  Q = 0.3122

(b)  E1 = 1.62 × 0.8 = 1.296

   sin δ1 = 
0 95 10
1296 10

. .
. .

×
×

          δ1 = 47.14°

        Q1 = 
1296 10

10
. .

.
×

 cos 47.14 – 1.0

= – 0.118

          I = 
0 95 0 118

10

2 2

2
. .

.
+

 = 0.957 p.u.

    cos φ = 
0 95

10 0 957
.

. .×
 = 0.9926

(ii) 0.95 lead

We know from the previous example that for this condition E = 1.1728 ∠54°

     E1 = 1.1728 × 0.8 = 0.93824

sin δ1 = 
0 95 10

0 93824 10
. .

. .
×

×
Here again a situation arises when 20% reduction in excitation below certain excitation

level is not permissible.

Let us assume that the reduction is by 10% then

     E1 = 1.1728 × 0.9 = 1.055 p.u.

∴ sin δ1 = 
0 95 10
1055 10

. .
. .

×
×

 = 0.9

or      δ1 = 64.16

     Q1 = 
1055 10

10
. .

.
×

 cos 64.16 – 1.0

          = – 0.54 p.u.

        I = 
0 95 0 54

10

2 2

2
. .

.
+

 = 1.09 p.u.

 cos φ = 
0 95

109 10
.

. .×
 = 0.9047
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∴ P, V, f No change

E, cos φ Decrease

I, δ, |Q| Increase

(c) Power decreased by 20%

P1 = 0.95 × 0.8 = 0.76

E1 = E = 1.62

(i) Power factor 0.95 lag

      sin δ1 = 
0 76 10
162 10
. .
. .

×
×

 , δ1 = 27.98 ~−  28°

Q = 
162 10

10
. .

.
×

 cos 28 – 1.0

   = 0.43 p.u.

 I = 
0 76 0 43

10

2 2

2
. .

.
+

 = 0.87 p.u.

       cos φ = 
0 76

0 87 10
.

. .×
 = 0.87

E, V, f No change

P, cos φ, I, δ Decrease

Q Increase

(ii) p.f. 0.95 lead

 E1 = E = 1.1728 ∠54°

         sin δ1 = 
0 76 10

11728 10
. .

. .
×

×
 , δ1 = 40.4

  Q = 
11728 10

10
. .

.
×

 cos 40.4 – 1.0

      = 0.893 – 1.0

      = – 0.107 p.u.

    I = 0 76 0 1072 2. .+  = 0.768 p.u.

           cos φ ~−  1.0

E, V, f No change

I, P, δ, |Q| Decrease

cos φ Increase.

Synchronous Motor

Let us now consider a synchronous motor connected to an infinite bus. The power is
delivered to the synchronous motor from the infinite bus. Therefore V leads E, the back e.m.f.
by an angle δ the torque angle depending upon the loading of the motor. The phasor diagram
of the motor both for lagging and leading p.f. is given in Fig. C.4.
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We will study the behaviour of the motor when a change in excitation or loading of the
motor takes place, with the help of a problem as follows:

Example C.3: A synchronous motor is connected to an infinite bus and draws 1.0 p.u.
current at 1.0 p.u. Voltage (i) 0.9 p.f. lag and (ii) 0.9 p.f. lead. The synchronous reactance of the
motor is 1.0 p.u. (a) Determine E, Q, I, δ, P (b) If the excitation is increased by 10%, determine
E, Q, I, δ P, cos φ (c) If the system is as in (a) and the loading on the motor is increased by 10%,
determine E, Q, I, δ, P, cos φ

Solution: (a) (i) p.f. 0.9 lag

  E = V – j I Xd

= 1.0 – j (0.9 – j 0.436) × 1.0

= 0.564 – j 0.9

= 1.062 ∠– 57.9°

δ = – 57.9°, E = 1.062

P = 
1063 10

10
. .

.
×

 sin 57.9 = 0.9 p.u.

Here we are taking δ as positive, even though P is –ve as it is motoring action

  Q = 
1063 10

10
. .

.
×

 cos 57.9 – 1.0

= – 0.4356 p.u. (under excitation)

(b) Excitation increased by 10%

        E1 = 1.1 E = 1.1682

   sin δ1 = 
0 9 10

11682 10
. .

. .
×

×
 , δ1 = 50.39

        Q1 = 
11682 10

10
. .

.
×

 cos 50.39 – 1.0

= – 0.255 p.u.

  I1 = 
0 9 0 255

10

2 2

2
. .

.
+

 = 0.935

   cos φ1 = 
0 9

0 935
.

.
 = 0.96
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Summarising
P1, f, V No change
|Q|, δ1, I1 Decrease
E, cos φ1 Increase

Similarly, if p.f. is leading 0.9, the back e.m.f. originally is

  E = V – j IXd

= 1.0 – j(0.9 + j 0.436) × 1.0

= 1.436 – j 0.9

= 1.69 ∠– 32°

  E = 1.69, δ = – 32°, Q = 0.436 p.u.

Now if E1 = 1.1 × 1.69 = 1.859

sin δ1 = 
0 9 10

1859 10
. .

. .
×
×

 , δ1 = – 28.9

     Q = 
1859 10

10
. .

.
×

 cos 28.9 – 1.0

         = 0.627 p.u.

      I = 0 9 0 627
10

2 2

2
. .

.
+  = 1.076 p.u.

cos φ1 = 
0 9

10 1096
.

. .×
 = 0.82

Summarising
P, V, f No change
δ, cos φ Decrease
E, I, Q Increase

 (c) P1 = 1.1 × 0.9 = 0.99

(i) p.f. lag E1 = E = 1.062

sin δ1 = 
0 99 10
1062 10

. .
. .

×
×

 , δ1 = – 68.78

      Q = 
1062 10

10
. .

.
×

 cos 68.78 – 1.0

          = – 0.615 p.u.

        I = 
0 99 0 615

10

2 2

2
. .

.
+

 = 1.165 p.u.

  cos φ = 
0 99
1165

.
.

 = 0.849

Summarising
E, V, f No change
cos φ Decrease
P, δ, |Q|, I Increase
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(ii) p.f. 0.9 lead

     E1 = E = 1.69

sin δ1 = 
0 99 10
169 10
. .
. .

×
×

 , δ1 = – 35.86

      Q = 
169 10

10
. .

.
×

 cos 35.86 – 1.0

= 0.37 p.u.

 I = 
0 99 0 37

10

2 2

2
. .

.
+

 = 1.057 p.u.

  cos φ = 
0 99
1057

.
.

 = 0.936

Summarising

E, V, f No change

Q Decrease

P, δ, I, cos φ Increase

Similarly, the effect of decreasing excitation and/or load on the motor performance can
be studied.
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1. The surge impedance of 50 miles long underground cable is 50 ohms. For a 25 miles
length it will be:

(a) 25 ohms (b) 50 ohms

(c) 100 ohms (d) None of the above.

2. For a load flow solution the quantities normally specified at a voltage controlled bus are:

(a) P and Q (b) P and |V|

(c) Q and |V| (d) P and δ.

3. For reducing tower footing resistance it is better to use:

(a) Chemical and ground rods only

(b) Chemical and counterpoise only

(c) Ground rod and counterpoise only

(d) Chemical, ground rods and counterpoise.

4. The positive, negative and zero sequence impedances of a solidly grounded system under
steady state condition always follow the relations:

(a) Z1 > Z2 > Z0 (b) Z1 < Z2 < Z0

(c) Z0 < Z1 < Z2 (d) None of the above.

5. Mho relay is normally used for the protection of:

(a) Long transmission lines (b) Medium length lines

(c) Short length lines (d) No length criterion.

6. Reactance relay is normally preferred for protection against:

(a) Earth faults only (b) Phase faults only

(c) None of the above.

7. If the fault current is 2000 amps, the relay setting 50% and the C.T. ratio is 400/5, then
the plug setting multiplier will be:

(a) 25 amps (b) 15 amps

(c) 50 amps (d) None of the above.

���

���������	
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8. Carrier current protection scheme is normally used for:
(a) HV transmission lines only
(b) HV cables only
(c) HV transmission and cables.

9. The ratio of reset to pick up current for an induction cup relay is approx:
(a) 0.99 (b) 1.01
(c) 0.75 (d) None of the above.

10. The rotation of disc of an induction disc relay under the poles is:
(a) From unshaded pole to shaded pole
(b) From shaded pole to unshaded pole
(c) It depends upon the magnitude of current
(d) It depends upon the C.T. secondary connection.

11. If the time of operation of a relay for unity TMS is 10 secs., the time of operation for 0.5
TMS will be:
(a) 20 secs (b) 5 secs
(c) 10 secs (d) None of the above.

12. The shape of the disc of an induction disc relay is:
(a) Circular (b) Spiral
(c) Elliptic.

13. If the phase angle of the voltage coil of a directional relay is 50° the maximum torque
angle of the relay is:
(a) 130° (b) 100°
(c) 25° (d) None of the above.

14. A reactance relay is:
(a) Voltage restrained directional relay
(b) Directional restrained over-current relay
(c) Voltage restrained over-current relay
(d) None of the above.

15. The per cent bias for a generator protection lies between:
(a) 5 to 10 (b) 10 to 15
(c) 15 to 20 (d) None of the above.

16. For protection of parallel feeders fed from one end the relays required are:
(a) Non-directional relays at the source end and directional relays at the load end.
(b) Non-directional relays at both the ends.
(c) Directional relays at the source end and non-directional at the load end.
(d) Directional relays at both the ends.
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17. The number of pilot wires required for protecting 3-phase transmission lines using
Translay system of protection is:
(a) 6 (b) 4
(c) 3 (d) 2.

18. A shunt fault is characterized by:
(a) Increase in current, frequency and p.f.
(b) Increase in current reduction in frequency and p.f.
(c) Increase in current and frequency but reduction in p.f.
(d) None of the above.

19. For measuring positive, negative and zero sequence voltages in a system, the reference
is taken as:
(a) Neutral of the system only
(b) Ground only
(c) For zero sequence neutral and for positive and negative the ground
(d) None of the above.

20. The most economic load on an overhead line is:
(a) Greater than the natural load (b) Less than the natural load
(c) Equal to the natural load (d) None of the above is necessary.

21. The most economic load on an underground cable is:
(a) Greater than its surge loading (b) Less than the surge loading
(c) Equal to the surge loading (d) None of the above is necessary.

22. For a long transmission line, for a particular receiving end voltage, when sending end
voltage is calculated, it is more than the actual value when calculated by:
(a) Load end capacitance method (b) Nominal  T method
(c) Nominal π method (d) None of the above methods.

23. The p.u. impedance value of an alternator corresponding to base values 13.2 kV and 30
MVA is 0.2 p.u. The p.u. value for the base values 13.8 kV and 50 MVA will be:
(a) 0.306 p.u. (b) 0.33 p.u.
(c) 0.318 p.u. (d) 0.328 p.u.

24. For the same rupturing capacity, the actual current to be interrupted by an HRC fuse is:
(a) Much less than any CB (b) Much more than any CB
(c) Equal to the CB (d) None of the above is necessary.

25. The stability of arc in vacuum depends upon:
(a) The contact material only
(b) The contact material and its vapour pressure
(c) The circuit parameters only
(d) The combination of (b) and (c).
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26. To limit current chopping in vacuum circuit breakers, the contact material used has:
(a) High vapour pressure and low conductivity properties
(b) High vapour pressure and high conductivity properties
(c) Low vapour pressure and high conductivity properties
(d) Low vapour pressure and low conductivity properties.

27. The capacitor switching is easily done with:
(a) Air blast circuit breaker (b) Oil C.B.
(c) Vacuum C.B. (d) Any one of the above.

28. Where voltages are high and current to be interrupted is low the breaker preferred is:
(a) Air blast C.B. (b) Oil C.B.
(c) Vacuum C.B. (d) Any one of the above.

29. For rural electrification in a country like India with complex network it is preferable to
use:
(a) Air break C.B. (b) Oil C.B.
(c) Vacuum C.B. (d) M.O. C.B.

30. The current chopping tendency is minimised by using the SF6 gas at relatively:
(a) High pressure and low velocity (b) High pressure and high velocity
(c) Low pressure and low velocity (d) Low pressure and high velocity.

31. SF6 gas has excellent heat transfer properties because of its:
(a) Higher molecular weight (b) Low gaseous viscosity
(c) Higher dielectric strength (d) A combination of (a) and (b)
(e) A combination of (b) and (c).

32. A fault is more severe from the view point of RRRV if it is a:
(a) Short line fault (b) Medium length line fault
(c) Long line fault (d) None of the above.

33. The most suitable C.B. for short line fault without switching resistor is:
(a) Air blast C.B. (b) M.O.C.B.
(c) SF6 Breaker (d) None of the above.

34. The voltages at the two ends of a line are 132 kV and its reactance is 40 ohms. The
capacity of the line is:
(a) 435.6 MW (b) 217.5 MW
(c) 251.5 MW (d) 500 MW.

35. An overhead line with series compensation is protected using:
(a) Impedance relay (b) Reactance relay
(c) Mho relay (d) None of the above.

36. The typical value of SCR for modern alternators is:
(a) 1.5 (b) 1.2
(c) 1.0 (d) 0.5.
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37. In case of a large size alternator the voltage control becomes serious if:
(a) SCR is high (b) SCR is low
(c) Voltage control is independent of SCR.

38. A large-size alternator is protected against overloads by providing:
(a) Overcurrent relays (b) Temperature sensitive relays
(c) Thermal relays (d) A combination of (a) and (b)
(e) A combination of (b) and (c).

39. The impulse ratio of a rod gap is:
(a) Unity (b) Between 1.2 and 1.5
(c) Between 1.6 and 1.8 (d) Between 2 and 2.2.

40. Shunt compensation in an EHV is resorted to:
(a) Improve the stability
(b) Reduce the fault level
(c) Improve the voltage profile
(d) As a substitute for synchronous phase modifier.

41. In order to have lower cost of electrical energy generation:
(a) The load factor and diversity factor should be low
(b) The load factor should be low but diversity factor should be high
(c) The load factor should be high but diversity factor low
(d) The load factor and diversity factors should be high.

42. The insulation of the modern EHV lines is designed based on:
(a) The lighting voltage (b) The switching voltage
(c) Corona (d) RI.

43. The size of conductor on modern EHV lines is obtained based on:
(a) Voltage drop (b) Current density
(c) Corona (d) (a) and (b).

44. A Mho relay is a:
(a) Voltage restrained directional relay
(b) Voltage controlled over current relay
(c) Directional restrained over current relay
(d) Directional restrained over voltage relay.

45. For stability and economic reasons we operate the transmission line with power angle
in the range:
(a) 10° to 25° (b) 30° to 45°
(c) 60° to 75° (d) 65° to 80°.

46. High voltage d.c. testing for HV machines is resorted because:
(a) Certain conclusions regarding the continuous ageing of an insulation can be drawn.
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(b) The stress distribution is a representation of the service condition
(c) Standardization on the magnitude of voltage to be applied is available
(d) The stresses do not damage the coil end insulation.

47. For a lumped inductive load, with increase in supply ferquency:
(a) P and Q increase (b) P increases, Q decreases
(c) P decreases, Q increases (d) P and Q decrease.

48. Standard impulse testing of a power transformer requires:
(a) Two applications of chopped wave followed by one application of a full wave
(b) One application of chopped wave followed by one application of a full wave
(c) One application of chopped wave followed by two applications of a full wave
(d) None of the above.

49. The supply voltage |V| in diagram below is:

40 V 70 V 100 V

V

(a) 210 V (b) 70 V
(c) 50 V (d) 230 V.

50. The chances of arc interruption in subsequent current zero:
(a) Increases in case of OCB

(b) Decreases in case of OCB
(c) Interruption is always at first current zero (in OCB)
(d) None of the above.

51. The chances of arc interruption in subsequent current zeros:
(a) Increases in case of ABCB but decreases in OCB

(b) Decreases in case of ABCB but increases in OCB
(c) Decreases in both the cases
(d) Increases in both the cases.

52. The velocity of travelling wave through a cable of relative permittivity 9 is:
(a) 9 × 108 metres/sec (b) 3 × 108 metres/sec
(c) 108 metres/sec (d) 2 × 108 metres/sec.

53. An overhead line with surge impedance 400 ohms is terminated through a resistance R.
A surge travelling over the line does not suffer any reflection at the junction if the value
of R is:
(a) 20 ohms (b) 200 ohms
(c) 800 ohms (d) None of the above.
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54. The rate of rise of restriking voltage depends upon:
(a) The type of circuit breaker
(b) The inductance of the system only
(c) The capacitance of the system only
(d) The inductance and capacitance of the system.

55. Gas turbines can be brought to the bus bar from cold in about:
(a) 2 minutes (b) 30 minutes
(c) 1 Hour (d) 2 Hours.

56. A 3-phase breaker is rated at 2000 MVA, 33 kV, its making current will be:
(a) 35 kA (b) 49 kA
(c) 70 kA (d) 89 kA.

57. If a combination of HRC fuse and circuit breaker is used, the C.B. operates for:
(a) Low overload currents (b) Short circuit current
(c) Under all abnormal current (d) The combination is never used in practice.

58. The impulse ratio of a gap of given geometry and dimension is:
(a) Greater with solid than with air dielectric
(b) Greater with air than with solid dielectric
(c) Same for both solid and air dielectric.

59. Tick out the correct one:
(a) The insulators and lightning arresters should have high impulse ratio
(b) The insulators and lightning arresters should have low impulse ratio
(c) The insulator should have high impulse ratio and lightning arrester  low
(d) The lightning arrester should have high impulse ratio but insulator low.

60. Phase modifier is normally installed in the case of:
(a) Short transmission lines (b) Medium length lines
(c) Long length lines (d) For all length lines.

61. Series compensation on EHV lines is resorted to:
(a) Improve the stability
(b) Reduce the fault level
(c) Improve the voltage profile
(d) As a substitute for synchronous phase modifier.

62. Ferranti effect on long overhead lines is experienced when it is:
(a) Lightly loaded (b) On full load at unity p.f.
(c) On full load at 0.8 p.f. lag (d) In all these cases.

63. Stringing chart is useful for:
(a) Finding the sag in the conductor (b) In the design of  tower
(c) In the design of insulator string (d) Finding the distance between the tower.
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64. The presence of earth in case of overhead lines:
(a) Increases the capacitance (b) Increases the inductance
(c) Decreases the capacitance (d) Decreases the inductance.

65. For an existing a.c. transmission line the string efficiency is 80%. Now if d.c. voltage is
supplied for the same set up, the string efficiency will be:
(a) 80% (b) More than 80%
(c) Less than 80% (d) 100%.

66. Effect of increase in temperature in overhead transmission lines is to:
(a) Increase the stress and length
(b) Decrease the stress and length
(c) Decrease the stress but increase the length
(d) None of the above.

67. The Buchholz relay protects a transformer from:
(a) All types of internal fault (b) A turn to turn fault
(c) Winding to winding fault (d) None of them.

68. The Self GMD method is used to evaluate:
(a) Inductance (b) Capacitance
(c) Inductance and capacitance both (d) None of the above
of the overhead transmission lines.

69. A voltage-controlled bus is treated as a load bus in subsequent iteration when its:
(a) Voltage limit is violated (b) Active power limit is violated
(c) Reactive power limit is violated (d) Phase angle limit is violated.

70. The voltage of a particular bus can be controlled by controlling the:
(a) Phase angle (b) Reactive power of the bus
(c) Active power of the bus (d) Phase angle and reactive power.

71. In case of a 3-phase short circuit in a system, the power fed into the system is:
(a) Mostly reactive (b) Mostly active
(c) Active and reactive both equal (d) Reactive only.

72. The load flow solution is always assured in case of:
(a) Newton-Raphson method (b) Gauss method
(c) Gauss-Seidel method (d) None of these methods guarantees.

73. If α is the angle of voltage wave at which an R-L circuit is switched in and θ is the
impedance angle of the R-L circuit, there will be no transient when the circuit is switched
in, if:
(a) α = θ (b) α = 90 – θ
(c) α = 90 + θ (d) None of the above.
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74. At a particular unbalanced node, the real powers specified are:
Leaving the node 20 MW, 25 MW
Entering the node 60 MW, 30 MW
The balancing power will be:
(a) 30 MW leaving the node
(b) 45 MW leaving the node
(c) 45 MW entering the node
(d) 22.5 MW entering the node and 22.5 MW leaving the node.

75. The loss coefficients for a two-bus system are given as follows:
(a) B11 = 0.02, B22 = 0.05, B12 = 0.01, B21 = 0.015.
(b) B11 = 0.02, B22 = 0.04, B12 = – 0.01, B21 = 0.001.
(c) B11 = 0.03, B22 = 0.005, B12 = – 0.001, B21 = – 0.001.
(d) B11 = 0.03, B22 = 0.05, B12 = 0.001, B21 = – 0.001.

76. For economic operation, the generator with highest positive incremental transmission
loss will operate at:
(a) The lowest positive incremental cost of production
(b) The lowest negative incremental cost of production
(c) The highest positive incremental cost of production
(d) None of the above.

77. The inertia constant H of a machine of 200 MVA is 2 p.u. its value corresponding to 400
MVA will be:
(a) 4.0 (b) 2.0
(c) 1.0 (d) 0.5.

78. The inertia constant of two groups of machines, which swing together are M1 and M2.
The inertia constant of the system is:

(a) 
M M

M M
1 2

1 2+
(b) M1 – M2, M1 > M2

(c) M1 + M2 (d) 
M M

M M
1 2

1 2

+
 .

79. The leakage resistance of a 50 km long cable is 1 MΩ. For a 100 km long cable it will be:
(a) 1 MΩ (b) 2 MΩ
(c) 0.66 MΩ (d) None of the above.

80. The coefficient of reflection for current for an open ended line is:
(a) 1.0 (b) 0.5
(c) – 1.0 (d) Zero.

81. The connected load of a consumer is 2 kW and his maximum demand is 1.5 kW. The load
factor of the consumer is:
(a) 0.75 (b) 0.375
(c) 1.33 (d) None of the above.
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82. The maximum demand of a consumer is 2 kW and his daily energy consumption is 20
units. His load factor is:
(a) 10% (b) 41.6%
(c) 50% (d) None of the above.

83. Resistance switching is normally resorted in case of:
(a) Bulk oil circuit breakers (b) Minimum oil circuit breakers
(c) Air blast circuit breakers (d) All types of breakers.

84. If the inductance and capacitance of a system are 1.0 H and 0.01 µF respectively  and
the instantaneous value of current interrupted is 10 amp, the voltage across the breaker
contacts will be:
(a) 50 kV (b) 100 kV
(c) 60 kV (d) 57 kV.

85. The p.u. synchronous impedance of a machine is 2.0 p.u., its SCR is:
(a) 2 (b) 1.414
(c) 0.5 (d) 0.707.

86. Sheaths are used in cables to:
(a) Provide proper insulation (b) Provide mechanical strength
(c) Prevent ingress of moisture (d) None of the above.

87. Tick out the correct statement:
(a) The higher the initial load, the larger the critical clearing angle
(b) The higher the initial load, the lower the critical clearing angle

(c) The initial load has nothing to do with the critical clearing angle

(d) The higher the operating time of the circuit breaker, the larger will be the critical
clearing angle.

88. The capacitance and inductance per unit length of a line operating at 110 kV are 0.01 µF
and 2 mH. The surge impedance loading of the line is:
(a) 40 MVA (b) 30 MVA
(c) 27 MVA (d) None of the above.

89. An RLC series circuit remains predominantly inductive:
(a) At resonance frequency (b) Below resonance frequency
(c) Above resonance frequency (d) At the lower half power frequency.

90. An alternator is delivering a load current; its per cent regulation is found to be zero. The
type of load it delivers is:
(a) Capacitive (b) Inductive
(c) Resistive.

91. A short length of cable between the dead end tower and the power transformer :
(a) Always reduces the steepness of the incident wave
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(b) Reduces the steepness of the wave under certain conditions only
(c) It does not change the steepness.

92. For protection of rotating machines against lightning surges a combination of:
(a) Lightning conductor and capacitor
(b) Lightning conductor and lightning arrester
(c) Lightning arrester and capacitor
(d) Lightning arrester alone is used.

93. An alternator is delivering a balanced load at unity p.f. the phase angle between line
voltage and line current is:
(a) 90° (b) 60°
(c) 30° (d) 0°.

94. For the stable operation of interconnected system, the passive element that can be used
a interconnecting element is:
(a) Reactor (b) Resistor
(c) Capacitor (d) Resistor and capacitor.

95. If two synchronous generators are connected, loss of synchronism will result in:
(a) Stalling of generators
(b) Wild fluctuations in current
(c) Wild fluctuations in current and voltage
(d) None of the above.

96. A generator is connected to a synchronous motor. From stability point of view it is
preferable to have:
(a) Generator neutral reactance grounded and motor neutral resistance grounded
(b) Generator and motor neutrals resistance grounded
(c) Generator and motor neutrals reactance grounded
(d) Generator neutral resistance and motor neutral reactance grounded.

97. A 50 Hz, four-pole turboalternator rated at 20 MVA, 13.2 kV has an inertia constant
H = 4 kW sec/kVA. The K.E. stored in the rotor at synchronous speed is:
(a) 80 kilojoules
(b) 80 megajoules
(c) 40 megajoules
(d) 20 megajoules.

98. The breakdown strength of air at STP is 21 kV/cm. Its breakdown strength at 30°C and
72 cm of Hg will be:
(a) 21.25 kV/cm (b) 20.2 kV/cm
(c) 23 kV (d) 19.5 kV/cm.
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99. Corona loss is less when the shape of the conductor is:
(a) Circular (b) Flat
(c) Oval (d) Independent of shape.

100. Corona loss increases with:
(a) Increase in supply frequency and conductor size
(b) Increase in supply frequency but reduction in conductor size
(c) Decrease in supply frequency and conductor size
(d) Decrease in supply frequency but increase in conductor size.

101. The corona loss on a particular system at 50 Hz is 1 kW/phase per km. The corona loss
on the same system with supply frequency 25 Hz will be:
(a) 1 kW/phase/km (b) 0.5 kW/phase/km
(c) 0.667 kw/phase/km (d) None of the above.

102. A system is said to be effectively grounded if its:

(a) Neutral is grounded directly (b) Ratio of 
X
X

0

1
 > 3.0

(c) Ratio of 
R
X

0

1
 > 2.0 (d) Ratio of 

X
X

0

1
 < 3.0.

103. For effective application of counterpoise is should be buried into the ground to a depth
of:
(a) 1 metre (b) 2 metres
(c) Just enough to avoid theft (d) None of the above.

104. If r is the radius of the conductor and R the radius of the sheath of the cable, the cable
operates stably from the view point of dielectric strength if:

(a) 
r
R

 > 1.0 (b) 
r
R

 < 1.0

(c) 
r
R

 < 0.632 (d) 
r
R

 < 0.368.

105. Three insulating materials with same maximum working stress and permittivities 2.5,
3.0, 4.0 are used in a single core cable. The location of the materials with respect to the
core of the cable will be:
(a) 2.5, 3.0, 4.0 (b) 3.0, 2.5, 4.0
(c) 4.0, 3.0, 2.5 (d) 4.0, 2.5, 3.0.

106. Three insulating materials with breakdown strengths of 250 kV/cm, 200 kV/cm,
150 kV/cm and permittivities of 2.5, 3.0 and 3.5 are used in a single core cable. If the
factor of safety for the materials is 5, the location of the materials with respect to the
core of the cable will be:
(a) 2.5, 3.0, 3.5 (b) 3.0, 2.5, 3.5
(c) 3.5, 3.0, 2.5 (d) 3.5, 2.5, 3.0.
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107. The coefficient of reflection of voltage for a short circuited line is:
(a) 1.0 (b) – 1.0
(c) 0 (d) 2.0.

108. The insulation resistance of a cable of length 10 km is 1 MΩ, its resistance for 50 km
length will be:
(a) 1 MΩ (b) 5MΩ
(c) 0.2 MΩ (d) None of the above.

109. The capacitance of a 3-core cable between any two conductors with sheath earthed is 2
µF. The capacitance per phase will be:
(a) 1 µF (b) 4 µF
(c) 0.667 µF (d) 1.414 µF.

110. If δ is the loss angle of the cable, its power factor is:
(a) sin δ
(b) cos δ
(c) Power factor is independent of δ
(d) Power factor depends upon δ but it is not as per (a) and (b).

111. The effect of bonding the cable is:
(a) To increase the effective resistance and inductance
(b) To increase the effective resistance but reduce inductance
(c) To decrease the effective resistance and inductance
(d) To decrease the effective resistance but increase the inductance.

112. In order to eliminate sheath losses, a successful method is:
(a) To transpose the cable along with cross bonding
(b) Transpose the cables only
(c) Cross bonding the cables is enough
(d) None of the above is effective.

113. The sending end voltage of a feeder with reactance 0.2 p.u. is 1.2 p.u. If the reactive
power supplied at the receiving end of the feeder is 0.3 p.u., the approximate drop of
volts in the feeder is:
(a) 0.2 p.u. (b) 0.06 p.u.
(c) 0.05 p.u. (d) 0.072 p.u.

114. If a synchronous machine is overexcited, it takes lagging vars from the system when it
is operated as a:
(a) Synchronous motor
(b) Synchronous generator
(c) Synchronous motor as well as generator
(d) None of the above.
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115. If a synchronous machine is underexcited it takes lagging vars from the system when it
is operated as a:
(a) Synchronous motor
(b) Synchronous generator
(c) Synchronous motor as well as generator
(d) None of the above.

116. A synchronous machine has higher capacity for:
(a) Leading p.f.
(b) Lagging p.f.
(c) It does not depend upon the p.f. of the machine
(d) It depends upon the p.f. of the load.

117. A machine designed to operate at full load is physically heavier and is costlier if the
operating p.f. is:
(a) Lagging (b) Leading
(c) The size and cost do not depend on p.f.

118. For the same voltage boost, the reactive power capacity is more for a:
(a) Shunt capacitor (b) Series capacitor
(c) It is same for both series and shunt.

119. A synchronous phase modifier as compared to a synchronous motor used for mechanical
loads has:
(a) Larger shaft and higher speed (b) Smaller shaft and higher speed
(c) Larger shaft and smaller speed (d) Smaller shaft and smaller speed.

120. If Ia1
 is the positive sequence current of an alternator and Z1, Z2 and Z0 are the sequence

impedances of the alternator. The drop produced by the current Ia1
 will be:

(a) Ia1
Z1 (b) Ia1

(Z1 + Z2)

(c) Ia1
(Z1 + Z2 + Z0) (d) Ia1

(Z2 + Z0).

121. For the system shown in diagram below, a line-to-ground fault on the line side of the
transformer is equivalent to:
(a) A line-to-ground fault on the generator side of the transformer
(b) A line-to-line fault on the generator side of the transformer
(c) A double line-to-ground on the generator side of the transformer
(d) A 3-phase fault on the generator side of the transformer.

×
F
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122. The positive sequence component of voltage at the point of fault is zero when it is a:
(a) 3-phase fault (b) L-L fault
(c) L-L-G fault (d) L-G fault.

123. Tick out the correct statement:
(a) The negative and zero sequence voltages are maximum at the fault point and de-

crease towards the neutral
(b) The negative and zero sequence voltages are minimum at the fault point and in-

crease towards the neutral
(c) The negative sequence is maximum and zero sequence minimum at the fault point

and decrease and increase respectively towards the neutral.
(d) None of the above.

124. For complete protection of a 3-phase line:
(a) Three-phase and three-earth fault relays are required
(b) Three-phase and two-earth fault relays are required
(c) Two-phase and two-earth fault relays are required
(d) Two-phase and one-earth fault relays are required.

125. The phase comparators in case of static relays and electro-mechanical relays normally
are:
(a) Sine and cosine comparators respectively
(b) Cosine and sine comparators respectively
(c) Both are cosine comparators
(d) Both are sine comparators.

126. The order of the lightning discharge current is:
(a) 10,000 amp (b) 100 amp
(c) 1 amp (d) 1 microampere.

127. The magnetising-inrush-current in a transformer is rich in:
(a) 3rd harmonics (b) 5th harmonics
(c) 7th harmonics (d) 2nd harmonics.

128. For effective use of a counterpoise wire:
(a) Its leakage resistance should be greater than the surge impedance
(b) Its leakage resistance should be less than the surge impedance
(c) Its leakage resistance should be equal to the surge impedance
(d) The two resistances may have any relation.

129. The inertia constants of two groups of machines which do not swing together are M1 and
M2. The equivalent inertia constant of the system is:
(a) M1 + M2 (b) M1 – M2 if M1 > M2

(c) 
M M

M M
1 2

1 2+
(d) M M1 2  .
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130. If the inductance and capacitance of a system are 1 H and 0.01 µF respectively and the
instantaneous value of current interrupted is 10 amps, the value of shunt resistance
across the breaker for critical damping is:
(a) 100 kΩ (b) 10 kΩ
(c) 5 kΩ (d) 1 kΩ.

131. For load flow solution the quantities specified at a load bus are:
(a) P and Q (b) P and |V|
(c) Q and |V| (d) P and δ.

132. The solution of coordination equations takes into account:
(a) All the system constraints
(b) All the operational constraints
(c) All the system and operation constraints
(d) None of the above.

133. For a two-bus system if the change in load at bus 2 is 5 MW and the corresponding
change in generation at bus 1 is 8 MW, the penalty factor of bus 1 is:
(a) 0.6 (b) 1.67
(c) 0.625 (d) None of the above.

134. If the penalty factor for bus 1 in a two-bus system is 1.25 and if the incremental cost of
production at bus 1 is Rs. 200 per MWhr, the cost of received power at bus 2 is:
(a) Rs. 250/MWhr (b) Rs. 62.5/MWhr
(c) Rs. 160/MWhr (d) None of the above.

135. The cost of generation is theoretically minimum if:
(a) The system constraints are considered
(b) The operational constraints are considered
(c) (a) and (b)
(d) The constraints are not considered.

136. The incremental transmission loss of a plant is:
(a) Positive always (b) Negative always
(c) Can be positive or negative.

137. If Pm is the maximum power transferred, the loss on the system is:

(a) 
Pm

4
(b) 

Pm

2

(c) 
3

4
Pm (d) None of the above.

138. If X is the system reactance and R its resistance, the power transferred is maximum
when:

(a) X = R (b) X = 2R

(c) X = 3R (d) X = 2R.
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139. If the inertia constant H of a machine of 200 MVA is 2 p.u. its value corresponding to
400 MVA will be:
(a) 4 p.u (b) 2 p.u.
(c) 1.0 p.u. (d) 0.5 p.u.

140. The inertia constant of two groups of machines which do not swing together are M1 and
M2 such that M1 > M2. It is proposed to add some inertia to one of the two groups of
machines for improving the transient stability of the system. It should be added to:
(a) M1 (b) M2

(c) It does not matter whether to add to M1 or M2.

141. Tick out the correct one:
(a) Higher the SCR of a machine the heavier is its rotor
(b) Higher the SCR of a machine the lighter is its rotor
(c) The SCR and size of the rotor are not at all related.

142. A 100 V/10 V, 50 VA transformer is converted to 100 V/110 V auto transformer, the
rating of the auto transformer is:
(a) 550 VA (b) 500 VA
(c) 110 VA (d) 100 VA.

143. A 100 KVA transformer has maximum efficiency of 98% when operating at half full
load. Its full load losses are:
(a) Cu = 2.04 kW and Iron loss = 0.51 kW
(b) Cu = 4.08 kW and Iron loss = 1.02 kW
(c) Cu = 3.0 kW and Iron loss = 0.75 kW
(d) None of the above.

144. A voltmeter gives 120 oscillations per minute when connected to the rotor. The stator
frequency is 50 Hz. The slip of the motor is:
(a) 2% (b) 4%
(c) 5% (d) 2.5%.

145. If the excitation of the synchronous generator fails, it acts as a:
(a) Synchronous motor (b) Synchronous generator
(c) Induction motor (d) Induction generator.

146. I and T are the line current and the torque respectively when DOL starter is used, these
quantities when Y/∆ starter is used, are:

(a) 
I T
3 3

, (b) I T

3 3
,

(c) I T

2 2
, (d) 

I T
2 4

,  .

147. A 100 KVA transformer has 4% impedance and 50 KVA transformer has 3% impedance.
When they are operated in parallel, which transformer will reach full load first.

www.EngineeringBooksPdf.com



D-8\N-SYSTEM1\OBJ-1.P65

�����	
��� ���	
��� ���

(a) 3% (b) 4%
(c) The data is insufficient to judge.

148. In EHV transmission lines, efficiency of transmission can be increased by decreasing
the corona loss. This is achieved by
(a) Increasing the distance between the line conductors
(b) Using bundled conductors
(c) Using thick conductors
(d) Using thin conductors.

149. An alternator having induced emf. of 1.6 p.u. is connected to an infinite bus of 1.0 p.u. If
the busbar has reactance of 0.6 p.u. and alternator has reactance of 0.2 p.u., the maximum
power that can be transferred is given by
(a) 8 p.u. (b) 2 p.u.
(c) 2.67 p.u. (d) 5.0 p.u.

150. If one phase of supply goes off in the case of 3-phase induction motor, the motor
(a) Comes to a stop
(b) Draws double the initial current and continues to run

(c) Draws 1/ 3  times the initial current and continues to run

(d) None of the above.

151. Induction generator works between the slip
(a) 1 < s < 2 (b) 0.1 < s < 1.0
(c) s < 0.0 (d) None of the above.

152. The motor which can be used on both a.c. and d.c. is
(a) Reluctance motor (b) Induction motor
(c) d.c. series motor (d) None of the above.

153. If transformer frequency is changed from 50 Hz to 60 Hz, the ratio of eddy current loss
50 Hz to 60 Hz at constant voltage is
(a) 5/6 (b) 25/36
(c) 6/5 (d) 1.0.

154. An alternator of 300 kW is driven by a prime mover of speed regulation 4% and another
alternator of 200 kW driven by a prime mover of speed regulations 3%, the total load
they can take is
(a) 500 kW (b) 567 kW
(c) 425 kW (d) 257 kW.

155. The minimum oil circuit breaker has less volume of oil because:
(a) There is insulation between contacts
(b) The oil between the breaker contacts has greater strength
(c) Solid insulation is provided for insulating the contacts from earth
(d) None of the above is true.
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156. Load flow study is carried out for
(a) Fault calculations (b) Stability studies
(c) System planning (d) Load frequency control.

157. Arcing on transmission lines is prevented by connecting a suitable
(a) Circuit breaker (b) Protective relay
(c) Inductor in the neutral (d) Capacitor in the neutral.

158. The in-rush current of a transformer at no load is maximum if the supply voltage is
switched on
(a) At zero voltage value (b) At peak voltage value

(c) At V/2 value (d) At 3 /2 V value.

159. If the loading of the line corresponds to the surge impedance loading the voltage at the
receiving end is
(a) Greater than sending end (b) Less than sending end
(c) Equal to the sending end (d) None of the above is necessary.

160. The voltages of a generator and an infinite bus are given as 0.92∠10° and 1.0∠0°
respectively. The generator acts as a
(a) Shunt coil (b) Shunt capacitor
(c) The data is insufficient to judge.

161. For a synchronous phase modifier the load angle is
(a) 0° (b) 25°
(c) 30° (d) None of the above.

162. The voltages of a generator and an infinite bus are given as 0.92∠10° and 1.0∠0°
respectively. The active power will flow from
(a) Generator to infinite bus (b) Infinite bus to generator
(c) The data is insufficient to judge.

163. If the penalty factor of a plant is unity, its incremental transmission loss is
(a) 1.0 (b) – 1.0
(c) Zero (d) None of the above.

164. In a two plant system, the load is connected at plant no. 2. The loss coefficients
(a) B11, B12, B22 are nonzero
(b) B11 and B22 are nonzero but B12 is zero
(c) B11 and B12 are nonzero but B22 is zero
(d) B11 is nonzero but B12 and B22 are zero.

165. The diagonal elements of a nodal admittance matrix are strengthened by adding
(a) Shunt inductances (b) Shunt capacitors
(c) Loads (d) Generators.
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166. The charging reactance of 50 km length of line is 1500 Ω. The charging reactance for 100
km length of line will be
(a) 1500 Ω (b) 3000 Ω
(c) 750 Ω (d) 600 Ω.

167. The eddy current loss in the core of a transformer is
(a) Inversely proportional to resistivity of the core material
(b) Directly proportional to resistivity of the core material
(c) Directly proportional to square of resistivity of the core material
(d) None of the above is true.

168. The normal practice to specify the making current of a circuit breaker is in terms of
(a) r.m.s value (b) Peak value
(c) Average value (d) Both r.m.s. and peak value.

169. A transmission line of 80 km length is operating at 400 Hz, it can be classified as
(a) Short length line (b) Medium length line
(c) Long length line (d) all of the above.

170. A transmission line of 210 km length has certain values of parameters A, B, C, D. If the
length is made 100 km thus the parameter
(a) A increase B decreases (b) A decreases B also decreases
(c) A and B both increase (d) A decreases B increases

171. In the above problem, the parameters
(a) C increases D decreases (b) C and D both decrease
(c) C and D both increase (d) C decreases D increases

172. When two transformers of different KVA ratings are connected in parallel they share
the load in proportion to their respective KVA rating only when their
(a) KVA ratings are identical (b) Efficiencies are equal
(c) pu impedances are equal (d) equivalent impedances are equal.

173. A salient pole synchronous motor is running at no load, its field current is switched off.
The motor will
(a) come to a stop
(b) continue to run at synchronous speed
(c) continue to run at a speed slightly less than synchronous speed
(d) none of these.

174. In a network the sum of currents entering a node is 5∠60°. The sum of the currents
leaving the node is
(a) 5 ∠60° (b) 5 ∠ – 60°
(c) 5 ∠240° (d) 15 A.
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175. In a synchronous machine, in case the axis of field flux is in line with the armature flux,
the machine is working
(a) as synchronous motor (b) as synchronous generator
(c) as floating machine (d) the m/c will not work.

176. An ideal voltage source is connected across a variable resistance. The variation of current
as a function of resistance is given by
(a) A straight line passing through the origin
(b) a rectangular hyperbola
(c) a parabola
(d) it could be anyone of the above.

177. Pure inductive circuit takes power (reactive) from the a.c. line when
(a) both applied voltage and current rise
(b) both applied voltage and current decrease
(c) applied voltage decreases but current increases
(d) (a) and (b).

178. The current in the primary of the given transformer is

200
100 V

10 �

(a) 10 A (b) 5 A

(c) 10/ 3 A (d) none of the above.

179. A synchronous machine has its field winding on the stator and armature winding on the
rotor. Under steady running condition, the air gap field
(a) rotates at synchronous speed w.r.t. stator
(b) rotates at synchronous speed in the direction of rotation of the rotor
(c) remains stationary w.r.t. stator
(d) remains stationary w.r.t. rotor.

180. For a given applied voltage to a transformer, if its magnetic core is replaced by a non-
magnetic core
The magnitude of magnetic flux produced by the primary winding

(a) remains same (b) decreases
(c) increases (d) all the above alternatives are possible.
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181. If a transformer is switched on to a voltage more than the rated voltage, for a certain
loading condition (lag p.f.)
(a) its p.f. will improve (b) its p.f. will deteriorate
(c) no efect on p.f. (d) it may or may not improve.

182. Three phase transformers which can not be connected in parallel are
(a) YY with ∆∆ (b) Y∆ with ∆Y
(c) YY with Y∆ (d) (b) and (c).

183. For certain geometry and operating voltage of the uncompensated transmission line the
ratio of power transfer capability to the surge impedance loading with increase in length
(a) increases (b) remains unchanged
(c) decreases (d) no fixed criterion.

184. If the normal system frequency is 50 Hz and if it is operating at 53 Hz, the equipment on
the system most adversely affected is
(a) Power transformer (b) Alternator
(c) Turbine (d) all the above are equally affected.

185. The operation of the relay which is most affected due to arc resistance is
(a) Mho relay (b) reactance relay
(c) Impedance relay (d) all are equally affected.

186. The relay which is most sensitive to power swings (maloperation) is
(a) Mho relay (b) reactance relay
(c) Impedance relay (d) all are equally affected.

187. A 100/5 A bar primary current transformer supplies an O/C relay set at 25% pick up and
it has a burden of 5 VA. The secondary voltage is
(a) 1 volt (b) 1.25 volt
(c) 2.5 volt (d) 4 volt.

188. A 100 : 5 current transformer has secondary winding and lead resistance of 0.2Ω and
the secondary burden is 5 VA. The VA output is
(a) 5 VA (b) 10 VA
(c) 7.5 VA (d) 2.5 VA.

189. The phase angle error of a current transformer can be reduced by connecting an element
across its secondary which is predominantly
(a) resistive (b) inductive
(c) capacitive (d) independent of the nature of element.

190. Auto reclosing is used in case of
(a) Lightning arrester (b) Air blast C.B.
(c) Bulk oil C.B. (d) Minimum oil C.B.

191. If the normal frequency is 50 Hz, the setting of the under-frequency relay for the most
important load could be
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(a) 49 Hz
(b) 48.5 Hz
(c) 47.5 Hz
(d) there is no grading for under frequency relays.

192. A distance relay is said to be inherently directional if its characteristic on R-X diagram
(a) is a straight line off-set from the origin
(b) is a circle that passes through the origin
(c) is a circle that encloses the origin
(d) always a separate directional relay is required.

193. The standard current ratings of an electromagnetic relay are
(a) 5 A and 15 A (b) 15 A and 20 A
(c) 1 A and 5 A (d) any one of the above.

194. Standard voltage ratings of the electromagnetic relay are
(a) 110 V, 63.5 (L-N) (b) 220 V 110 V
(c) 230 V 154 V (d) 400 V 231 V.

195. In order to quench the arc quickly and also optimise the dimensions generally
(a) oil C.B. is preferred (b) air blast C.B. is preferred
(c) SF6 C.B. is preferred (d) minimum oil C.B. is preferred.

196. The frequency of the carrier in the case of carrier current-pilot scheme is in the range of
(a) 1 KHz to 10 KHz (b) 15 KHz to 25 KHz
(c) 25 KHz to 50 KHz (d) 50 KHz to 500 KHz.

197. The unit protection scheme provides
(a) primary protection (b) Back up protection
(c) simultaneous protection (d) remote protection.

198. The X : R ratio for 220 KV line as compared to 400 KV line is
(a) greater (b) smaller
(c) equal (d) it could be anything.

199. If a line is 100% series compensated it may result into series resonance at
(a) power frequency (50 Hz) (b) 100 Hz
(c) 150 Hz (d) none of the above.

200. SSR phenomenon is
(a) purely electrical (b) purely mechanical
(c) purely hydraulic (d) (a) and (b).

201. The order of the subharmonic during SSR for 50 Hz normal frequency is

(a) 25 Hz (b) 16 
2
3

 Hz

(c) 10 Hz (d) none of the above.
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202. A transformer rated for 500 KVA 11 KV/0.4 KV has an impedance of 10% and is connected
to an infinite bus. The fault level of the transformer is
(a) 500 KVA (b) 5000 KVA

(c) 500 3  KVA (d) none of the above.

203. With the help of a reactive compensator it is possible to have
(a) constant voltage operation only
(b) unity p.f. operation only
(c) both constant voltage and unity p.f.
(d) either constant voltage or unity p.f.

204. Efficiency of a power transformer under no load condition is approximately
(a) 75% (b) 50%
(c) 25% (d) none of the above.

205. A 3-phase induction motor is drawing 5A when a single phasing takes place. The current
now drawn by the motor is

(a) 5 2 (b) 5 3
(c) 10 3 (d) none of the above.

206. When a d.c. source is switched in a purely inductive circuit the current response is
(a) an exponentially rising curve
(b) an exponentially decaying curve
(c) a straight line passing through the origin
(d) a straight line off-set from the origin.

207. The voltage and current in a circuit are given by
v = 10 sin (ωt – π/6)

i = 10 sin (ωt + π/6)

The power consumed is given as

(a) 100 watts (b) 50 watts
(c) 86.6 watts (d) 25 watts

208. In a large interconnected power system, consider three buses having short-circuit
capacities 1500 MVA (1), 1200 MVA (2) and 1000 MVA (3) respectively. The voltages of
all the buses are 1.0 p.u. If a 3-phase fault takes place on bus 2, the change in bus
voltage is described as
(a) ∆V1 > ∆V2 > ∆V3 (b) ∆V1 < ∆V3 < ∆V2

(c) ∆V1 > ∆V3 > ∆V2 (d) None of the above.

209. For a long uncompensated line the limit to the line loading is governed by
(a) Thermal limit (b) Voltage drop
(c) Stability limit (d) Corona loss.
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210. For a lossless line terminated by its surge impedance, the natural reactive power loading
is
(a) V 2/X (b) V 2/Z
(c) V 2/Zc (d) Zero.

211. A 60 Hz 320 km lossless line has sending end voltage 1.0 p.u. The receiving end voltage
on no load is
(a) 1.1 p.u. (b) 1.088 p.u.
(c) 1.116 p.u. (d) none of the above.

212. The impedance of a circuit is given by z = 3 + j4, its conductance is given by

(a) 
1
3

(b) 3/5

(c) 3/25 (d) 4/5.

213. With 100% series compensation of lines
(a) the circuit is series resonant at power frequency
(b) low transient voltage
(c) high transient current
(d) (a) and (c).

214. The effect of increasing gating angle in a thyristorised controlled reactor is
(a) to increase the effective inductance of the reactor
(b) to reduce the effective reactive power
(c) (a) and (b)
(d) none of the above.

215. The effect of increasing gating angle in a thyristorised controlled reactor is
(a) to decrease power loss in thyristor controller
(b) to decrease power loss in the reactor
(c) to make current wave form less sinusoidal
(d) all of the above.

216. The inertia constant H of a synchronous condenser is
(a) greater than that of hydro generator
(b) greater than that of turbo alternator
(c) equal to that of turbo alternator
(d) none of the above.

217. The effect of series capacitance compensation is
(a) to decrease the virtual surge impedance
(b) to decrease the effective length of the line
(c) to increase virtual surge impedance loading
(d) all of the above.
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218. For any fixed degree of series compensation additional capacitive shunt compensation
(a) increases the effective length of line
(b) increases virtual surge impedance of line
(c) decreases virtual surge impedance loading of the line
(d) (b) and (c).

219. For any fixed degree of inductive shunt compensation, additional series capacitive
compensation
(a) increases the effective length of line
(b) increases virtual surge impedance of line
(c) decreases virtual surge impedance loading of the line
(d) none of the above.

220. With 100% inductive shunt compensation the voltage profile is flat for
(a) 100% loading of line (b) 50% loading of line
(c) Zero loading of line (d) None of the above.

221. A loss less line terminated with its surge impedance has
(a) Flat voltage profile
(b) transmission line angle is greater that actual length of the line
(c) transmission line angle is less than the actual length
(d) (a) and (b).

222. The main consideration for higher and higher operating voltage of transmission is to
(a) increase efficiency of transmission (b) reduce power losses
(c) increase power transfer capability (d) (a) and (b).

223. A synchronous generator connected to an infinite bus delivers power at a log p.f. If its
excitation is increased
(a) the terminal voltage increases (b) voltage angle δ increases
(c) Current delivered increases (d) (b) and (c).

224. A synchronous motor connected to an infinite bus takes power at a lag p.f. If its excitation
is increased
(a) the terminal voltage increases (b) the load angle increases
(c) the p.f. of motor increases (d) (c) and (b).

225. In a pure LC parallel circuit under resonance condition, current drawn from the supply
mains is

(a) very large (b) V LC
(c) V/ LC (d) Zero.

226. The current at a given point in a certain circuit may be given a function of time as
i (t) = – 3 + t
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The total charge passing the point between t = 99 sec and t = 102 sec is
(a) 112 C (b) 242.5 C
(c) 292.5 C (d) 345.6 C.

227. An alternator has a phase sequence of RYB for its phase voltages. In case the field
current is reversed, the phase sequence will become
(a) RBY (b) RYB
(c) YRB (d) None of the above.

228. An alternator has a phase sequence of RYB for it phase voltage. In case the direction of
rotation of alternator is reversed, the phase sequence will become
(a) RBY (b) RYB
(c) YRB (d) None of the above.

229. In a circuit the voltage and current are given by v = (10 + j5) and i = (6 + j4). The circuit
is
(a) inductive (b) capacitive
(c) resistive (d) it could be any of the above.

230. The power in the circuit of problem 229 is
(a) 60 watts (b) 20 watts
(c) 80 watts (d) 70 watts.

231. The reactive power in the circuit of problem 229 is
(a) 70 VArs (b) 60 VArs
(c) 10 VArs (d)  – 10 VArs.

232. A synchronous generator is connected to an infinite bus bar and is initially operating at
a lag p.f. If the steam input to the alternator is increased
(a) The p.f. of the alternator improves (b) reactive power decreases
(c) the frequency increase (d) (a) and (b).

233. A synchronous alternator is connected to an infinite bus bar and is initially operating at
lead p.f. If the steam input is increased
(a) The p.f. increases (b) the current delivered increases
(c) the frequency increases (d) (a) and (c).

234. A 100 km transmission line is designed for a nominal voltage of 132 kV and consists of
one conductor per phase. The line reactance is 0.726 ohm/km. The static transmission
capacity of the line, in Megawatts, would be
(a) 132 (b) 240
(c) 416 (d) 720.

235. The per unit impedance of a circuit element is 0.15. If the base kV and base MVA are
halved, then the new value of the per unit impedance of the circuit element will be
(a) 0.075 (b) 0.15
(c) 0.30 (d) 0.600.
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236. If the effect of earth is taken into account, then the capacitance of line to ground
(a) decreases (b) increases
(c) remains unaltered (d) becomes infinite.

237. A single line to ground fault occurs on an unloaded generator in phase a. If xd = x2 = 0.25
p.u., x0 = 0.15 p.u., reactance connected in the neutral, xn = 0.05 p.u. and the initial
prefault voltage is 1.0 p.u., then the magnitude of the fault current will be
(a) 3.75 p.u. (b) 1.54 p.u.
(c) 1.43 p.u. (d) 1.25 p.u.

238. Principle of Equal-area Criterion is to be applied to determine, for a given initial load
P1, the maximum amount of sudden increase in load ∆P, to maintain transient stability
of a cylindrical rotor synchronous motor operating from an infinite bus. Applying this
criterion (in each case the area A1 = area A2). Which one of the following diagrams is
correct ?

P

P1

�1 �2 �3 �

A1
A2

P

P1

�1 �2 �3 �

A2A1

P

P1

�1 �2 �3 �

A2

A1

P

P1

�1 �2 �3 �

A1

A2

(a) (b)

(c) (d)

239. A thyrite type lightning arrestor
(a) blocks the surge voltage appearing in a line
(b) absorbs the surge voltage appearing in a line
(c) offers a low resistance path to the surge appearing in line

(d) returns the surge back to the source.
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240. A 66-kV system has string insulator having five discs and the earth to disc capacitance
ratio of 0.10. The string efficiency will be
(a) 89% (b) 75%
(c) 67% (d) 55%.

241. Which of the following statements regarding corona are true ?
1. It causes radio interference

2. It attenuates lightning surges

3. It amplifies switching surges

4. It causes power loss

5. It is more prevalent in the middle conductor of a transmission line employing a flat
conductor configuration. Select the correct answer using the codes given below:

(a) 1, 3 and 5 (b) 2, 3 and 4
(c) 1, 2, 4 and 5 (d) 2, 3, 4 and 5.

242. φ1m, φ2m = the fluxes produced by the two portions of the shaded pole,
θ = the angle between φ1m and φ2m

R = resistance of the disc

The torque produced in an induction relay would be proportional to which of the
following ?

1. φ1m and φ2m

2. 1/R

3. R

4. sin θ
Select the correct answer using the codes given below:

(a) 1, 2 and 4 (b) 1, 3 and 4
(c) 1 and 2 (d) 2 and 4.

243. Match list 1 with list 2 and select the correct answer using the codes given below the
lists:
List 1

A. Mho relay

B. Plain impedance relay

C. Directional relay

D. Angle impedance relay

List 2

X

R
O

1 X

R
O

2 X

R
O

3 X

R
O

4
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Codes:

(a) A B C D

4 3 2 1

(b) A B C D

4 1 2 3

(c) A B C D

3 2 1 4

(d) A B C D

3 2 4 1

244. For a Y-delta transformer with Y-side grounded, the zero sequence current
(a) has no path to ground

(b) exists in the lines on the delta side

(c) exists in the lines on the Y side

(d) exists in the lines on both Y and delta sides.

245. When there is a change in load in a power station having a number of generator units
operating in parallel, the system frequency is controlled by
(a) adjusting the steam input to the units

(b) adjusting the field-excitation of the generators

(c) changing the load divisions between the units

(d) injecting reactive power at the station bus bar.

246. A 2 KVA transformer has iron loss of 150 Watts and full-load copper loss of 250 Watts.
The maximum efficiency of the transformer would occur when the total loss is
(a) 500 W (b) 400 W
(c) 300 W (d) 275 W.

247. If the frequency of input voltage of a transformer is increased keeping the magnitude of
voltage unchanged, then
(a) both hysteresis loss and eddy current loss in the core will increase

(b) hysteresis loss will increase but eddy current loss will decrease

(c) hysteresis loss will decrease but eddy current loss will increase

(d) hysteresis loss will decrease but eddy current loss will remain unchanged.

248. For successful parallel operation of two single-phase transformers, the most essential
condition is that their
(a) percentage impedances are equal

(b) polarities are properly connected

(c) turns ratios are exactly equal

(d) KVA ratings are equal.
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249. The most appropriate operating speeds in rpm of generators used in Thermal, Nuclear
and Hydro-power plants would respectively be
(a) 3000, 300 and 1500 (b) 3000, 3000 and 300
(c) 1500, 1500 and 3000 (d) 1000, 900 and 750.

250. The operation of a nuclear reactor is controlled by controlling the multiplication-factor
(K), defined as

K = 
number of neutrons of any one Generation

number of neutrons of immediately preceding generation

The power-level of the reactor can be increased by

(a) raising the value of K above 1 and, keeping it at that raised value

(b) raising the value of K above 1, but later bringing it back to K = 1

(c) lowering the value of K below 1 and, keeping it at that lowered value

(d) lowering the value of K below 1, but later bringing it back to K = 1.

251. The inductance of single-phase two-wire power transmission line per kilometer gets
doubled when the
(a) distance between the wires is doubled

(b) distance between the wires is increased four fold.

(c) distance between the wires is increased as square of original distance

(d) radius of the wire is doubled.

252. The flow-duration curve at a given head of a hydro-electric plant is used to determine
the
(a) total power available at the site

(b) total units of energy available

(c) load-factor at the plant

(d) diversity-factor for the plant.

253. Match List I with List II and select the correct answer using the codes given below the
lists:
List I List II

A. Thyrite arrester 1. Tower location

B. Sag template 2. Cross bonding

C. Cable sheaths 3. Restriking voltage

D. Circuit breaker 4. Non-linear resistor.

Codes:

(a) A B C D

4 1 3 2

(b) A B C D

4 1 2 3
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(c) A B C D

1 4 3 2

(d) A B C D

4 3 1 2

254. The connection diagram of sequence networks for a particular fault on a power system
network is given in the figure. The type of the fault is
(a) single line to ground fault (b) double line to ground fault
(c) line to line fault (d) open circuit.

Zero
sequence
network

Positive
sequence
network

Negative
sequence
network

+

–

+

–

+

–
Va0

Ia0

Ia1

Ia2

Va1

Va2

255. The inertia constant of a 100 MVA, 11 kV water-wheel generator is 4. The energy stored
in the rotor at the synchronous speed is
(a) 400 MJ (b) 400 kJ
(c) 25 MJ (d) 25 kJ.

256. A large ac generator, supplying power to an infinite bus, has a sudden short-circuit
occuring at its terminals. Assuming the prime mover input and the voltage behind the
transient reactance to remain constant immediately after the fault, the acceleration of
the generator rotor is
(a) inversely proportional to the moment of inertia of the machine

(b) inversely proportional to the square of the voltage

(c) directly proportional to the square of the short-circuit current

(d) directly proportional to the short-circuit power.

257. Match List I (Devices) with List II (Application) and select the correct answer using the
codes given below the lists:
List I List II

A. Microprocessor 1. Monitoring surge voltage

B. Breather 2. Digital protection

C. Magnetic links 3. Monitoring surge current

D. Klydonograph 4. Power transformer
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Codes:
(a) A B C D

4 2 1 3

(b) A B C D

4 2 3 1

(c) A B C D

2 4 1 3

(d) A B C D

2 4 3 1

258. A lightning arrestor connected between the line and earth in a power system
(a) protects the terminal equipment against travelling surges

(b) protects the transmission line against lightning stroke

(c) suppresses high frequency oscillations in the line

(d) reflects back the travelling wave approaching it.

259. Corona loss can be reduced by the use of hollow conductor, because
(a) the current density is reduced

(b) the eddy-current in the conductor is eliminated

(c) for a given cross-section, the radius of the conductor is increased

(d) of better ventilation in the conductor.

260. The insulation of modern EHV lines is designed based on
(a) the lightning voltage (b) corona
(c) radio interference (d) switching voltage.

261. While using air-blast circuit breaker, current chopping is a phenomenon often observed
when
(a) a long overhead line is switched off

(b) a bank of capacitors is switched off

(c) a transformer on no-load is switched off

(d) a heavy load is switched off.

262. The most efficient torque-producing actuating structure for induction-type relay is
(a) shaded-pole structure (b) watt-hour-meter structure
(c) induction-cup structure (d) single-induction-loop structure.

263. A power system network with a capacity of 100 MVA has a source impedance of 10% at
a point. The fault level at that point is
(a) 10 MVA (b) 30 MVA
(c) 3000 MVA (d) 1000 MVA.

264. In a power station, the cost of generation of power reduces most effectively when
(a) diversity factor alone increases
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(b) both diversity factor and load factor increase

(c) load factor alone increases

(d) both diversity factor and load factor decrease.

265. In the optimum generator scheduling of different power plants, the minimum fuel cost
is obtained when
(a) only the incremental fuel cost of each plant is the same

(b) the penalty factor of each plant is the same

(c) the ratio of the incremental fuel cost to the penalty factor of each plant is the same

(d) the incremental fuel cost of each plant multiplied by its penalty factor is the same.

266. Shunt compensation in an EHV line is used to
(a) improve stability

(b) reduce fault level

(c) improve the voltage profile

(d) substitute for synchronous phase modifier.

267. A set of 3 equal resistors, each of value RX, connected in star across RYB in place of load
as shown in the given figure consumes the same power as the unbalanced delta connected
load. The value of RX is
(a) 33.33 Ω (b) 100 Ω
(c) 173.2 Ω (d) 300 Ω.

R

Y

B

100 �
j150 �

– j150 �

268. In a 400 kV power network, 360 kV is recorded at 400 kV bus. The reactive power
absorbed by a shunt reactor rated for 50 MVAR, 400 kV connected at the bus is
(a) 61.73 MVAR (b) 55.56 MVAR
(c) 45.0 MVAR (d) 40.5 MVAR.

269. Which one of the following statements is true ?
(a) Steady-state stability limit is greater than transient stability limit
(b) Steady-state stability limit is equal to transient stability limit
(c) Steady-state stability limit is less than the transient stability limit
(d) No generalisation can be made regarding the equality or otherwise of the steady-

state stability limit and transient stability limit.

270. Lightning arresters are used in power systems to protect electrical equipments against
(a) direct strokes of lightning
(b) power frequency overvoltages
(c) overvoltages due to indirect lightning stroke
(d) overcurrents due to lightning stroke.
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271. The voltages across the various discs of a string of suspension insulators having identi-
cal discs is different due to
(a) surface leakage currents (b) series capacitance
(c) shunt capacitances to ground (d) series and shunt capacitances.

272. Compared with a solid conductor of the same radius, corona appears on a stranded
conductor at a lower voltage, because stranding
(a) assists ionisation
(b) makes the current flow spirally about the axis of the conductor
(c) produces oblique sections to a plane perpendicular to the axis of the conductor
(d) produces surfaces of smaller radius.

273. The bus admittance matrix of the network shown in the given figure, for which the
marked parameters are per unit impedance, is

(a) 
0.3 −

−
�

�
�

�

�
�

−0 2
0 2 0 2

1.
. .

(b) 
0.3 0 2
0 2 0 2

.
. .
�

�
�

�

�
�

(c) 
0.3 −

−
�

�
�

�

�
�

0 2
0 2 0 2

.
. .

(d) 
15 −
−
�

�
�

�

�
�

5
5 5

 .

274. Buses for load flow studies are classified as (i) the load bus, (ii) the generator bus and
(iii) the slack bus
The correct combination of the pair of quantities specified having their usual meaning
for different buses is

Load bus Generator bus Slack bus
(a) P, |V| P, Q P, δ
(b) P, Q P, |V| |V|, δ
(c) |V|, Q P, δ P, Q
(d) P, δ Q, |V| Q, δ

275. A Bucholz relay is used for
(a) protection of a transformer against all internal faults

(b) protection of a transformer against all external faults

(c) protection of a transformer against both internal and external faults

(d) protection of induction motors.

276. The line trap unit employed in carrier current relaying
(a) offers high impedance to 50 Hz power frequency signals

(b) offers high impedance to carrier frequency signals

(c) offers low impedance to carrier frequency signals

(d) offers low impedance to carrier frequency signals.
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277. Match List I with List II and select the correct answer using the codes given below the
lists:
List I List II

(Equipment) (Function)

A. Circuit Breaker 1. Voltage control

B. Lightning Arrester 2. Power Control

C. Governor 3. Overvoltage protection

D. Exciter 4. Overcurrent protection.

Codes :
(a) A B C D

1 2 3 4

(b) A B C D

4 1 2 3

(c) A B C D

2 3 4 1

(d) A B C D

4 3 2 1

278. To prevent maloperation of differentially connected relay while energising a transformer,
the relay restraining coil is biased with
(a) second harmonic current (b) third harmonic current
(c) fifth harmonic current (d) seventh harmonic current.

279. The incremental fuel cost for two generating units are given by
IC1 = 25 + 0.2 PG1

IC2 = 32 + 0.2 PG2, where PG1 and PG2 are real power generated by the units.

The economic allocation for a total load of 250 MW, neglecting transmission loss is given
by
(a) PG1 = 140.25 MW, PG2 = 109.75 MW

(b) PG1 = 109.75 MW, PG2 = 140.25 MW

(c) PG1 = PG2 = 125 MW

(d) PG1 = 100 MW, PG2 = 150 MW.

280. The synchronisation coefficient between two area of a 2-area power system is (symbols
have usual meanings)

(a) 
∂
∂

P
V| |

(b) ∂
∂δ
P

(c) 
∂
∂
P
f

(d) 
∂
∂
P
Q

 .
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281. In a high voltage dc transmission scheme, reactive power is needed both for the rectifier
at the sending-end and, for the inverter at the reciving-end. During the operation of
such a dc link the rectifier receives
(a) lagging reactive power and the inverter supplies leading reactive power

(b) leading reactive power and the inverter supplies lagging reactive power

(c) lagging reactive power and the inverter supplies lagging reactive power

(d) leading reactive power and the inverter supplies leading reactive power.

282. Transmission lines are transposed to
(a) reduce copper loss

(b) reduce skin effect

(c) prevent interference with neighbouring telephone lines

(d) prevent short-circuit between any two lines.

283. A single-phase transmission line of impedance j 0.8 ohm supplies a resistive load of
500 A at 300 V. The sending-end power factor is
(a) unity (b) 0.8 lagging
(c) 0.8 leading (d) 0.6 lagging.

284. The impedance value of a generator is 0.2 pu on a base value of 11 KV, 50 MVA. The
impedance value for a base value of 22 KV, 150 MVA is
(a) 0.15 pu (b) 0.2 pu
(c) 0.3 pu (d) 2.4 pu.

285. For a transmission line with resistance, R, reactance X, and negligible capacitance, the
transmission constant A is
(a) 0 (b) 1
(c) R + jx (d) R + X.

286. Four identical alternators each rated for 20 MVA, 11 kV having a subtransient reac-
tance of 16% are working in parallel. The short- circuit level at the bus-bars is
(a) 500 MVA (b) 400 MVA
(c) 125 MVA (d) 80 MVA.

287. Consider the network shown in the following figure:
The bus numbers and impedances are marked

The bus impedance matrix of this network is

(a) 

1 2 3
1
2
3

10 0 0
0 2 0 0
0 0 5 0

.
.

.

�

�

�
�

�

�

�
�

(b) 

1 2 3
1
2
3

10 0 0
0 2 0 0
0 0 3 0

.
.

.

�

�

�
�

�

�

�
�

1 3
2

1.0 2.0

3.0

0
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(c) 

1 2 3
1
2
3

10 0 0 0 0
0 0 5 0 2 0
0 0 2 0 2 0

. . .

. . .

. . .

�

�

�
�

�

�

�
�

(d) 

1 2 3
1
2
3

10 0 0 0 0
0 0 2 0 2 0
0 0 2 0 5 0

. . .

. . .

. . .

�

�

�
�

�

�

�
�
 .

288. In a power system with negligible resistance, the fault current at a point is 8.00 pu. The
series reactance to be included at the fault point to limit the short-circuit current to 5.00
pu is
(a) 3.000 pu (b) 0.200 pu
(c) 0.125 pu (d) 0.075 pu.

289. The ‘equal area criterion’ for the determination of transient stability of a synchronous
machine connected to an infinite bus

(a) ignores line as well as synchronous machine resistances
(b) assumes accelerating power acting on the rotor as constant
(c) ignores the effect of voltage regulator and governor but considers the inherent damping

present in the machine
(d) takes into consideration the possibility of machine losing synchronisation after it has

survived during the first swing.

290. A voltage of 1000 kV is applied to an overhead line with its receiving-end open. If the
surge impedance of the line is 500 ohms, then the total surge power in the line is
(a) 2000 MW (b) 500 MW
(c) 2 MW (d) 0.5 MW.

291. A short transmission line, having its line-impedance angle as θ, is delivering a given
power at the receiving-end at a lagging power-factor angle of φ. Which one of the following
is a set of conditions for which this line will have maximum- and zero-regulation ?
Maximum Zero

Regulation Regulation

(a) φ = θ φ – θ = π/2

(b) φ – θ = π/2 φ = θ
(c) φ = θ φ + θ = π/2

(d) φ + θ = π/2 φ = θ.

292. Impulse ratios of insulators and lightning arresters should be
(a) both low (b) high and low respectively
(c) low and high respectively (d) both high.

293. Bundled conductors in EHV transmission system provide
(a) reduced capacitance (b) increased capacitance
(c) increased inductance (d) increased voltage gradient.

www.EngineeringBooksPdf.com



��� ��������	�
 ����
 �������

294. The charging current in a transmission line increases due to corona effect because co-
rona increases
(a) line current (b) effective line voltage
(c) power loss in lines (d) the effective conductor diameter.

295. For a 15-bus power system with 3 voltage controlled bus, the size of Jacobian matrix is
(a) 11 × 11 (b) 12 × 12
(c) 24 × 24 (d) 28 × 28.

296. If the fault current is 2 kA, the relay setting is 50% and the C.T. ratio is 400/5, then the
plug setting multiplier of a relay will be
(a) 5 (b) 7
(c) 8 (d) 10.

297. The bus-bars of each of the two alternators of 15% reactance each, are interconnected
through tie-bar reactors of 15% each. The equivalent impedance to fault current for a
3-phase fault in any alternator bus-bar will be
(a) 75% (b) 10%
(c) 11.25% (d) 15%.

298. A power plant has a maximum demand of 15 MW. The load factor is 50% and the plant
factor is 40%. The operating reserve is
(a) 3.0 MW (b) 3.75 MW
(c) 6.0 MW (d) 7.5 MW.

299. The incremental  cost characteristic of the two units in a plant are
IC1 = 0.1 P1 + 8.0 Rs./MWh

IC2 = 0.15 P2 + 3.0 Rs./MWh

When the total load is 100 MW, the optimum sharing of the load is

P1 P2

(a) 40 MW 60 MW

(b) 33.3 MW 66.7 MW

(c) 60 MW 40 MW

(d) 66.7 MW 33.3 MW.

300. The load curve of a system is shown in the figure. The load factor of the system is:
(a) 1.66%

(b) 6.013%

(c) 16.6%

(d) 60.13%.

301. Control rods used in nuclear reactors are made of
(a) zirconium (b) boron
(c) beryllium (d) lead.

Lo
ad

100

10

1000 8760
Hours
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302. Consider two parallel short transmission lines of impedances ZA and ZB respectively as
shown in the figure. Currents IA and IB are both lagging and the sending-end voltage is
Vs. If the reactance to resistance ratio of both impedances ZA abd ZB are equal, then the
total current ‘I’ will
(a) lag both IA and IB (b) lead both IA and IB

(c) lag one of IA and IB but lead the other (d) be in phase with both IA and IB.

ZBVS VRIB

ZA IA

II

303. In a 3-phase extra-high voltage cable, a metallic screen around each core-insulation is
provided to
(a) facilitate heat dissipation (b) give mechanical strength
(c) obtain radial electric stress (d) obtain longitudinal electric stress.

304. Galloping in transmission line conductors arises generally due to
(a) asymmetrical layers of ice formation
(b) vortex phenomenon in light winds
(c) heavy weight of the line conductors
(d) adoption of horizontal conductor configurations.

305. In a matrix form, the equation of a 4-terminal network representing a transmission line
is given by

V

I

A B

C D

V

I
s

s

R

R

�

�
�
�

�
� =
�

�
�

�

�
�
�

�
�
�

�
�

The two networks considered are

(A)

Z

Y

(B)

Z

Y
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The plausible transfer matrix for the networks (A) and (B) could be:

(i)
1
0

YZ
Z

�

�
�

�

�
� (ii)

Y
YZ

0
1

�

�
�

�

�
�

(iii)
1

1
Z

Y YZ+
�

�
�

�

�
� (iv)

1
1

+�
�
�

�

�
�

YZ Z
Y

 .

The correct combination for the two networks (A) and (B), would be:
(a) (i) and (ii) (b) (i) and (iii)
(c) (ii) and (iv) (d) (iii) and (iv).

306. The incremental generating costs of two generating units are given by
IC1 = 0.1X + 20 Rs./MWhr

IC2 = 0.15Y + 18 Rs./MWhr.

where X and Y are power (in MW) generated by the two units. For a total demand of 300
MW, the values (in MW) of X and Y will be respectively
(a) 172 and 128 (b) 128 and 172
(c) 175 and 125 (d) 200 and 100.

307. Consider the following statements:
To provide reliable protection for a distribution transformer against overvoltages using
lightning arresters, it is essential that the
1. lead resistance is high
2. distance between the transformer and the arrester is small
3. transformer and the arrester have a common inter-connecting ground
4. spark overvoltage of the arrester is greater than the residual voltage.

Of these statements
(a) 1, 3 and 4 are correct (b) 2 and 3 are correct
(c) 2, 3 and 4 are correct (d) 1 and 4 are correct.

308. The reflection coefficient of a short-circuited line for voltage is
(a) – 1 (b) + 1
(c) 0.5 (d) zero.

309. The propagation constant of a transmission line is:
0.15 × 10–3 + j1.5 × 10–3

The wavelength of the travelling wave is

(a) 
15 10

2

3× −

π
(b) 

2
15 10 3

π
× −

(c) 15 10 3× −

π
(d) 

π
15 10 3× −  .

310. Hollow conductors are used in transmission lines to
(a) reduce weight of copper (b) improve stability
(c) reduce corona (d) increase power transmission capacity.
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311. In the solution of load-flow equation, Newton-Raphon (NR) method is superior to the
Gauss-Seidal (GS) method, because the

(a) time taken to perform one iteration in the NR method is less when compared to the
time taken in the GS method

(b) number of iteration required in the NR method is more when compared to that in the
GS method

(c) number of iterations required is not independent of the size of the system in the NR
method

(d) convergence characteristic of the NR method are not affected by the selection of slack
bus.

312. A power system network consists of three elements 0-1, 1-2 and 2-0 of per unit impedances
0.2, 0.4 and 0.4 respectively. It’s bus impedance matrix is given by

(a) 

1 2
1
2

7 5 2 5
2 5 5 0
. .
. .

−
−
�
��

�
��

(b) 

1 2
1
2

0 16 0 08
0 08 0 24
. .
. .
�
��

�
��

(c) 

1 2
1
2

0 16 0 08
0 08 0 24
. .
. .

−
−
�
��

�
��

(d) 

1 2
1
2

0 6 0 4
0 4 0 8
. .
. .
�
��

�
��
 .

313. Zero sequence currents can flow from a line into a transformer bank if the windings are
in
(a) grounded star/delta (b) delta/star
(c) star/grounded star (d) delta/delta.

314. When a line-to-ground fault occurs, the current in a faulted phase is 100 A. The zero
sequence current in this case will be
(a) zero (b) 33.3 A
(c) 66.6 A (d) 100 A.

315. When a 50 MVA, 11 kV, 3-phase generator is subjected to a 3-phase fault, the fault
current is – j5 pu (per unit). When it is subjected to a line-to-line fault, the positive
sequence current is  – j4 pu. The positive and negative sequence reactances are
respectively
(a) j0.2 and j0.05 pu (b) j0.2 and j0.25 pu
(c) j0.25 and j0.25 pu (d) j0.05 and j0.05 pu.

316. The power generated by two plants are:
P1 = 50 MW, P2 = 40 MW. If the loss coefficients are B11 = 0.001, B22 = 0.0025

and B12 = – 0.0005, then the power loss will be
(a) 5.5 MW (b) 6.5 MW
(c) 4.5 MW (d) 8.5 MW.

317. The following data pertain to two alternators working in parallel and supplying a total
load of 80 MW:
Machine 1 : 40 MVA with 5% speed regulation
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Machine 2 : 60 MVA with 5% speed regulation

The load sharing between machines 1 and 2 will be:

(a) 
P P1 2

48 32MW MW
, (b) 40 MW, 40 MW

(c) 30 MW, 50 MW (d) 32 MW, 48 MW.

318. The per unit impedance of a synchronous machine is 0.242. If the base voltage is increased
by 1.1 times, the per unit value will be
(a) 0.266 (b) 0.242
(c) 0.220 (d) 0.200

319. The following figure shows the single line diagram of a power system with all reactances
marked in per unit (pu) on the same base:
The system is on no-load when a 3-phase fault occurs at ‘F’ on the high voltage side of
the transformer T2. The fault current will be

G M

Z = 0.1 puG� Z = 0.1 puM�

T1 T2

j 0.2 pu

T j 0.08 pu j 0.08 pu T1 2� �

F

(a) – j0.8187 pu (b) + j0.8187 pu
(c) – j8.1871 pu (d) + j8.1871 pu.

320. Rated breaking capacity (MVA) of a circuit breaker is equal to
(a) the product of rated breaking current (kA) and rated voltage (kV)
(b) the product of rated symmetrical breaking current (kA) and rated voltage (kV)
(c) the product of breaking current (kA) and fault voltage (kV)
(d) twice the value of rated current (kA) and rated voltage (kV).

321. If, in a short transmission line, resistance and inductive reactance are found to be equal
and regulation appears to be zero, then the load will
(a) have unity power factor (b) have zero power factor
(c) be 0.707 leading (d) be 0.707 lagging.

322. A hydel power plant of run-off-river type should be provided with a pondage so that the
(a) firm-capacity of the plant is increased
(b) operating head is controlled
(c) pressure inside the turbine casing remains constant
(d) kinetic energy of the running water is fully utilised.

323. If within an untransposed 3-phase circuit of a transmission line, the series impedance of
each of the conductor is considered, it is found to contain resistive terms of the form
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K loge 
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d

12

13

�
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��
, K being a constant and d12 and d13 etc., being spacings between the con-

ductors. These terms represent power transfer from one phase to another. The sum of
these term over the three phases is

(a) three times the average (b) 3  times the average

(c) one-third of the average (d) zero.

324. Match List I (Parameter) with List II (Effect) and select the correct answer using the
codes given below the Lists:

List I List II

A. Percent power lost in transmission 1. Decreases with system voltage

B. For a given current density 2. Reduces with line length
the conductor size

C. Power handling capacity of 3. Remains independent of
a line at a given voltage line length

D. Surge impedance of a 4. Increases with line length
transmission line

Code:

(a) A B C D

1 2 4 3

(b) A B C D

3 4 2 1

(c) A B C D

3 2 4 1

(d) A B C D

1 4 2 3

325. ‘‘Expanded ACSR’’ are conductor composed of
(a) larger diameter individual strands for a given cross-section of the aluminium strands
(b) larger diameter of the central steel strands for a given overall diameter of the conductor
(c) larger diameter of the aluminium strand only for a given overall diameter of the

conductor
(d) a filler between the inner steel and the outer aluminium strands to increase the

overall diameter of the conductor.

326. Which of the following are the advantages of interconnected operation of power systems ?
1. Less reserve capacity requirement
2. More reliability
3. High power factor
4. Reduction in short-circuit level.
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Select the correct answer using the codes given below:

Codes:

(a) 1 and 2 (b) 2 and 3
(c) 3 and 4 (d) 1 and 4.

327. Steady-state stability of a power system is improved by
(a) reducing fault clearing time
(b) using double circuit line instead of single circuit line
(c) single pole switching
(d) decreasing generator inertia.

328. Equal area criterion gives the information regarding
(a) stability region (b) absolute stability
(c) relative stability (d) swing curves.

329. With a number of generators of MVA capacities S1, S2, ......, Sn and inertia constants H1,
H2, ....., Hn respectively connected to the same bus bar in a station, the inertia constant
of the equivalent machine on a base of Sb is given by

(a) H Si i
i

n

=
∑

1

(b) 
S
S

Hb

i
i

i

n

.
=
∑

1

(c) 
S
S

Hi

b
i

i

n

.
=
∑

1

(d) 
S
S H

i

b ii

n

.
1

1=
∑  .

330. The critical clearing time of a fault in power systems is related to
(a) reactive power limit (b) short-circuit current limit
(c) steady-state stability limit (d) transient stability limit.

331. The use of fast acting relays and circuit breakers for clearing a sudden short-circuit on
a transmission link between a generator and receiving-end bus improves the transient
stability of the machine because

(a) short-circuit current becomes zero
(b) post-fault transfer impedance attains a value higher than that during the fault
(c) ordinate of the post-fault power-angle characteristic is higher than that of during-

fault characteristic
(d) voltage behind the transient reactance increases to a higher value.

332. Consider the following statements:
The transient stability of the power system under unbalanced fault conditions can be
effectively improved by
1. Excitation control
2. phase-shifting transformer
3. single-pole switching of ciruit breakers
4. increasing the turbine input.
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Of these statements
(a) 1 and 2 are correct (b) 2 and 3 are correct
(c) 3 and 4 are correct (d) 1 and 3 are correct.

333. The non-uniform distribution of voltage across the units in a string of suspension type
insulators is due to

(a) unequal self-capacitance of the units
(b) non-uniform distance of separation of the units from the tower body
(c) the existance of stray capacitance between the metallic junctions of the units and the

tower body
(d) non-uniform distance between the cross-arm and the units.

334. Whenever the conductors are dead-ended or there is a change in the direction of
transmission line, the insulators used are of the
(a) pin type (b) suspension type
(c) strain type (d) shackle type.

335. Consider the following statements:
In the case of suspension-type insulators, the string efficiency can be improved by
1. using a longer cross arm
2. using a guard ring
3. grading the insulator discs
4. reducing the cross-arm length.
Of these statements
(a) 1, 2 and 3 are correct (b) 2, 3 and 4 are correct
(c) 2 and 4 are correct (d) 1 and 3 are correct.

336. In a power system, each bus or node is associated with four quantities, namely
1. real power
2. reactive power
3. bus-voltage magnitude and
4. phase-angle of the bus voltage.
For load-flow solution, among these four, the number of quantities to be specified is
(a) any one (b) any two
(c) any three (d) all the four.

337. Match List I (Type of relay) with List II (For the protection of) and select the correct
answer using the codes given below in the Lists:

List I List II

A. Buchholtz relay 1. Feeder

B. Translay relay 2. Transformer

C. Negative sequence relay 3. Generator

D. Directional over current relay 4. Long Overhead line
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Codes:

(a) A B C D

1 2 3 4

(b) A B C D

2 1 3 4

(c) A B C D

2 1 4 3

(d) A B C D

1 4 2 3

338. A line trap in carrier current relaying tuned to carrier frequency presents
(a) high impedance to carrier frequency but low impedance to power frequency
(b) low impedance to both carrier and power frequency
(c) high impedance to both carrier and power frequency
(d) low impedance to carrier frequency but high impedance to power frequency.

339. The basic circuit of circulating current system of protection is shown in the figure. To
improve the through-fault stability, a stabilizing resistor is connected between the points

R

ES

S

EST

Relay

P

Q

ZONE

(a) R and P in series (b) P and S in series
(c) P and T in series (d) P and Q in parallel.

340. One current transformer (CT) is mounted over a 3-phase 3-core cable with its sheath
and armour removed from the portion covered by the CT. An ammeter placed in the CT
secondary would measure
(a) the positive sequence current (b) the negative sequence current
(c) the zero sequence current (d) three times the zero sequence.

341. In connection with the arc extinction in circuit breaker, resistance switching is employed
wherein a resistance is placed in parallel with the poles of the circuit breaker as shown
in figure. This process introduces damping in the LC circuit. For critical damping, the
value of ‘R’ should be equal to

C C

L

R

CB Fault
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(a) C
L

(b) 0.5 
C
L

(c) 0.5 
L
C

(d) 
1

2π
L
C

 .

342. Load frequency control is achieved by properly matching the individual machine’s
(a) reactive powers (b) generated voltages
(c) turbine inputs (d) turbine and generator ratings.

343. If a voltage-controlled bus is treated as load bus, then which one of the following limits
would be violated ?
(a) Voltage (b) Active power
(c) Reactive power (d) Phase angle.

344. The self-inductance of a long cylindrical conductor due to its internal flux linkages is k
H/m. If the diameter of the conductor is doubled, then the self-inductance of the conductor
due to its internal flux linkages would be
(a) 0.5 K H/m (b) K H/m
(c) 1.414 K H/m (d) 4 k H/m.

345. Two arrangements of conductors are proposed for a 3-phase transmission line: one with
equilateral spacing of 4 m and the other a flat with 4 m between the conductors as
shown in the given figure.

4 m 4 m

4 m

( )i ( )ii

4 m 4 m

The conductor diameter in each case is 2 cm. Assuming that the line is transposed in
both cases. Which one of the following statements would be true ?
(Cn = capacitance in F/m line to neutral

L = inductance in H/m per phase)

(a) Cn1 = Cn2 and L1 > L2 (b) Cn1 > Cn2 and L1 < L2

(c) Cn1 < Cn2 and L1 > L2 (d) Cn1 > Cn2 and L1 = L2.

346. For a given power delivered, if the working voltage of a distributor line is increased to n
times, the cross-sectional area A of the distributor line, would be reduced to

(a) 
1
n

 A (b) 
1
2n

 A

(c) 
1

2 2n
 A (d) 

1
2n

 A.

347. The following sequence currents were recorded in a power system under a fault condition:
Ipositive = j 1.653 p.u.

Inegative = – j 0.5 p.u.

     Izero = – j 1.153 p.u.
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The fault is
(a) line to ground (b) three-phase
(c) line to line to ground (d) line to line.

348. When bundle conductors are used in place of single conductors, the effective inductance
and capacitance will respectively
(a) increase and decrease (b) decrease and increase
(c) decrease and remain unaffected (d) remain unaffected and increase.

349. A balanced 3-phase, 3-wire supply feeds balanced star connected resistors. If one of the
resistors is disconnected, then the percentage reduction in load will be

(a) 33
1
3

(b) 50

(c) 66
2
3

(d) 75.

350. A long overhead transmission line is terminated by its characteristic impedance. Under
this operating condition, the ratio of the voltage to the current at different points along
the line will

(a) progressively increase from the sending-end to the receiving-end
(b) progressively increase from the receiving-end to the sending-end
(c) remain the same at the two ends, but is higher between the two end being maximum

at the centre of the line
(d) remain the same at all points.

351. For a transmission line with negligible losses, the lagging reactive power (VAR) delivered
at the receiving-end, for a given receiving-end voltage is directly proportional to the
(a) square of the line voltage drop (b) line voltage drop
(c) line inductive reactance (d) line capacitive reactance.

352. Earth wire on EHV overhead transmission line is provided to protect the line against
(a) lightning surge (b) switching surge
(c) excessive fault voltages (d) corona effect.

353. Which one of the following is characteristic of an offset MHO relay ?

X

R

X

R

X

R

X

R

(a) (b) (c) (d)

354. Consider the following statements about distance relays
1. The effect of an arc may cause the relay to underreach
2. The effect of an intermediate current source may cause relay to overreach
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3. The effect of an intermediate load may cause the relay to underreach

4. The presence of dc offset in the fault current may cause the relay to overreach.

Of these statements
(a) 2 and 3 are correct (b) 1 and 4 are correct
(c) 1, 2 and 3 are correct (d) 2, 3 and 4 are correct.

355. The inductance of a three-phase transmission line is 1.2 mH/phase/km. If the spacing of
conductors and the radius of the conductor are doubled, then the inductance of the line
will be
(a) 4.8 mH/phase/km (b) 1.2 mH/phase/km
(c) (1n 2) × 1.2 mH/phase/km (d) (1n 4) × 1.2 mH/phase/km.

356. A transmission line has 0.2 pu impedance on a base of 132 kV, 100 MVA. On a base of
220 kV, 50 MVA, it will have a pu impedance of

(a) 0.2 × 
50
100

220
132

2

× �
�	



��

(b) 0.2 × 
100
50

132
220

2

× �
�	



��

(c) 0.2 × 
50
100

132
220

2

× �
�	



�� (d) 0.2 × 

100
50

220
132

2

× �
�	



��  .

357. A three-phase transmission line of negligible resistance and capacitance has an inductive
reactance of 100 ohms per phase. When the sending-end and receiving-end voltages are
maintained at 110 kV, the maximum power that can be transmitted will be

(a) 121 MW (b) 121 3  MW
(c) 363 MW (d) 363 kW.

358. The per unit ‘‘regulation’’ of a short transmission line having a per-unit resistance voltage
drop vr and a per-unit reactance voltage drop of vx at rated current and, with power-
factor cos θ, is given by
(a) (vr + vx) cos θ (b) (vr + vx) sin θ
(c) vr cos θ + vx sin θ (d) vr sin θ + vx cos θ.

359. The surge impedance of a 100 km long underground cable is 50 ohms. The surge
impedance of a 40 km long similar cable would be
(a) 20 ohms (b) 50 ohms
(c) 80 ohms (d) 125 ohms.

360. A string insulator has 4 units. The voltage across the bottom-most unit is 33.33% of the
total voltage. Its string efficiency is
(a) 25% (b) 33.33%
(c) 66.7% (d) 75%.

361. The design of insulation for systems above 400 kV, is based upon
(a) lightning overvoltage (b) switching surges
(c) system voltage level (d) system load level.

www.EngineeringBooksPdf.com



��� ��������	�
 ����
 �������

362. Bundled conductors in EHV transmission systems provide
(a) increased line reactance (b) reduced line capacitance
(c) reduced voltage gradient (d) increased corona loss.

363. A power system is subjected to a fault which makes the zero sequence component of
current equal to zero. The nature of fault is
(a) double line to ground fault (b) double line fault
(c) line of ground fault (d) three-phase to ground fault.

364. For which of the following reasons is a differential relay biased to avoid maloperation
when used for transformer protection ?
1. Saturation of CTs.
2. Mismatch to CT ratios.
3. Difference in connection of both sides.
4. Current setting multiplier.
Select the correct answer using the codes given below:
(a) 1 and 4 (b) 1 and 2
(c) 2, 3 and 4 (d) 1, 2 and 3.

365. Protection scheme used for detection of loss of excitation of a very large generating unit
feeding power into a grid employs
(a) undervoltage relay (b) offset mho relay
(c) underfrequency relay (d) percentage differential relay.

366. Which one of the following is not true regarding HVDC transmission ?
(a) Corona loss is much more in HVDC transmission
(b) The power transmission capability of bipolar line is almost the same as that of single-

circuit ac line
(c) HVDC link can operate between two ac system whose frequencies need not be equal
(d) There is no distance limitation for HVDC transmission by underground cable.

367. The incremental cost characteristic of the two units in a plant are given by:
IC1 = Rs. (0.1 P1 + 0.8) per MWh
IC2 = Rs. (0.15 P2 + 3.0) per MWh
The optimum sharing of load when the total load is 100 MW is
(a) P1 = 60 MW and P2 = 40 MW (b) P1 = 33.3 MW and P2 = 66.7 MW
(c) P1 = 40 MW and P2 = 60 MW (d) P1 = 66.7 MW and P2 = 33.3 MW.

368. To increase the visual critical voltage of corona for an overhead line, one solid phase-
conductor is replaced by a ‘‘bundle’’ of four smaller conductors per phase, having an
aggregate cross-sectional area equal to that of the solid conductor. If the radius of the
solid conductor is 40 mm, then the radius of each of the bundle conductors would be
(a) 10 mm (b) 20 mm
(c) 28.2 mm (d) 30 mm.
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369. A single line to ground fault occurs on a three-phase isolated neutral system with a line
to neutral voltage of V kV. The potentials on the healthy phases rise to a value equal to

(a) 2  V kV (b) 3  V kV

(c) 3 V kV (d) 
1

3
 V kV.

370. In a string of suspension insulators, the voltage distribution across the different units of
a string could be made uniform by the use of a grading ring, because it
(a) forms capacitances with link-pins to cancel the charging current from link-pins
(b) forms capacitances which help to cancel the charging current from link-pins
(c) increases the capacitances of lower insulator units to cause equal voltage drop
(d) decreases the capacitances of upper insulator units to cause equal voltage drop.

371. The following lists relate to the relays and their characteristics for 3-zone protection.
Match List I with List II and select the correct answer

List I List II

(Relays) (Relay characteristics)

A. Impedance relay 1.  

X

R

Z1
Z2

Z3

B. Mho relay 2.  

X

R

C. Reactance relay 3.  

X

R
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4.   

X

R

A B C

(a) 1 2 3

A B C

(b) 1 4 2

A B C

(c) 3 2 1

A B C

(d) 4 3 1.

372. A generator is connected to an infinite bus through a double circuit transmission. The
fault occuring at the middle of one of the transmission lines is subsequently cleared by
opening the circuit breakers at both the ends of the line simultaneously. The transient
stability limit of the system is improved by
(a) decreasing the excitation of generator
(b) decreasing the fault-clearing time
(c) increasing the fault-clearing time
(d) increasing the transfer reactance between the generator and infinite bus.

373. The velocity of travelling wave through a cable of relative permittivity 9 is
(a) 9 × 108 m/s (b) 3 × 108 m/s
(c) 108 m/s (d) 2 × 108 ms.

374. The bus admittance matrix (Ybus) of a power system is not
(a) symmetric (b) a square matrix
(c) a full matrix
(d) generally having dominant diagonal elements.

375. If the fault current is 3000 A, for an I.D.M.T. relay with a plug setting of 50% and C.T.
ratio of 400/5, the plug setting multiplier would be
(a) 7.5 (b) 15.0
(c) 18.75 (d) 37.5.
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376. A wave-trap is used at the termination of a HVAC overhead line to a station switchyard
to
(a) prevent the transformer magnetising harmonics from reaching the overhead line
(b) damp the incoming surge waves from the overhead lines
(c) attenuate sub-harmonic oscillations
(d) provide for carrier communication.

377. The given figure shows the schematic diagram of a dc switch (oscillatory discharge type)
for interrupting current (Id) in H.V.D.C. lines, M, A and B are contactors; C, a capacitor;
L, an inductor and; R, a high value resistor.

M Id

A

B

C L

R

M and B are normally closed contacts, while A is normally open. For interruption of Id,
first B opens and A closes and immediately there-after contact M opens.
The current Id is interrupted when the resultant current through M

(a) is positive-maximum (b) is negative-maximum
(c) passes through zero (d) is without the oscillatory component.

378. A 3-phase overhead transmission line has its conductors horizontally spaced with spac-
ing between adjacent conductors equal to ‘d’. If, now, the conductors of the lines are
rearranged to form an equilateral triangle of sides equal to ‘d’, then the
(a) average capacitance as well as average inductance will increase
(b) average capacitance will decrease but the average inductance will increase
(c) average capacitance will increase but the average inductance will decrease
(d) surge impedance loading of the lines will increase.

379. A 50 Hz 3-phase transmission line of length 100 km has a capacitance of 0.03/π, µ F per
km. It is represented as a π model. The shunt admittance at each end of the transmis-
sion line will be
(a) 150 × 10–6 ∠90° mho (b) 100 × 10–6 ∠90° mho

(c) 50 × 10–6 ∠90° mho (d) 
10
150

6

 ∠90° mho.

380. The insulation resistance of a 20 km long underground cable is 8 mega ohm. Other
things being the same, the insulation resistance of a 10 km long cable will be
(a) 16 mega ohm (b) 32 mega ohm
(c) 4 mega ohm (d) 2 mega ohm.
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381. In an unbalanced 3-phase system, the currents are measured as
Ia = zero, Ib = 6 ∠60 and Ic = 6 ∠– 120°

The corresponding sequence components will be

Ia0
Ia1

Ia2

(a) Zero 3 – j 3 – 3 + j 3

(b) Zero – 3 + j 3 3 – j 3

(c) Zero – 9 + j3 3 9 – j3 3

(d) Zero 9 – j3 3 – 9 + j3 3 .

382. A 3-phase line having negligible resistance and 22 ohm inductive reactance per phase
operates with 110 kV sending-end voltage and 100 kV receiving-end voltage. The
maximum power that this line can transmit is

(a) 500 3  MW (b) 500 MW

(c) 1500 MW (d) 
500

3
 MW.

383. A voltage control bus is characterised by the specified
(a) real and reactive powers (b) real power and voltage phase angle
(c) real power and voltage magnitude (d) reactive power and voltage magnitude.

384. A system is said to be effectively grounded only if R0/X1 and X0/X1 are respectively (sym-
bols have the usual meanings)
(a) ≤ 1 and ≤ 3 (b) ≥ 1 and ≥ 3
(c) ≤ 2 and ≥ 2 (d) ≥ 2 and ≤ 2.

385. Match List I (Coils of a harmonic restrained percentage bias differential relay used for
power transformer protection) with List II (Currents flowing through the relay coil) and
select the correct answer using the codes given below the lists:

List I List II

A. Operating oil 1. Through current

B. Restraining coil 2. Differential current

C. Bias coil 3. Second harmonic current

Codes:
(a) A B C

1 3 2

(b) A B C

2 3 1

(c) A B C

3 2 1

(d) A B C

2 1 3
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386. A composite transmission and distribution network has lines working at different
voltages. Match List I (Voltage level used) with List II (Type of relays used for protection)
and select the correct answer using the codes given below the lists:

List I List II

A. 220 kV 1. Directional time lag overcurrent relays

B. 33 kV 2. Carrier current relays

C. 11 kV 3. Distance relays.

Codes:

(a) A B C

1 3 2

(b) A B C

3 2 1

(c) A B C

2 1 3

(d) A B C

2 3 1

387. Given that
Source voltage e = Em sin (ωt + α), applied at t = 0, short-circuit current

         i = 
E
Z

t Km Rt Lsin . ( ) /ω α φ ε+ − + −

where φ = tan–1 
ωL
R

 and K = constant.

A 3-phase short-circuit occurs at the terminals of an alternator having an effective

impedance of Z = R L2 2 2+ ω . If the oscillogram of a phase current shows the presence

of an exponentially decaying dc component and an ac component decaying to its steady-
state value, then the dc component will be zero when

(a) α = 
π
2

(b) α = 
π
2

 + φ

(c) α = 
π
2

 – φ (d) α = φ.

388. Consider the following statements:
A differential relay is used for a 3-phase transformer protection to avoid maloperation
due to
1. saturation of current transformer
2. mismatching of the current ratio for current transformers
3. difference in connections on both sides of power transformer
4. current setting multipliers
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Of these statements
(a) 1 and 4 are correct (b) 1 and 2 are correct
(c) 1, 2 and 3 are correct (d) 2, 3 and 4 are correct.

389. A dc reactor is connected in series with each pole of a converter station in order to
(a) prevent commutation failures in the inverter
(b) supply reactive power to the converter
(c) improve system stability
(d) increase the power transfer capability.

390. In a HVDC transmission, the equivalent circuit representing the operation of a bridge
rectifier is as shown in the given figure:
The symbols in the figure have the usual meanings. In this circuit, the voltage drop
3XId

π  represents a drop due to

(a) ohmic resistance of the thyristors
(b) ohmic resistance of the rectifier transformer
(c) commutation in the rectifier
(d) leakage reactance of the transformer.

V cos0 � Vd

Id
3 X
�

391. Which one of the following Vdc vs Idc characteristics of a HVDC link represents the one
that would provide stable steady-state operation ? (in the figures X = rectifier, Y = inverter).

(a)  

Idc

Vdc
X

Y

(b)  

Idc

Vdc

X

Y

(c)  

Idc

Vdc

X

Y
(d)  

Idc

Vdc

X Y
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392. The power transmission capability of bipolar lines is approximately
(a) half that of 3-phase single circuit line
(b) the same as that of 3-phase single circuit line
(c) twice that of 3-phase single circuit line
(d) thrice that of 3-phase single circuit line.

393. In which one of the following models of transmission lines, is the full charging current
assumed to flow over half the length of the line only ?
(a) Equivalent-π (b) Short line
(c) Nominal-π (d) Nominal-T.

394. If the receiving-end voltage and current are numerically equal to the corresponding
sending-end values, that is, |VS| = |VR| and |IS| = |IR|, then such a line is called
(a) an infinite line (b) a natural line
(c) a tuned line (d) a loss-less line.

395. The convergence characteristics of the Netwon-Rophson method for solving a load flow
problem is
(a) quadratic (b) linear
(c) geometric (d) cubic.

396. If |VS| = |VR| = 66 KV for three-phase transmission and reactance is 11 ohms/phase,
then the maximum power transmission per phase would be
(a) 132 MW (b) 396 MW
(c) 66 MW (d) None of the above.

397. For a two-machine system with losses, with the transfer-impedance being resistive, the
maximum value of the sending-end power P1max and the maximum receiving-end power
P2max will occur at power-angles (δ) in such a manner that
(a) both P1max and P2max occur at δ < 90°

(b) both P1max and P2max occur at δ > 90°

(c) P1max occur at δ > 90° and P2max at δ < 90°

(d) P1max occur at δ < 90° and P2max at δ > 90°.

398. Consider the following expression:
v = f1 (x – rt) + f2 (x + rt)

where f1 and f2 represent two travelling waves on a transmission line. In this case

(a) both waves travel in the positive direction of x
(b) both waves travel in the negative direction of x
(c) wave f2 travels in the positive direction of x but wave f1 travels in the negative direc-

tion of x
(d) wave f1 travels in the positive direction of x but wave f2 travels in the negative direc-

tion of x.

www.EngineeringBooksPdf.com



��� ��������	�
 ����
 �������

399. For reducing tower footing resistance, it is better to employ
(a) chemical and counterpoise (b) chemical and ground rods
(c) ground rods and counterpoise (d) chemical, ground rods and counterpoise.

400. A suspension type insulator has three units with self-capacitance C and ground  capaci-
tance of 0.2 C having a string efficiency of
(a) 78% (b) 80%
(c) 82% (d) 84%.

401. A bundled conductor line compared to a single conductor line (with same conductor
cross-sectional area and same mean distance between conductors) has

Self GMD Mutual GMD Per phase Inductance

(a) Lower Nearly same Higher

(b) Higher Lower Nearly same

(c) Higher Nearly same Lower

(d) Lower Higher Higher.

402. A thyrite lightning arrester has
(a) inverse resistance characteristics
(b) a gap
(c) efficient earthing
(d) a combination of inverse resistance characteristics and gap.

403. Differential protection of a generator makes use of the principle that, under normal
conditions, the current/currents
(a) at the neutral end of a phase winding is zero
(b) in each of the phase winding is identical
(c) at both ends of the phase winding are equal
(d) at the two ends of the phase winding are unequal.

404. The reactance relay is essentially
(a) an over-voltage realy with current restraint
(b) an over-voltage relay with directional restraint
(c) a directional relay with voltage restraint
(d) a directional relay with current restraint.

405. Severe over-voltages are produced during arcing faults in a power system with the neu-
tral
(a) isolated (b) solidly earthed
(c) earthed through a low resistance (d) earthed through an inductive coil.

406. In HVDC transmission system, rectifier firing angle alpha is kept near
(a) 0° (b) 15°
(c) 30° (d) 90°.
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407. A two-bus system is shown in the given figure. When 100 MW is transmitted from plant
1 to the load, the transmission loss is 10 MW. The incremental fuel costs of the two
plants are
dC
dP

1

1
 = 0.02 P1 + 16 and 

dC
dP

2

2
 = 0.04 P2 + 20

The optimum distribution of total load of 260 MW between the two plants when losses
are included but not coordinated is

P1

P1

Plant 1 Plant 2

Load

P1 P2

(a) 300 MW 50 MW
(b) 240 MW 20 MW
(c) 13 MW 130 MW
(d) 220 MW 60 MW.

408. The number of discs in a string of insulators for 400 KV ac overhead line lies in the
range of
(a) 32 to 33 (b) 22 to 23
(c) 15 to 16 (d) 9 to 10.

409. The inertia constant of a 100 MVA, 50 Hz, 4-pole generator is, 10 MJ/MVA. If the me-
chanical input to the machine is suddenly raised from 50 MW to 75 MW, the rotor accel-
eration will be equal to
(a) 225 electrical degree/s2 (b) 22.5 electrical degree/s2

(c) 125 electrical degree/s2 (d) 12.5 electrical degree/s2.

410. Insulation coordination for UHV lines (above 500 kV) is done based on
(a) lightning surges (b) lightning surges and switching surges
(c) switching surges (d) none of the above.

411. The number of discs in a string of insulators for 220 kV ac overhead transmission line
lies in the range of
(a) 22 to 25 (b) 20 to 21
(c) 15 to 16 (d) 9 to 10.

412. The insulation resistance of a single-core cable is 200 MΩ/km. The insulation resistance
for 5 km length is
(a) 40 MΩ (b) 1000 MΩ
(c) 200 MΩ (d) 8 MΩ.
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C

C

Line

C =�
1
8

C

413. The equivalent capacitor arrangement of two string insulator is
shown in the above figure. The maximum voltage that each unit
can withstand should not exceed 17.5 kV. The line-voltage of the
complete string is
(a) 17.5 kV (b) 33 kV
(c) 35 kV (d) 37.3 kV.

414. Consider the following statements :
1. By using bundle conductors in an overhead line, the corona loss is reduced.
2. By using bundle conductors, the inductance of transmission line increases and

capacitance reduces.
3. Corona loss causes interference in adjoining communication lines.
Which of these statements are correct ?
(a) 1 and 2 (b) 2 and 3
(c) 1 and 3 (d) 1, 2 and 3.

415. Which one of the following sequences of operations represents the rated operating duty
cycle of a circuit breaker ?

(O-open ; C-close ; t = 3 sec., T = 3 min)
(a) O–t–CO–T–CO (b) O–CO–t–CO–T–C
(c) O–C–t–OC–T (d) O–CO–T–CO–T–C.

416. Four alternators, each rated at 5 MVA, 11 kV with 20% reactance are working in paral-
lel. The short-circuit level at bus bars is
(a) 6.25 MVA (b) 20 MVA
(c) 25 MVA (d) 100 MVA.

417. The distribution system shown in the figure is to be protected by over current system of
protection. For proper fault discrimination, directional overcurrent relays will be required
at locations

33 kV
Supply

33 kV
Supply

1 2 3 4

5
Load

(a) 1 and 4 (b) 2 and 3
(c) 1, 4 and 5 (d) 2, 3 and 5.

418. If the fault current is 2 kA, the relay setting is 50% and the CT ratio is 400/5, then plug
setting multiplier will be
(a) 25 (b) 15
(c) 50 (d) 12.5.
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419. A three-phase 11/66 kV, delta/star transformer, protected by Merz-price scheme has CT
ratio of 400/5 on L.T side. Ratio of C.T. on H.T. side will be equal to
(a) 1 : 23 (b) 23 : 1

(c) 23 : 3 (d) 3  : 23.

420. If, for a given alternator in economic operation mode, the incremental cost is given by

(0.012P + 8) Rs./mwh, 
dP
dP

L  = 0.2 and plant λ = 25, then the power generation is

(a) 1000 MW (b) 1250 MW
(c) 750 MW (d) 1500 MW.

421. Two generators rated at 200 MW and 400 MW are operating in parallel. Both the gover-
nors have a drop of 4%, when the total load is 300 MW. They share the load as (suffix ‘1’
is used for generator 200 MW and suffix ‘2’ is used for generator 400 MW)
(a) P1 = 100 MW and P2 = 200 MW (b) P1 = 150 MW and P2 = 150 MW
(c) P1 = 200 MW and P2 = 100 MW (d) P1 = 200 MW and P2 = 400 MW.

422. The impedance per phase of 3-phase transmission line on a base of 100 MVA, 100 kV is
2 pu. The value of this impedance on a base of 400 MVA and 400 kV would be
(a) 1.5 pu (b) 1.0 pu
(c) 0.5 pu (d) 0.25 pu.

423. The values of A, B, C and D constants for a short transmission line are respectively
(a) Z, 0, 1 and 1 (b) 0, 1, 1 and 1
(c) 1, Z, 0 and 1 (d) 1, 1, Z and 0.

424. If a short transmission line is delivering to a lagging pf load, the sending-end pf would
be (notations have their usual meaning)

(a) 
V IR

V
R

S

cos φ φ+ sin
(b) 

V IR
V

R

S

cos φ +

(c) 
V IR

V
R

S

sin φ +
(d) 

V IR
V

R

S

sin φ φ+ cos
.

425. If the positive, negative and zero sequence reactances of an element of a power system
are 0.3, 0.3 and 0.8 respectively, then the element would be a
(a) synchronous generator (b) synchronous motor
(c) static load (d) transmission line.

426. An isolated synchronous generator with tansient reactance equal to 0.1 pu on a 100
MVA base is connected to the high voltage bus through a step up transformer of reac-
tance 0.1 pu on 100 MVA base. The fault level at the bus is
(a) 1000 MVA (b) 500 MVA
(c) 50 MVA (d) 80 MVA.

427. If a generator of 250 MVA rating has an inertia constant of 6 MJ/MVA, its inertia con-
stant on 100 MVA base is
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(a) 15 MJ/MVA (b) 10.5 MJ/MVA
(c) 6 MJ/MVA (d) 2.4 MJ/MVA.

428. An overhead line with surge impedance of 400 Ω is terminated through a resistance ‘R’.
A surge travelling over the line will not suffer any reflection at the junction, if the value
of R is
(a) 100 Ω (b) 200 Ω
(c) 400 Ω (d) 800 Ω.

429. An overhead line with a surge impedance of 400 Ω is connected to a transformer by a
short length of cable of surge impedance 100 Ω. If a rectangular surge wave of 40 kV
travels along the line towards the cable, then the voltage of the wave travelling from the
junction of the overhead line through the cable towards the transformer would be
(a) 16 kV (b) 32 kV
(c) 30 kV (d) 36 kV.

430. Disruptive corona begins in smooth cylindrical conductors in air at NTP if the electric
field intensity at the conductor surface goes up to
(a) 21.1 kV(rms)/cm (b) 21.1 kV(peak)/cm
(c) 21.1 kV(average)/cm (d) 21.1 kV(rms)/m.

431. In Merz Price percentage differential protection of a ∆ – Y transformer, the CT second-
aries connection in the primary and secondary windings of the transformer would be in
the form of
(a) ∆ – Y (b) Y – ∆
(c) ∆ – ∆ (d) Y – Y.

432. When there is interference in an overhead communication line running parallel and in
close proximity to an overhead power line, the voltage induced in the communication
line in the longitudinal and lateral directions by the power line are due to
(a) magnetic induction and electric induction respectively
(b) electric induction and magnetic induction respectively
(c) both magnetic induction and electric induction
(d) magnetic induction only.

433. In the case of a HVDC system, there is
(a) charging current but no skin effect (b) no charging current but skin effect
(c) neither charging current nor skin effect
(d) both charging current and skin effect.

434. Shunt compensation in an EHV line is used to improve
(a) stability and fault level (b) fault level and voltage profile
(c) voltage profile and stability (d) stability, fault level and voltage profile.

435. The cost function of a 50 MW generator is given by (Pi is the generator loading)
F(Pi) = 225 + 53 Pi + 0.02 Pi

2
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When 100% loading is applied, the incremental fuel cost (IFC) will be
(a) Rs. 55 per MWh (b) Rs. 55 per MW
(c) Rs. 33 per MWh (d) Rs. 33 per MW.

436. In terms of power generation and Bmn coefficients, the transmission loss for a two-plant
system is (Notations have their usual meaning)
(a) P1

2B11 + 2P1P2B12 + P2
2B22 (b) P1

2B11 – 2P1P2B12 + P2
2B22

(c) P2
2B11 + 2P1P2B12 + P1

2B22 (d) P1
2B11 + P1P2B12 + P2

2B22.

437. The ABCD constants of a 3-phase transmission line are
A = D = 0.8 ∠1° ; B = 170 ∠85° ; C = 0.002 ∠90.4° mho

The sending end voltage is 400 kV. The receiving end voltage under no load condition is
(a) 400 kV (b) 500 kV
(c) 320 kV (d) 417 kV.

438. In a short transmission line, voltage regulation is zero when the power factor angle of
the load at the receiving end side is equal to

(a) tan 1− �
��
�
��

X
R

(b) tan 1− �
��
�
��

R
X

(c) tan 1− �
��
�
��

X
Z

(d) tan 1− �
��
�
��

R
Z

 .

439. Consider the following statements :
Surge impedance loading of a transmission line can be increased by
1. increasing its voltage level.
2. addition of lumped inductance in parallel.
3. addition of lumped capacitance in series.
4. reducing the length of the line.
Of these statements
(a) 1 and 3 are correct (b) 1 and 4 are correct
(c) 2 and 4 are correct (d) 3 and 4 are correct.

440. The load currents in short circuit calculation are neglected because
1. Short circuit currents are much larger than load currents.
2. Short circuit currents are greatly out of phase with load currents.
Which of these statement(s) is/are correct ?
(a) Neither 1 nor 2 (b) 2 alone
(c) 1 alone (d) 1 and 2.

441. The surge impedance of a 3-phase, 400 kV transmission line is 400 Ω. The surge imped-
ance loading (SIL) is
(a) 400 MW (b) 100 MW
(c) 1600 MW (d) 200 MW.
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442. If a travelling-wave travelling along a loss-free overhead line does not result in any
reflection after it has reached the far end, then the far end of the line is
(a) open circuited (b) short circuited
(c) terminated into a resistance equal to surge impedance of the line
(d) terminated into a capacitor.

443. A travelling wave 400/1/50 means crest value of
(a) 400 V with rise time of 1/50 s
(b) 400 kV with rise time 1 s and fall time 50 s
(c) 400 kV with rise time 1 µs and fall time 50 µs
(d) 400 MV with rise time 1 µs and fall time 50 µs.

444. If a 500 MVA, 11 kV three-phase generator at 50 Hz feeds, through a transfer imped-
ance of (0.0 + J 0.605)Ω per phase, an infinite bus also at 11 kV ; then the maximum
steady state power transfer on the base of 500 MVA and 11 kV is
(a) 1.0 pu (b) 0.8 pu
(c) 0.5 pu (d) 0.4 pu.

445. Installation of capacitors at suitable locations and of optimum size in a distribution
system results in
1. improved voltage regulation.
2. reduction in distribution power losses.
3. reduction of kVA rating of distribution transformers.
Select the correct answer from the codes given below :
(a) 1 alone (b) 1 and 2
(c) 1, 2 and 3 (d) 3 alone

446. In a three unit insulator string, voltage across the lowest unit is 17.5 kV and string
efficiency is 84.28%. The total voltage across the string will be equal to
(a) 8.825 kV (b) 44.25 kV
(c) 88.25 kV (d) 442.5 kV.

447. Bundled conductors are used for EHV transmission lines primarily for reducing the
(a) corona loss (b) surge impedance of the line
(c) voltage drop across the line (d) I2R losses.

448. The good effect of corona on overhead lines is to
(a) increase the line carrying capacity due to conducting ionised air envelop around the

conductor
(b) increase the power factor due to corona loss
(c) reduce the radio interference from the conductor
(d) reduce the steepness of surge fronts.

449. The principal information obtained from load flow studies in a power system are
1. magnitude and phase angle of the voltage at each bus.
2. reactive and real power flows in each of lines.
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3. total power loss in the network.
4. transient stability limit of the system.
Select the correct answer from the codes given below :
(a) 1 and 2 (b) 3 and 4
(c) 1, 2 and 3 (d) 2 and 4.

450. If all the sequence voltages at the fault point in a power system are equal, then the fault
is a
(a) three-phase fault (b) line to ground fault
(c) line to line fault (d) double line to ground fault.

451. Reference bus

SecondaryPrimary
Z0

A three-phase transformer having zero-sequence impedance of Z0 has the zero-sequence
network as shown in the above figure. The connections of its windings are
(a) star-star (b) delta-delta
(c) star-delta (d) delta-star with neutral grounded.

452. Which one of the following relays has the capability of anticipating the possible major
fault in a transformer ?
(a) Overcurrent relay (b) Differential relay
(c) Buchholz relay (d) Overfluxing relay.

453. In a 220 kV system, the inductance and capacitance up to the circuit breaker location
are 25 mH and 0.025 µF respectively. The value of resistor required to be connected
across the breaker contacts which will give no transient oscillations, is
(a) 25 Ω (b) 250 Ω
(c) 500 Ω (d) 1000 Ω.

454. Match List I (Equipments) with List II (Applications) and select the correct answer
using the codes given below the lists :

List I List II
(Equipments) (Applications)

A. Metal oxide arrester 1. Protects generator against short
circuit faults

B. Isolator 2. Improves transient stability
C. Auto-reclosing C.B. 3. Allow C.B. maintenance.
D. Differential relay 4. Provides protection against surges
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Operating
zone

R

X Non-Operating
zone

Codes :
(a) A B C D (b) A B C D

4 3 2 1 3 4 1 2
(c) A B C D (d) A B C D

4 3 1 2 3 4 2 1

455. The operating characteristic of a distance relay in the
R-X plane is shown in the given figure. It represents
operating characteristic of a
(a) reactance relay
(b) directional impedance relay
(c) impedance relay
(d) mho relay.

456. The bus admittance matrix of a power system is given as

                        1 2 3
1
2
3

50 10 5
10 30 10
5 10 25

− + +
+ − +

+ + −

�

�

	
	
	




�

�
�
�

j j j
j j j

j j j

The impedance of line between bus 2 and 3 will be equal to
(a) + j 0.1 (b)  – j 0.1
(c) + j 0.2 (d) – j 0.2.

457. The component inductance due to the internal flux-linkage of a non-magnetic straight
solid circular conductor per meter length, has a constant value, and is independent of
the conductor-diameter, because

(a) All the internal flux due to a current remains concentrated on the peripheral region
of the conductor

(b) The internal magnetic flux-density along the radial distance from the centre of the
conductor increases proportionately to the current enclosed

(c) The entire current is assumed to flow along the conductor axis and the internal flux
is distributed uniformly and concentrically

(d) The current in the conductor is assumed to be uniformly distributed throughout the
conductor cross-section.

458. Match List-I with List-II and select the correct answer using the code given below the
Lists :

List-I List-II
A. Graetz Bridge Converter 1. EHV/UHV AC Transmission
B. Series Compensation 2. HVDC Transmission
C. Sag Templates 3. Insulators
D. Grading Ring 4. Tower Location
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0.2

0.2

1 2

Codes :
A B C D A B C D

(a) 2 1 3 4 (b) 1 2 4 3
(c) 2 1 4 3 (d) 1 2 3 4

459. A rectangular voltage wave is impressed on a loss-free overhead line, with the far end of
the line being short-circuited. On reaching the end of this line

(a) The current wave is reflected back with positive sign, but the voltage wave with nega-
tive sign

(b) The current wave is reflected back with negative sign, but the voltage wave with
positive sign

(c) Both the current and the voltage waves are reflected with positive sign
(d) Both the current and the voltage waves are reflected with negative sign.

460. Two insulator discs of identical capacitance value C make up a string for a 22 kV, 50 Hz,
single-phase overhead line insulation system. If the pin to earth capacitance is also C,
then the string efficiency is
(a) 50% (b) 75%
(c) 90% (d) 86%.

461. Which one of the following statements is not correct for the use of bundled conductors in
transmission lines ?
(a) Control of voltage gradient
(b) Reduction in corona loss
(c) Reduction in radio interference
(d) Increase in interference with communication lines.

462. In the network as shown here, the marked parameters are p.u. imped-
ances. The bus-admittance matrix of the network is

(a) 10 5
5 5

−
−
�
�	



��

(b) 5 5
5 10

−
−
�
�	



��

(c) −
−

�
�	



��

10 5
5 5

(d) −
−

�
�	



��

5 5
5 10

.

463. Consider the following statements with reference to protective relays :
1. The minimum relay coil current at which the relay operates is called pick-up value
2. The pick-up value of a relay is 7.5 A and fault current is 30 A. Therefore, its plug

setting multiplier is 5
3. An earth fault current is generally lesser than the short-circuit current
4. Induction relays are used with both a.c. and d.c. quantities.
Which of these statements are correct ?
(a) 1 and 2 (b) 2 and 3
(c) 1 and 3 (d) 1, 2 and 4.
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x p.u. Load

100 MVA, 33 kV

X = 20%�d

33 kV
33 kV

CB

Load

x

F (a-b-c)

464. Four identical 100 MVA, 33 kV
generators are operating in parallel, as
shown above, in two bus-bar sections,
interconnected through a current
limiting reactor of x p.u. reactance on the
generator-base. Each generator has a
reactance of 0.2 p.u.
The value of the reactor x to limit a
symmetrical short-circuit (a-b-c) current
through the circuit breaker to 1500 MVA is
(a) 0.05 p.u. (b) 0.10 p.u.
(c) 0.15 p.u. (d) 0.20 p.u.

465. The zero sequence current of a generator for line to ground fault is j 2.4 p.u. Then the
current through the neutral during the fault is
(a) j 2.4 p.u. (b) j 0.8 p.u.
(c) j 7.2 p.u. (d) j 0.24 p.u.

466. For a fixed receiving end and sending end voltages in a transmission system, what is the
locus of the constant power ?
(a) A straight line (b) An ellipse
(c) A parabola (d) A circle.

467. At slack bus, which one of the following combinations of variables is specified ?
(a) | V |, δ (b) P, Q
(c) P, | V | (d) Q, | V |.
(The symbols have their usual meaning)

468. Consider the following quantities :
1. Real power 2. Reactive power
3. Power factor 4. Input current
5. Bus voltage magnitude 6. Bus voltage phase-angle.
For the purpose of the load flow studies of a power system, each bus or node is associated
with which one of the combinations of the above four quantities ?
(a) 1, 3, 4 and 5 (b) 1, 2, 3 and 4
(c) 2, 3, 5 and 6 (d) 1, 2, 5 and 6.

469. Normally ZBUS matrix is a
(a) Null matrix (b) Sparse matrix
(c) Full matrix (d) Unity matrix.

470. If α = e
j

2
3
π

, and I = AIS where I is equal to phase current vector, and IS is equal to
symmetrical current vector, then which one of the following matrices is the symmetrical
components transformation matrix A ?
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(a) 
1 1 1
1
1

2

2
α α

α α

�

�
	
	




�
�
�

(b) 
1
1 1 1
1

2

2

α α

α α

�

�

	
	




�

�
�

(c) 
1 1 1
1
1

2

2
α α
α α

�

�
	
	




�
�
�

(d) 
1
1
1 1

2

2
α α
α α

α

�

�

	
	
	




�

�
�
�
.

471. Zpu
old is the per unit impedance on the power base SB

old and voltage base VB
old. What

would be the per unit impedance on the new power base SB
new and voltage base VB

new ?

(a) Zpu
new = Z

S

S

V

V
pu

old B
old

B
new

B
new

B
old

�

��
�

��

2

(b) Zpu
new = Z

S

S

V

V
pu

old B
new

B
old

B
old

B
new

�

��
�

��

2

(c) Zpu
new = Z

S
S

V
V

pu
old B

new

B
old

B
new

B
old

�

��
�

��
(d) Zpu

new = Z
S
S

V
V

pu
old B

old

B
new

B
new

B
old

�

��
�

��
.

472. Consider the following statements regarding the fault analysis :
1. The neutral grounding impedance Zn appears as 3Zn in zero sequence equivalent

circuit.
2. For faults on transmission lines, 3-phase fault is the least severe amongst other faults.
3. The positive and negative sequence networks are not affected by method of neutral

grounding.
Which of the statements given above are correct ?
(a) 2 and 3 (b) 1 and 2
(c) 1 and 3 (d) 1, 2 and 3.

473. If a sudden short circuit occurs on a power system (considered as R-L series circuit), the
current wave-form consists of
1. a decaying a.c. current.
2. a decaying d.c. current.
Let the alternator reactance be X and the power system resistance R. Which one of the
following is correct ?
(a) The decay in (1) is caused by the increase in X but in (2) is caused by R
(b) The decay in (1) is caused by R but in (2) is caused by increase in X
(c) The decay in both (1) and (2) is caused by R
(d) The decay in both (1) and (2) is caused by the increase in X.

474. Match List I (Types of Relays) with List II (Types of Protection) and select the correct
answer using the codes given below the lists :

List I List II

(Types of Relyas) (Types of Protection)
A. Directional relay 1. Relay operates for fault within certain

distance of its location
B. Impedance relay 2. Relay will trip for fault in one location and

block for all other locations
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C. Differential relay 3. High speed protection for entire transmis-
sion line

D. Pilot relay 4. The principle of current continuity is used
to devise a simple and effective relaying
system over a small physical space.

Codes :
A B C D A B C D

(a) 1 2 4 3 (b) 2 1 3 4
(c) 2 1 4 3 (d) 1 2 3 4

475. The zero squence reactances (in p.u.) are indicated in the network shown in the figure.
The zero sequence driving-point reactance of node 3 will be

(a) 0.05 (b) 0.1
(c) 0.2 (d) 0.3.

476. The A, B, C constants of a nominal T-circuit are given as
A = .95 ∠0.5° ; B = 85 ∠70° ohm ; C = 0.0005 ∠90° ohm

If the two terminal voltages are held constant at 66 kV, then the steady-state stability
limit of the line will be
(a) 0.3312 MW (b) 3.312 MW
(c) 33.12 MW (d) 331.2 MW.

477. A feeder with reactance of 0.2 p.u. has a sending-end voltage of 1.2 p.u. If the reactive
power supplied at the receiving end of the feeder is 0.3 p.u., the approximate voltage
drop in the feeder will be
(a) 0.042 p.u. (b) 0.052 p.u.
(c) 0.060 p.u. (d) 0.070 p.u.

478. Which one of the following matrices reveals the topology of the power system network ?
(a) Bus incidence matrix (b) Primitive impedance matrix
(c) Primitive admittance matrix (d) Bus impedance matrix.

479. The equivalent Thevenins bus admittance matrix of a two-bus system with identical

generators on both buses is − +
+ −
�
�	



��

j j
j j
30 10
10 30

The generator reactance and interconnecting line reactance will be respectively
(a) j0.05 and j0.1 (b)  – j0.05 and j0.1
(c) – j0.05 and – j0.1 (d) j0.1 and j0.05.
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480. A fault occurring on an end-supplied transmission line is more severe from the point of
view of RRRV if it is a
(a) long line fault (b) short line fault
(c) medium line fault (d) generator fault.

481. The insulation strength of EHV lines is mainly governed by
(a) switching overvoltages (b) lightning overvoltages
(c) power frequency overvoltages (d) dynamic overvoltages.

482. The coefficient of reflection for current of an open-ended line is
(a) – 1 (b) 1
(c) 0.5 (d) zero.

483. A relay most likely to operate undesirably on power swings is the
(a) over-current relay (b) inverse definite minimum time relay
(c) mho relay (d) reactance relay.

484. Which of the following reasons make HRC fuses preferable in power circuits ?
1. They have inverse time characteristics.
2. They are consistent in performance.
3. They can be selected for proper discrimination.
Select the correct answer by using the codes given below :
Codes :
(a) 1 and 2 (b) 2 and 3
(c) 1 and 3 (d) 1, 2 and 3.

485. Consider the following statements about the utility of delta-connected tertiary wind-
ings in star-star connected power transformer :
1. It makes supply available for small loads.
2. It provides low reactance paths for zero sequence currents.
3. It is used to suppress harmonic voltages.
4. It is used to allow flow of earth fault current for operation of protective relays.
Which of these statements are correct ?
(a) 1 and 2 (b) 2, 3 and 4
(c) 1, 3 and 4 (d) 1, 2, 3 and 4.

486. A 3-phase transmission line conductors were arranged in horizontal spacing, with ‘d’ as
the distance between adjacent conductors. If these conductors are rearranged to form
an equilateral triangle with sides equal ‘d’, then the

(a) capacitance and the inductance will increase
(b) capacitance will increase and the inductance will decrease
(c) capacitance and the inductance will remain the same
(d) capacitance will decrease and the inductance will increase.
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40 A
u.p.f.

487. The inductance per unit length of an overhead line due to internal flux linkages
(a) depends on the size of the conductor
(b) is independent of the size of conductor and constant
(c) depends on the current through the conductor
(d) depends on distance between conductors.

488. A single-phase ac distributor supplies two
single-phase loads as shown in the given
figure. The voltage drop from A to C is
(a) 4.5 + j 30 V
(b) 30 + j 4.5 V
(c) 4.5  – j 30 V
(d) j 30 V.

489. A synchronous generator with a synchronous reactance of 1.3 pu is connected to an
infinite bus whose voltage is 1 pu, through an equivalent reactance of 0.2 pu. For maxi-
mum output of 1.2 pu, the alternator emf must be
(a) 1.5 pu (b) 1.56 pu
(c) 1.8 pu (d) 2.5 pu.

490. Consider the following statements :
Transient stability of a synchronous generator feeding power to an infinite bus through
a transmission line can be increased by
1. increasing the steam supply to the turbine driving the generator during fault clearing.
2. connecting resistors at the generator terminals during fault condition.
3. employing a faster excitation system.
4. quickly throwing off the generator load.
Which of these statements are correct ?
(a) 2 and 3 (b) 3 and 4
(c) 1 and 2 (d) 2 and 4.

491. An overhead transmission line having surge impedance ‘Z1’ is terminated to an under-
ground cable of surge impedance ‘Z2’. The reflection coefficient for the travelling wave
at the junction of the line and cable is

(a) 
Z Z
Z Z

1 2

1 2

+
−

(b) 
Z

Z Z
2

1 2+

(c) 
Z Z
Z Z

2 1

1 2

−
+

(d) 
Z Z
Z Z

1 2

1 2

−
+

.

492. Ring main distribution is preferred to a radial system because
(a) voltage drop in the feeder is less and supply is more reliable
(b) voltage drop in the feeder is less and power factor is high
(c) power factor is high and supply is more reliable
(d) power factor is high and system is less expensive.
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493. If the fault current is 3000 A for a relay with a plug setting of 50% and CT ratio of
1000 : 1, the plug setting multiplier would be
(a) 1.5 (b) 3
(c) 4.5 (d) 6.

494. Match List I (Protective schemes) with List II (Equipment) and select the correct an-
swer using the codes given the Lists :
List I List II
A. Mho relays 1. Generators
B. Inverse time overcurrent relays 2. Transmission lines
C. Differential relays 3. Motors
Code :

A B C A B C

(a) 2 1 3 (b) 2 3 1
(c) 3 2 1 (d) 1 3 2

495. In terms of plant powers Pn and Pm and loss coefficients Bmn the total transmission loss
‘PL’ is

(a) 
m

N

mn n
n

N

B P
= =

∑ ∑
1 1

(b) 
m

N

m mn
n

N

P B
= =

∑ ∑
1 1

(c) 
m

N

m mn n
n

N

P B P
= =

∑ ∑
1 1

(d) 
m

N

m mn
n

N

P B
= =

∑ ∑
1 1

2 .

496. The given figure shows electric power input Pe
to a lossless synchronous motor as a function
of torque angle δ. The load is suddenly increased
from P0 to Ps and the motor oscillates around
δs between δ0 and δm.
Consider the following statements derived from
the figure regarding the relationship between
the motor speed ω and its synchronous speed
ωs at different points in the oscillating cycle :
I. At point 1, ω = ωs.

II. At point 2, while oscillating from 1 towards
3, ω < ωs.

III. At point 3, ω < ωs.
IV. At point 2, while oscillating from 3 towards 1, ω > ωs.
Which of these statement (s) is/are correct ?
(a) II and IV (b) I, II and IV
(c) I and III (d) III alone.
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497. The reactance of a generator designated X″ is given as 0.25 pu based on the generator’s
name plate rating of 18 kV, 500 MVA. If the base for calculations is changed to 20 kV,
100 MVA, the generator reactance X″ on new base will be
(a) 1.025 pu (b) 0.05 pu
(c) 0.0405 pu (d) 0.25 pu.

498. Consider the following statements:
The calculations performed using short-line approximate model instead of nomial-π model
for a medium length transmission line delivering lagging load at a given receiving-end
voltage always result in higher.
1. sending-end current. 2. sending-end power.
3. regulation. 4. Efficiency.
Which of these statements are correct ?
(a) 1 and 2 (b) 3 and 4
(c) 1, 2 and 3 (d) 1, 2 and 4.

499. The severity of line to ground and three-phase faults at the terminals of an unloaded
synchronous generator is to be same. If the terminal voltage is 1.0 pu, Z1 = Z2 = j0.1 pu
and Z0 = j0.05 pu for the alternator, then the required inductive reactance for neutral
grounding is
(a) 0.0166 pu (b) 0.05 pu
(c) 0.1 pu (d) 0.15 pu.

500. A short length of cable is connected between dead-end tower and sub-station at the end
of a transmission line. Which of the following will decrease, when voltage wave is enter-
ing from overhead line to cable ?
1. Velocity of propagation of voltage wave.
2. Steepness of voltage wave.
3. Magnitude of voltage wave.
Select the correct answer using the codes given below:
Codes :
(a) 1 and 2 (b) 2 and 3
(c) 3 and 1 (d) 1, 2 and 3.

501. A single line diagram of a power system is shown in the given
figure. A diagonal elements of the YBUS matrix is
(a) j 0.7 pu, j 0.75 pu, j 0.45 pu
(b)  – j 0.7 pu., – 0.75 pu., – j 0.45 pu
(c) – j 7.0 pu, – j 6.0 pu, – j 9.0 pu
(d) j 7.0 pu, – j 6.0 pu, – j 9.0 pu.

502. In load-flow analysis, the load at a bus is represented as
(a) a constant current drawn from the bus
(b) a constant impedance connected at the bus
(c) constant real and reactive powers drawn from the bus
(d) a voltage-dependent impedance at the bus.
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503. Match List-I (Relay) with List-II (Equipment) and select the correct answer using the
codes given below the Lists:

List-I List-II
A. Mho Relay 1. Bus bar
B. Negative Sequence Relay 2. Motor
C. Thermal Relay 3. Generator

4. Transmission line
Codes :

A B C A B C
(a) 1 3 2 (b) 2 4 1
(c) 4 2 3 (d) 4 3 2

504. Shunt resistor is connected across the contacts of a circuit-breaker in order to
(a) damp out the restriking transient (b) bypass the arc current
(c) limit the short-circuit current
(d) reduce the damage to the contacts due to arcing.

505. Maloperation of differential protection of transformers due to magnetizing inrush cur-
rent is prevented by

(a) setting the current of the relay higher than the maximum value of inrush current
(b) keeping the time-setting long enough for the inrush current to fall to a value below

the primary operating current of the relay
(c) bypassing the inrush current from the operating coil of the relay
(d) filtering the second harmonic content of the inrush current flowing through the oper-

ating coil and passing through the restraining coil.

506. Incremental fuel costs in Rs/MWh for a plant consisting of two units are given by

dF
dP

1

1
 = 0.4P1 + 400 and 

dF
dP

2

2
 = 0.48P2 + 320.

The allocation of loads P1 and P2 between the units 1 and 2, respectively, for minimum
cost of generation for a total load of 900 MW is
(a) 200 MW and 700 MW (b) 300 MW and 600 MW
(c) 400 MW and 500 MW (d) 500 MW and 400 MW.

507. For a given base voltage and base volt amperes, the per unit impedance value of an
element is x. The per unit impedance value of this element when the voltage and volt
amperes bases are both doubled will be
(a) 0.5x (b) x
(c) 2x (d) 4x.

508. Consider the following statements with respect to an interconnected power system :
1. Frequency will be same at all buses in the system.
2. Voltages can be different at different buses.
3. Both frequency and voltage can be different at different buses.
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Which of these statements are correct ?
(a) 1, 2 and 3 (b) 1 and 3
(c) 1 and 2 (d) 2 and 3.

509. Consider the following statements :
Overhead transmission lines are provided with earth wires
1. to protect the transmission line from direct lightning strike.
2. to protect the transmission line insulation from the indirect lightning strike.
3. to balance the line currents.
4. to provide path for neutral current.
Which of these statements is/are correct ?
(a) 1 and 3 (b) 1 and 4
(c) 1 only (d) 2 only.

510. In Gauss-Seidel method of power flow problem, the number of iterations may be re-
duced if the correction in voltage at each bus is multiplied by
(a) Gauss constant (b) Acceleration constant
(c) Deceleration constant (d) Blocking factor.

511. Consider the following statements :
1. It is easier to construct the YBUS matrix as compared to ZBUS.
2. ZBUS is a full matrix while YBUS is sparse.
3. YBUS can be easily modified whenever the network changes as compared to the ZBUS.
Which of these statements are correct ?
(a) 1 and 2 (b) 2 and 3
(c) 1 and 3 (d) 1, 2 and 3.

512. Match List-I (Power system components) with List-II (Relaying schemes) and select the
correct answer using the codes given below the Lists :

List-I List-II
(Power system components) (Relaying schemes)

A. Power Transformer 1. Differential relaying
B. Transmission Lines 2. Distance relaying
C. Alternator
Codes :

A B C A B C
(a) 1 1 2 (b) 2 1 1
(c) 1 2 1 (d) 2 1 2

513. Steady state operating condition of a power system indicates
(a) a situation when the connected load is absolutely constant
(b) a situation when the generated power is absolutely constant
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(c) a situation when both connected load and generated power are equal to each other
and remain constant

(d) an equilibrium state around which small fluctuations in power, both in generation
and load, occur all the time.

514. Match List-I (Insulation Type) with List-II (Purpose or Configuration) and select the
correct answer using the codes given below the lists :

List-I List-II
(Insulation Type) (Purpose or Configuration)

A. Pin type 1. Low voltage distribution lines
B. Suspension type 2. String of insulators in horizontal position
C. Strain type 3. String of insulators in vertical position
D. Shackle type 4. For voltage upto 33 kV
Codes :

A B C D A B C D

(a) 4 2 3 1 (b) 1 3 2 4
(c) 4 3 2 1 (d) 1 2 3 4

515. Match List-I (Bus Types) with List-II (Pairs of variables) and select the correct answer
using the codes given below the lists :

List-I List-II
(Bus Types) (Pairs of variables)

A. Load bus 1. P and V
B. Generator bus 2. P and Q
C. Slack bus 3. V and δ
Codes :

A B C A B C
(a) 1 2 3 (b) 2 3 1
(c) 1 3 2 (d) 2 1 3

516. Match List-I (Relays) with List-II (Protection) and select the correct answer using the
codes given below the lists :

List-I List-II

(Relays) (Protection)
A. Buchholz relay 1. Feeder
B. Translay relay 2. Transformer
C. Carrier current phase comparison relay3. Ring main distributor
D. Directional over current relay 4. Long overhead transmission line.
Codes :

A B C D A B C D
(a) 2 3 4 1 (b) 4 1 2 3
(c) 2 1 4 3 (d) 4 3 2 1
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517. A three-phase 50 Hz transmission line has a capacitance of line to neutral Cn = 0.01 µF/km.
The voltage of the line is 100 kV. The charging current per kilometre of line is

(a) 
314

3
A/km (b) 

314

3
A/km

× 103

(c) 3
314

A/km
× 103

(d) 3  × 103 A/km.

518. A string insulator has 5 units. The voltage across the bottom-most unit is 25% of the
total voltage. The string efficiency is
(a) 25% (b) 50%
(c) 80% (d) 75%.

519. In load flow studies of a power system, a voltage control bus is specified by
(a) Real power and reactive power (b) Real power and voltage magnitude
(c) Voltage and voltage phase angle (d) Reactive power and voltage magnitude.

520. The power angle characteristic of machine-infinite bus system is
Pc = 2 sin δ pu
It is operating at δ = 30°. Which one of the following is the synchronising power coefficient
at the operating point ?

(a) 1.0 (b) 3

(c) 2.0 (d) 
1

3
.

521. Which methods can be used for the measurement of three phase power for an unbal-
anced load ?
1. Three voltmeters 2. Two voltmeters and one ammeter
3. Two wattmeters 4. One wattmeter
Select the correct answer using the codes given below :
Codes :
(a) 1 only (b) 3 only
(c) 1 and 3 (d) Any one of 1, 2, 3 or 4.

522. Possible faults that may occur on a transmission line are
1. 3-phase fault 2. L-L-G fault
3. L-L fault 4. L-G fault.
The decreasing order of severity of the fault from the stability point of view is :
(a) 1-2-3-4 (b) 1-4-3-2
(c) 1-3-2-4 (d) 1-3-4-2.

523. Match List I (Protection Scheme) with List II (Type of Fault) and select the correct an-
swer using the codes given below the lists :
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List I List II

(Protection Scheme) (Type of Fault)
A. Differential protection 1. Phase to phase, and phase to ground
B. Buchholz protection 2. Phase to ground
C. Earth fault protection 3. Short circuit
D. Thermal protection 4. Inter-turn

5.  Over loading
Codes :

A B C D A B C D

(a) 1 4 2 5 (b) 5 2 3 1
(c) 1 3 2 5 (d) 5 4 2 1

524. Two identical synchronous machines A and B, running at the same speed, are linked
through inductors as shown in the given figure :

S S

VA �� VB ��

Machine A will supply active and reactive power to machine B when δ is
(a) positive and VA is less than VB

(b) positive and VA is greater than VB

(c) negative and VA is less than VB

(d) negative and VA is greater than VB.

���������	��
������

The general entry in the bus impedance matrix is given by the expression

Z
V
Iij

i

j I I I I In j

=
= = = = =1 2 3 0 1... , p.u.

We connect a source of unit current between each node and the reference node. To find
out the entries in the row of the corresponding node where the source is connected we obtain
value of voltage of various nodes. Since the current is 1 amp. The voltages give the impedance
entries at various nodes in the row. For example if we connect a current source between node
1 and the reference. The voltage of node is 1 volt and those of nodes 3 and 2 are w.r.t. reference
node, zero volts. Hence entries in the first row are 1 0 0.

Now connect the source between node 2 and reference node. The voltage of node 1 w.r.t.
reference is zero that of node 2 is 5 volts and 3 node it is 2 volt, therefore the entries in the
second row will be 0 5 2

Similarly it can be seen that when we connect a unity current source between node 3
and reference the entires will be 0 2 2

Therefore option (c) is correct.
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1. (b)

2. (b)

3. (c)

4. (a)

5. (a)

6. (a)

7. (d)

8. (a)

9. (a)

10. (a)

11. (b)

12. (b)

13. (d)

14. (b)

15. (a)

16. (a)

17. (d)

18. (b)

19. (d)

20. (a)

21. (b)

22. (c)

23. (a)

24. (a)

25. (d)

26. (a)

27. (c)

28. (c)

29. (c)

30. (c)

31. (d)

32. (a)

33. (c)

34. (a)

35. (d)

36. (d)

37. (b)

38. (b)

39. (b)

���������	�	
������������	��

Question Answer Question Answer Question Answer Question Answer

40. (c)

41. (d)

42. (b)

43. (c)

44. (a)

45. (b)

46. (a)

47. (c)

48. (a)

49. (c)

50. (a)

51. (b)

52. (c)

53. (d)

54. (d)

55. (a)

56. (d)

57. (a)

58. (a)

59. (c)

60. (c)

61. (a)

62. (a)

63. (a)

64. (a)

65. (d)

66. (c)

67. (a)

68. (a)

69. (c)

70. (b)

71. (a)

72. (d)

73. (a)

74. (b)

75. (c)

76. (a)

77. (c)

78. (c)

79. (d)

80. (c)

81. (d)

82. (b)

83. (c)

84. (b)

85. (c)

86. (b)

87. (b)

88. (c)

89. (c)

90. (a)

91. (a)

92. (c)

93. (c)

94. (a)

95. (c)

96. (d)

97. (b)

98. (d)

99. (a)

100. (b)

101. (c)

102. (d)

103. (c)

104. (d)

105. (c)

106. (a)

107. (b)

108. (c)

109. (b)

110. (a)

111. (b)

112. (a)

113. (c)

114. (d)

115. (c)

116. (a)

117. (a)

118. (a)

119. (b)

120. (a)

121. (b)

122. (a)

123. (a)

124. (d)

125. (b)

126. (a)

127. (d)

128. (b)

129. (c)

130. (c)

131. (a)

132. (d)

133. (d)

134. (a)

135. (d)

136. (c)

137. (b)

138. (c)

139. (c)

140. (b)

141. (a)

142. (a)

143. (a)

144. (b)

145. (d)

146. (b)

147. (a)

148. (b)

149. (b)

150. (d)

151. (c)

152. (c)

153. (d)

154. (c)

155. (c)

156. (c)

���
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157. (c)

158. (a)

159. (c)

160. (a)

161. (a)

162. (a)

163. (c)

164. (d)

165. (a)

166. (c)

167. (a)

168. (b)

169. (c)

170. (a)

171. (d)

172. (c)

173. (b)

174. (c)

175. (c)

176. (b)

177. (c)

178. (d)

179. (c)

180. (a)

181. (b)

182. (c)

183. (c)

184. (c)

185. (c)

186. (b)

187. (d)

188. (b)

189. (b)

190. (b)

191. (c)

192. (b)

193. (c)

194. (a)

195. (b)

196. (d)

Question Answer Question Answer Question Answer Question Answer

197. (a)

198. (b)

199. (a)

200. (d)

201. (d)

202. (b)

203. (d)

204. (d)

205. (b)

206. (c)

207. (d)

208. (b)

209. (c)

210. (d)

211. (b)

212. (c)

213. (d)

214. (c)

215. (d)

216. (d)

217. (d)

218. (a)

219. (d)

220. (c)

221. (a)

222. (c)

223. (c)

224. (c)

225. (d)

226. (c)

227. (b)

228. (a)

229. (b)

230. (c)

231. (d)

232. (d)

233. (b)

234. (b)

235. (c)

236. (b)

237. (a)

238. (d)

239. (c)

240. (c)

241. (c)

242. (a)

243. (b)

244. (c)

245. (a)

246. (c)

247. (d)

248. (b)

249. (b)

250. (b)

251. (c)

252. (a)

253. (b)

254. (b)

255. (a)

256. (a)

257. (d)

258. (a)

259. (c)

260. (d)

261. (c)

262. (c)

263. (d)

264. (b)

265. (d)

266. (c)

267. (b)

268. (d)

269. (a)

270. (a)

271. (c)

272. (c)

273. (d)

274. (b)

275. (a)

276. (b)

277. (d)

278. (a)

279. (a)

280. (b)

281. (a)

282. (c)

283. (d)

284. (a)

285. (b)

286. (a)

287. (c)

288. (d)

289. (a)

290. (a)

291. (c)

292. (b)

293. (b)

294. (d)

295. (d)

296. (d)

297. (c)

298. (b)

299. (a)

300. (d)

301. (b)

302. (d)

303. (c)

304. (a)

305. (d)

306. (a)

307. (c)

308. (a)

309. (b)

310. (c)

311. (d)

312. (b)

313. (a)

314. (b)

315. (a)

316. (c)
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317. (d)

318. (d)

319. (c)

320. (a)

321. (c)

322. (a)

323. (d)

324. (d)

325. (d)

326. (a)

327. (b)

328. (b)

329. (c)

330. (d)

331. (c)

332. (c)

333. (c)

334. (c)

335. (a)

336. (b)

337. (b)

338. (a)

339. (a)

340. (d)

341. (c)

342. (c)

343. (c)

344. (b)

345. (b)

346. (b)

347. (c)

348. (b)

349. (b)

350. (d)

351. (d)

352. (a)

353. (c)

354. (b)

355. (b)

356. (c)

Question Answer Question Answer Question Answer Question Answer

357. (a)

358. (c)

359. (b)

360. (d)

361. (b)

362. (c)

363. (b)

364. (b)

365. (b)

366. (a)

367. (c)

368. (b)

369. (b)

370. (b)

371. (b)

372. (b)

373. (c)

374. (c)

375. (b)

376. (d)

377. (c)

378. (c)

379. (a)

380. (a)

381. (c)

382. (b)

383. (c)

384. (a)

385. (d)

386. (d)

387. (d)

388. (b)

389. (a)

390. (c)

391. (a)

392. (b)

393. (d)

394. (a)

395. (b)

396. (a)

397. (a)

398. (d)

399. (c)

400. (a)

401. (c)

402. (d)

403. (c)

404. (b)

405. (a)

406. (b)

407. (a)

408. (b)

409. (a)

410. (c)

411. (c)

412. (a)

413. (b)

414. (c)

415. (a)

416. (d)

417. (b)

418. (d)

419. (b)

420. (a)

421. (a)

422. (c)

423. (c)

424. (b)

425. (d)

426. (b)

427. (a)

428. (c)

429. (a)

430. (a)

431. (b)

432. (a)

433. (c)

434. (b)

435. (a)

436. (a)

437. (b)

438. (b)

439. (a)

440. (c)

441. (a)

442. (c)

443. (c)

444. (d)

445. (c)

446. (b)

447. (b)

448. (d)

449. (c)

450. (d)

451. (b)

452. (c)

453. (c)

454. (a)

455. (d)

456. (a)

457. (d)

458. (c)

459. (a)

460. (b)

461. (d)

462. (a)

463. (c)

464. (b)

465. (c)

466. (a)

467. (a)

468. (d)

469. (c)

470. (c)

471. (b)

472. (c)

473. (a)

474. (c)

475. (b)

476. (c)
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477. (b)

478. (a)

479. (a)

480. (b)

481. (a)

482. (a)

483. (d)

484. (d)

485. (d)

486. (d)

487. (b)

488. (a)

489. (c)

490. (a)

491. (c)

492. (a)

493. (a)

494. (b)

495. (c)

496. (b)

497. (c)

498. (c)

499. (a)

500. (d)

501. (c)

502. (c)

503. (d)

504. (a)

505. (d)

506. (c)

507. (a)

508. (c)

509. (c)

510. (b)

511. (d)

512. (c)

513. (d)

514. (c)

515. (d)

516. (c)

517. (b)

518. (c)

519. (b)

520. (b)

521. (b)

522. (a)

523. (c)

524. (b)

Question Answer Question Answer Question Answer Question Answer
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1.1. Xg1
 = 0.68, X g2

 = 0.4574, Xm1
 = 1.0255, Xm2

 = 0.6837

1.2. Xg1
= 0.1777, X g2

 = 0.08916, Xg3
 = 0.1603

1.3. Xg1
 = 0.15, X g2

 = 0.1936, Xg3
 = 0.224, Xt1

 = 0.0706, Xt2
 = 0.208, Xt3

 = 0.0868, Xl = 0.1312.

���������

2.2. (a) 1.7228r; (b) 1.703r

2.3. 1.339 mH/km, 0.42044 Ω/km

2.6. LA = 0.6915 mH/km, LB = 0.9147 mH/km, Total 1.6061 mH/km

2.7. 1.098 mH/km/phase

2.8. 0.631 mH/km/phase

2.9. 0.51027 mH/km

���������

3.4. 9.3609 × 10–9 F/km, 0.224 amp/km

3.5. 0.0117079 µF/km, 0.4669 amp/km

3.6. 0.020168 µF/km, 0.8043 amp/km

3.7. 0.0192447 µF/km, 0.7675 amp/km

���������

4.1. 86.01 kV, 163.82 A, 0.909 p.f., 15.72%, 93.65%

4.2. 58.04 A, 69.4 A, 61.08 A, 35.8 A, 300 µF, 28.46 µF, 505 µF

4.3. 226.18 volts, 210.24 V, 242.32 V

4.4. 24.198 A, 221.86 V, 221.79 V, 234.86 V

4.5. 11 kV, 57.16 kV, 57.16 kV, 16.5 kV, 1815 A, 349.28 A, 1210 A

4.6. (i) 93.76%, 11%. (ii) 93.79%, 11.14%. (iii) 93.96%, 10.98%

4.7. (i) 97.15%, 6.83%. (ii) 97.148%, 6.874%. (iii) 97.19%, 6.85%

4.8. (i) 7.35%. 1.0,5385 ∠68.19, 00, 1.0, – 2.93%

4.9. 0.98745 ∠0.138°, 63.138 ∠79.15°, 3.98 × 10–4 ∠90, 0.98745 ∠0.138

4.10. (i) 32.09 ∠79.2°, j3.94 × 10–4 ; (ii) 63.23 ∠79.2°, j2.02 × 10–4 , (1.8925 + j19.825) × 10–4,
394.6 Ω

4.11. (i) 0.6906 ∠4.98°, 268.29 ∠81.15, j 20.00 × 10–4 , 0.6906 ∠4.98°;

(ii) 0.6906 ∠ 4.98°, 317.7 ∠ 79.11°, j16.88 × 10–4 , 0.6906 ∠4.98°

(iii) 0.7057 ∠ 4.38°, 285.14 ∠80.3°, j1.8 × 10–3 , 0.7057 ∠4.38°;

4.12. 285.58 ∠80.3°, j10.55 × 10–4, 167.59 ∠78.6°, j1.7978 × 10–3 

4.13. 88.52%, 32.96%

���������

5.1. 144.12 kV, 112.1 kV, 50.05 kV

5.2. 94.11 kV, 0.627

5.4. 21.156 Ω
5.5. 367.42 A
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6.1. 139.439 kV, 157.34 kV

6.2. 0.2055 kW/km/phase, 3.064 kW/km/phase

6.3. 4.362 kW/km/phase, 118.28 kV

6.4. 158.02 kV

�������� 

7.8. (i) 2.02 m, (ii) 3.897 m, 3.48 m

7.9. 23.63 m

7.10. 2.4 m

7.11. 55.33 m

7.12. 46°C

��������!

8.1. 5.51 kV, 6.13 kV, 7.41 kV, 85.70%

8.2. 11C, 13C, 16C, 20C, 25C, 31C, 38C

8.3. 0.099, 0.109, 0.13, 0.164, 0.213, 0.286, 58.4%

��������"

9.1. 50.36, 36.6 kV, 1.374

9.2. 93.84 kV

9.5. 3.90 cm, 92 kV/cm, 20.72 A

9.7. 6.17 µF, 234.42 kVA

9.8. 71.78 A

9.9. 0.2915 µF/km, 0.388 µF/km, 0.773 A/km

9.10. 0.0155, 30.88 V

9.11. (a) 2.64 cm, 41.71 kV, (b) 0.9715 cm, 2.64 cm, 4.96 cm, 7.17 cm

9.12. 65 kV

9.13. 1.89 cm, 0.86 cm, 67.93 kV

���������#

10.1. 328.92 kVA, 0.3648 lead

10.2. 42.78 MVA

10.3. 0.965

10.4. 1.14

10.5. 1.58

10.6. 23.94 MVA, 0.912

10.7. 130.909 kV, 23.96%, 2.25 MVA, 39.75 MVAr, 0.99 leading Pmax = 111.75 MW, 37.5 MW, 0.968
lead

����������

11.4. 33.80 H, 34.84 H, 37.55 H

11.5. 884.64 Ω, 6.565 MVA

11.6. 3.38 H, 5.472 MVA

�������	
�	�������� ���
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12.1. 54.23 Volts negative rising, 5.42 A, 306.3 volt, 79.96°

12.2. 38.79 kV

12.9. 79.38 A

12.10. 41.3 watt sec

12.11. 38.684 kV, – 71.316 kV, 181.31 kV, 71.316 kV

12.12. 3.33 kV, 8.33 A, 83.33 A

12.13. 219.52 kV, 223.62 MW, 62.116 kJ or 14.8 kcal

12.14. 98.16 kV

12.15. 306 kV

����������

13.1. 3.2766 + j13.4967, 0.39 + j4.8367, 6.333 + j1.667

13.2. 431.8856 + j154.623, – 18.638 – j214.735, – 113.249 + j60.112

13.3. 29.99 kA, 23.326 kA, 5.744 kA

13.4. (a) Ifl =  – j 3.03 p.u., Ifr = 0.606 p.u.,0.0 volt, – 0.4091 – j0.8659, – 0.4091 + j0.8659; (b) – j2.856,
0.0 volt, – 0.6428 – j0.8659, – 0.6428 + j0.8659

13.5. 21.87 kA, 26.244 kA, 18.94 kA, 32.805 kA

13.6. 1202.75 A, 1443.3 A, 1041.58 A, 1804 A

13.7. 1045.67 A, 1110 A, 905 A, 1182.3 A

13.8. 21.87, 21.34 kA, 18.94 kA, 20.84 kA

13.9. 2909 A, 2959 A

13.10. 37.328 kA, 33.477 kA, 3.951 kA

13.11. 9183.32 A, 1530.55 A, 12985 A in the generator circuit

13.12. 256.97 A, 1541.85 A

13.13. 541.3 MVA

13.14. 4860 A

13.15. 1667.9 MVA, 1177.8 MVA

13.16. 446.47 A, 2232.35 A, 2232.35 A

13.17. 685.7 MVA, 900 MVA

13.18. 28.578 kA, 23.911 kA, 38.25 kA, 20.175 kA

13.19. 233.4 MVA, 59.57 MVA

13.20. 1686.64 A

13.21. Ia = 0.0, Ib = – j6858 A, Ic = j6858 A, Ifp = – j2765.6 A

13.22. 29.25 kA

13.23. 1.148 Ω

����������

14.32. 52.48 : 5, 1443 : 
5

3
14.34. 2.56 sec

14.35. 86.9%

14.37. 95.26 Ω, 98.5%

14.41. Tr1
 = 2 sec, Tr2

 = 2.5 sec, TMS2 = 0.167, 5A setting
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15.6. 2.5 kV/µ sec, 12.5 kHz

15.7. 17.959 kV, 15.92 kHz, 571.8 V/µ sec., 897.7 V/µ sec

15.8. 5.34 kV/µ sec

15.9. 26.24 kA, 66.92 kA, 26.24 kA, 33 kV

��������� 

17.1. 170 MW

17.2. 40 MJ/MVA

17.3. 0.01095 MJ sec/elect degree, 0.9859 MJ/MVA

17.4. 9.853 MJ/MVA

17.5. 36.6 MW

17.6. 250 MJ, 280.318 elect degree/sec2, 5.606 deg., 3009.34 rpm

17.7. 51.6°, 0.111 sec, sustained fault

δ1 = 37.02, δ2 = 43.46, 53.98, 68.31, 86.18, 107.43

Fault cleared δ3 = 52.34, 61.279, 69.676, 77.104, 83.30, 88.137, 91.57, 93.6, 94.23, 93.47

17.8. δc = 48.9, 0.111 sec, sustained fault.

δ1 = 38.56, δ2 = 46.15, δ3 = 58.53, 75.37, 96.37, 121.48.

Fault cleared δ2 = 46.15, δ3 = 56.58, 67, 76.73, 85.35, 92.67, 98.67, 103.44, 107.11, 109.81, 111.66,
112.70, 113.04, 112.68

17.17. (0, 1.996), 2.6 p.u., – 0.6143 p.u.

���������!

18.8. Y11 – 6.6667 – j19.95, Y12 = – 1.6667 + j5.0, Y13 = – 5 + j15, Y22 = 4.1667 – j12.44, Y23 = – 2.5 + 7.5,
Y33 = 7.5 – j22.45

Q2 = 0.143104, 1.0399606 + j0.0090506, 1.0627124 – j0.0303737

0 3
0 3
0 36
0 7

4 0667 2 5 12 8 7 5
2 5 7 2 7 5 23 4

12 08 7 5 4 2667 2 5
7 5 215 2 5 7 8
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   Q2 = – 0.36

18.9. 1.0763625 + j0.0129963, 1.0792612 – j0.0273225

18.10. Y11 = 3.92 – j15.61, Y12 = – 2.94 + j11.76, Y13  = – 0.980 + j3.92, Y14 = 0.0,

Y22 = 5.88 – j23.43, Y23 = – 1.47 + j5.88, Y24 = – 1.47 + j5.88, Y33 = 8.33 – j33.26, Y34 = – 5.88 +
j23.53, Y44 = 7.35 – j29.37.

1.0276904 – j0.0079658, 1.0075717 – j0.0153434, 1.0080743 – j0.0266215

−
−
−

−

�

�

�
�
�
�
�
�
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�

�
�
�
�
�
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0 0236
0 4412
0 4
0 6956
0 1052
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 = 

5 7036 147 1 47 24 2256 5 88 5 88
1 47 8 2712 5 88 5 88 33 56 23 53
1 47 5 88 7 35 5 88 23 53 29 41

22 63 5 88 5 88 6 056 1 47 147
5 88 32 95 23 53 147 8 4 5 88
5 88 23 53 29 33 147 5 88 7 35
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18.11. (i) V2
1 = 1.0276904 – j0.0079558, Q3 = 0.8847129,

V3
1 = 1.0231391 – j 0.0012026

V4
1 = 1.020549 – j0.0152977

�������	
�	�������� ���
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(ii) Q3 = – 0.3052, Generator bus as load bus, Q3 = 0.0, ∆P3 = 0.1588, ∆Q3 = 0.3052

All other elements of residual column matrix and Jacobian matrix remain same as in question
18.10.

18.12. (i) Q3 = 0.8847129, V2
1 = 1.0276904 – j0.0079558, V3

1 = 1.0399868 – j0.0052197,

V4
1 = 1.0344194 – j0.0170214

���������"

19.1. 36.37 MW, 63.63 MW, Rs. 23.637/MWhr, 63.64 MW, 86.36 MW, Rs.26.36/MWhr

19.2. Rs. 9.1/hr

19.3. P1 = P2 = 100 MW, PD = 190 MW, PL = 10 MW

19.4. Rs. 289.26/hr

19.5. (i) 20, 20; (ii) 20, 40; (iii) 20, 60; (iv) 38.18, 81.82; (v) 60, 100; (vi) 80, 100 MW

19.6. (i) 91.97 MW, 170.9 MW, Rs. 4459.36/hr;

(ii) 124.39 MW, 154.63 MW Rs. 4755.6/hr

���������#

20.1. 52.94 MW, 147.06 MW, 2.133% increase in no load speed of 120 MW Unit

20.2. δ = 8.7147°, 3.6 MVAr, 0.857

20.3. 7.53 MW from B to A

20.4. 48.18 Hz

20.5. 1.38 MW from A to B.
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ABCD constants, 86

measurements of , 90

networks in parallel, 89

networks in tandem, 88

Acceleration factor, 604

Accelerating power, 538

ACSR conductors, 26

voltage gradient, 140

Air blast circuit breaker, 494

axial blast, 494

cross blast, 496

Air density correction factor, 140

Algorithm for Zbus matrix, 833

Ampere's law, 17

Amplitude comparator, 418

instantaneous, 420

integrating, 420

sampling, 422

Angular momentum, 539, 540

Arc control pots, 490

axial blast, 490

cross blast, 490

Arc in oil, 479

in air, 480

initiation of, 480

splitting, 481

Arc interruption, 481

Arc resistance, 375, 388, 391, 398, 402

Arcing grounds, 248, 286

Arcing horn, 183

Arcing time, 462

Automatic load dispatching, 654

D-8\N-CONT\INDEX

���

Autoreclosing, 510

Attenuation constant, 285

Attenuation of travelling waves, 284

Back up relaying, 359

Basic impulse insulation levels (BIL), 515

Booster transformers, 234

Bridge rectifier, 105

current relation, 108

equivalent circuit, 109

advantages of, 109

Buchholz relay, 358, 408

Bundled conductors, 35

Bus classification, 593

generator bus, 594

load bus, 594

slack bus, 594

voltage controlled bus (PV), 594

Bus impedance matrix, 651, 764

Butyl rubber, 190

Cables

allowable temp. in, 215

belted type, 218

bonding of, 210

capacitance of single core, 204

capacitance of 3 core, 205

current rating of, 214, 217

dielectric loss in, 208

electric stress in single core, 194

gas filled , 221

grading of, 196

����	
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heating of, 207

insulation resistance, 203

impregnated pressure, 221

oil filled, 220

sheath circuit currents in, 211

sheath loss in, 210

shielded type, 219

thermal resistance of, 215

types of, 218

voids in, 210

Capacitance Calculation

double circuit line, 49

effect of earth on, 53

3-phase unsymmetrically spaced line, 47

Capacitance switching, 286

Carrier protection, 410

phase comparison, 412

Catenary curve, 154

Chi-squared distribution, 787

Circuit breakers, 477

air blast, 494

air break, 492

arc chute air, 493

bulk oil, 490

controlled break oil, 490

dead tank, 489

d.c. breakers, 130

live tank, 491

minimum oil, 491

plain break oil, 488

rating of, 502

SF6, 500

testing of, 505

vacuum, 498

Coefficient of

reflection, 276

refraction, 276

Cold lightning, 292

Comparators, 413

analysis for amplitude, 414

analysis for phase, 415

duality, 416

Compensation

active shunt, 702

lines, 694

load, 680, 738

saturated reactor, 7, 12

series, 696

shunt, 695

static, 705

Complex power, 7

Composite conductors, 26

Composite load, 7

Conic characteristics, 451

composite impedance, 452

elliptic, 451

quadrilateral, 452

Console, 655

Constant current control, 119

Constant extinction angle control, 118

Constant ignition angle control, 117

Constant product characteristic, 368

Contacts

arcing, 492

main, 492

material, 492, 498

Convergence criterion, 622

Coordination Equations, 635

physical interpretation, 646

Corona, 137

advantage of, 149

decided, 141

defintion, 137

disadvantages of, 148

factors affecting loss, 144

line design based on, 147

local, 141

loss, 143

methods of reducing loss, 146

Counterpoise, 529

Critical clearing angle, 550

time, 557

Critcal disruptive voltage, 139

Cross linked polythene, 192
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Current balance relay, 378

Current cancellation method, 267

Current chopping, 485, 498

Current graded system, 383

Current transformer, 465

Cut-off current, 461

Damper winding, 265

Dart leader, 291

D.C. links, 113

bipolar, 113

homopolar, 114

monopolar, 113

D.C. transmission

advantages and disadvantages, 131

economic distance, 134

Definite time relay, 364

Defferential relay, 377

Digital protection, 453

generator, 456

transformer, 458

transmission lines, 454

Directional overcurrent relay, 366

dead zone of, 368

polar characteristic of, 368

Distance relays, 387

Distance relay characteristic

admittance relay, 450

impedance relay, 448

mho, 450

reactance, 449

Distance relay protection schemes, 387

application, 391

impedance relay, 388

mho relay, 389

offset mho, 395

reactance relay, 388

3-zone scheme, 387

Dopazo J.F., 765

Dynamic programming, 805

Economic load dispatch, 628

Economic scheduling

hydrothermal plants, 813

thermal plants, 632, 635

Electric field energy, 1, 4

Electric field intensity, 139

Electronegative gases, 478, 500

Elliptic characteristic, 451

Energy distance, 141

Equal area criterion, 546, 548

application of, 548

Equivalent span, 167

Equilibrium point, 741

Euler’s method, 580

Exact transmission loss formula, 649

Excitation system, 566

brushless, 567

high frequency, 567

Extremely inverse relay, 365

FACTS, 713

Fast-decoupled load flow, 620

Faults on power systems, 332

Feeder protection, 381

Ferranti effect, 94

Flash over voltage, 173

Flat frequency regulation, 665

Flat tie-line loading, 665

Flexible polyhedran, 826

Flow charts

ELD neglecting loss, 633

ELD with loss, 637

Gauss method, 600

Gauss-Seilded, 603

modified coordination equation, 653

Newton-Raphson, 613

solution of coordination equations, 637

Frequency control HVDC, 124

Fuse, 461

element, 462

prospective current of, 461

rating, 461

Fusing factor, 461
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Gauss's method, 600

Gauss-Seidel method, 601

Generation Characteristics, 743

cability curves, 743

operating practices, 746

Generator faults, 392

abnormal condition, 392

rotor, 393

stator, 396
Generator load model, 670
Generator protection, 392

differential, 396
loss of excitation, 395
overload, 394
overspeed, 394
prime mover, 395

Geometric mean distance, 34
Governor characteristic, 664
Grading of cables, 196
Grading of units, 181
Grading ring, 177, 182, 183
Ground fault neutralizer, 248
Ground return, 129

advantages and disadvantages, 129
Ground rods, 529
Ground wire, 526

protective angle, 526
protective zone, 526

Heat rate curve, 631

Hessian matrix, 778
High rupturing capacity fuse, 461

construction, 461
operation, 461
properties of, 462

Horn gap, 519
Hot lighting, 292
Hunting of rotor, 307

Impedances
characteristic, 76
natural, 228, 270
negative sequence, 305, 307

positive sequence, 305
sub-transient, 266
surge, 77, 223, 228, 270
synchronous, 266
transient, 266
zero sequence, 305, 307

Impedance relay, 371
Impregnated paper, 193
Impulse ratio, 519

sphere gap, 519

needle gap, 519

Incident waves, 272

Incremental efficiency, 631

Incremental fuel cost, 631

Incremental fuel rate, 631

Incremental production cost, 632

Inductance calculation, 19

composite conductors, 26

3-phase asymmetrical spacing, 24

Induction relays, 361

cup type, 364

shaded pole, 361

torque in an, 362

watt hour meter structure, 363

Inductive interference, 148

Inertia constant, 540

Infinite bus, 340, 543, 852

Infinite lines, 77, 277

Instantaneous overcurrent relay, 364

Insulation coordination, 514

Insulators

pin type, 173

shackle type, 175

strain type, 175

suspension type, 174

IDMT relay, 365

Inverse time current relay, 364

Inverter, 109

bridge connection, 109

equivalent circuit, 111

Iterative methods, 599

comparison of methods, 618
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Jacobian matrix, 610

Kuhn Tucker conditions, 820

Lagrangian multiplier, 632, 635

Lagrangian relaxation method, 806

Lightning arrester, 520

distribution and line type, 525

expulsion type, 521

location of, 524

rating of, 525

station type, 525

valve type, 522

Lightning flash, 291

Lightning phenomenon, 289

Line drop compensation, 741

Line flow equations, 620

Linear couplers, 465

Loadability of lines, 685

Load dynamics, 741

Load flows, 592

equations, 598

iterative methods, 599

Load flow equations

polar coordinates, 620

rectangular coordinates, 608

Loading factor, 158

Load frequency control, 664

Load frequency controller, 668

Load shedding, 8, 760

Loss coefficients, 647, 649

Machine controllers, 655

Magnetic field energy, 1

Matched lines, 277

Matrices

nodal admittance, 594

non-singular, 597

symmetric, 596

Measurement of

negative sequence impedance, 306

subtransient reactance, 306

synchronous impedance, 306

zero sequence impedance, 307

Mechanism of lightning, 291

Merit order scheduling, 631

Merz price protection, 378

Method of images, 53

Methods of improving

steady state limit, 538

transient state limit, 562

Mho relay, 373

effect of arc resistance, 374

Minimum distance method, 828, 829

Minimum fusing current, 461

Modified coordination equations, 651

flow chart, 653

Modified Euler's method, 580

Multimachine stability, 573

Multiple stroke, 292

Natural impedance loading, 228

Nelder and Mead, 826

Neoprene, 191

Neutral grounding, 248

effective, 248, 252

reactance, 254

resistance, 253

resonant, 249

solid, 248, 252

transformer, 254

Newton-Raphson method, 608

flow chart, 613

approximation to, 358

Nodal admittance matrix, 594

Non-inferior set estimation method, 828

Non-unit system of protection, 361

Optimal power flows, 820

multi-objective, 826

Overcurrent relays, 364

Overhead lines vs. underground cables, 218

Over-voltage protection, 518

non-shielding method, 519
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of rotating machine, 531

shielding methods, 526

Parallel frequency regulation, 665

Parallel operation of 3-phase transformers, 848

Parallel operation of d.c. link, 128

Penalty factor method, 642

Per unit system, 9

Percentage differential protection, 377

Peterson coil, 248

Phase comparator, 423

block spike, 424

coincidence, 423

hall effect, 426

integrating, 425

magneto resistivity, 427

phase splitting, 425

Phase shift in transformers, 333

Pilot streamer, 291

Plug setting multiplier, 366

Point-by-point method, 556

Potential transformer capacitance, 472

Polythene, 192

cross-linked, 192

Polyvinyl chloride (PVC), 191

Power angle curve, 537

Power circle diagram, 237

receiving end, 237

sending end, 243

Power flow, 536

Power flow in HVDC link, 114

Power line carrier communication, 656

Power return stroke, 291

Power swings, 387, 390

Power system loads, 734

Power transformer, 845

Pre-arcing time, 462

Primary relaying, 358

Priority goal programming, 828

Priority list method, 803

Probability estimation, 774

Propagation constant, 76

velocity of, 271

Protection of parallel feeders, 385

Protection of ring mains, 386

Protective covering, 183

Protective relay

functional characteristics, 360

operating principles, 361

Proximity effect, 36

Radio interference, 148

Rating of circuit breaker, 502

breaking capacity, 503

making capacity, 503

short time rating, 503

Ratio error, 467

Reach of a relay, 359

overreach, 359

underreach, 359

Reactance

subtransient, 266

synchronous, 266

transient, 266

Reactance relay, 372

Reactive power, 4

cable, 229

sources and sinks, 228

synchronous machine, 229

transformer, 229

transmission line, 228

Reactive AVR requirements HVDC, 125

Reactive power flow, 720

difficulties, 724

Reactive power margin, 755

Reactors, 338

bus bar, 339

feeder, 339

generator, 338

ring, 339

shunt, 231

tie-bar, 339
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Recovery voltage, 484

Rectifier bridge phase comparactor, 442

Rectification, 101

commutation, 103

grid control, 104

Reflected waves, 272

Refracted waves, 272

Region of attration, 741

Relay, 358

auxiliary, 358

operating time, 359

pick up, 359

primary, 359

reset, 359

reset time, 359

secondary, 359

Remote terminal units, 765, 795

Replica impedance, 443

Resistance switching, 486

Restriking voltage, 267, 484, 486

Rubber,

butyl, 191

silicone, 191

styrene, 191

vulcanized, 191

Runga Kutta method, 602

Sag template, 166

Sag tension calculation, 156

effect of wind and ice loading, 158

supports at different level, 163

supports at same level, 158

Selective frequency control, 685

Sequence impedances, 305

measurement of, 306

negative, 305

positive, 305

zero, 306

Sequence networks, 329

negative, 329

positive, 329

zero, 329

Sequence network equations, 310

Sequential goal programming method, 828, 830

Series capacitors, 231

Series fault, 308

Short circuit capacity of a bus, 340, 727

Short circuit test plant, 521

Shunt capacitors, 230

Shunt faults, 308

L-G fault, 312

L-L fault, 316

L-L-G fault, 319

Silicone rubber, 191

Simpson’s theory, 291

Skin effect, 36

Sparse matrix, 596

Speed governing system, 667

linkage mechanisms, 668

model of, 668

speed governor, 667

Speeder motor, 660

Spinning reserve, 800

Stability, 534

dynamic state, 535

steady state, 535

transient state, 535

Standard deviation, 773

Standard normal curve, 774

STATCON, 714

State estimation, 764

bad data identification, 786

for line power flow, 765

linear model, 789

maximum likelihood criterion, 776

role in power system, 794

Starting relay, 372

Static relay, 428

components, 430

differential relay, 443

directional relay, 442

distance relay, 446

overcurrent relays, 439

Static shielding, 182

Stepped leader, 291
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String of insulators, 173

efficiency, 177

methods of equalising potential of, 181

voltage distribution, 177

Stringing chart, 166

Stringing of conductors, 168

Styrene rubber, 191

Sub-synchronous resonance (SSR), 700

Subtransient reactance, 266, 306

Summation transformer, 410

Surface irregularity factor, 141

Surge absorber, 531

Surge diverter, 520

expulsion gap, 521

rod gap, 521

valve type, 522

Surge impedance loading, 77, 228

Surrogate worth trade-off technique, 828

Swing equation, 538

Swing impedance loci, 388

Switching surges, 530

Symmetrical components, 297

average power in, 303

negative sequence, 299

positive sequence, 299

significance of, 299

zero sequence, 299

Synchronous impedance, 305

Synchronous machine, 850

alternator, 850

motor, 859

Synchoronous phase modifier (3), 230, 232

capacity determination, 237

graphical method, 238

System constraints, 629

equality, 629

generator, 629

inequality, 629

network security, 630

running spare capacity, 630

transformer tap setting, 630

transmission line, 630

voltage, 629

Tap changing transformer, 232, 596
Taylor's series, 609
Tertiary winding, 846, 847
Testing of circuit breakers, 505

dielectric test, 505
mechanical test, 507
short circuit test, 507
thermal test, 506

Thevenin’s theorem, 332
Thermal ohm, 215
Thermal unit constraints, 801
Three-phase short circuit of an alternator, 265
Thunder cloud, 289
Thury system, 101
Thyristors, 114
Thyristorised switched

capacitor, 711
Tie-line load-bias control, 685
Time current characteristic, 365
Time current graded system, 383

selection of current setting, 383
selection of time setting, 383

Time graded system, 382
Time multiplier setting, 365
Tower footing resistance, 294

methods to improve, 544
Transformer protection, 401

differential, 401
magnetising in rush, 405

Transients, 258
double energy, 268
single energy, 259, 268

Translay relay, 408
Transmission lines

compensation, 227
efficiency, 60
infinite, 77
long lines, 75
medium lines, 68
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regulation, 60
short lines, 62

Transposition of power lines, 25
Transmission lines

compensated, 694
radial, 692
symmetrical, 690
uncompensated, 687

Travelling waves, 269
Turbine model, 669
Two finite machines, 554

Un-grounded system, 249
Unit commitment, 798, 802

solution methods, 802
Unit system of protection, 360

Visual critical voltage, 142
Very inverse relay, 365
Vibration of conductors, 168

aeoline, 169
dancing, 170

Voltage balance relay, 378
Voltage control, 226

Volt-time curve, 514
Vulcanised rubber, 191
Voltage collapse, 749
Voltage instability, 731
Voltage reduction, 735, 759
Voltage stability, 720

Analysis, 750
Concept, 729
definition, 729
hvdc operation, 747
Longer term, 731
method of improving, 756
network voltage control, 746
P-V curves, 750
relation rotor angle stability, 732
V-Q curves-755

Weighting method, 828

Wilson theory, 290

Zbus matrix, 834
Zero sequence networks, 329

loads, 329
transformers, 330
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